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Preface 





This course is designed as a textbook for engineering students. 
It embraces the topics in mathematical analysis usually included 
into curricula of technical colleges. The course also contains some 
optional material which may be omitted in a first reading of the 
book; the corresponding items are marked with the asterisk. 

There are a number of courses dealing with special divisions 
of mathematical analysis, such as equations of mathematical 
physics, functions of a complex argument and the like, and the- 
tefore, although these divisions are important for mathematical 
education of an engineer, they are not treated in this book. We 
also draw attention to the fact that only a few questions related 
to approximate calculations and programming (e.g. the applica- 
tion of the differential to approximate calculations, methods of 
approximate solution of equations, numerical integration and 
solution of differential equations, etc.) are discussed inthis course. For 
a thorough study of this subject some other textbooks should be used. 

In this course many examples are given which demonstrate the 
application of mathematical analysis to various divisions ol 
mechanics and physics. The study of these examples is very impar- 
tant since the main interest of an engineer lies in solving concrete 
applied problems. At the end of each chapter we give a number 
of questions aimed at checking the understanding of the theore- 
tical material. In the presentation of the material the main 
emphasis has been laid upon practical aspects, and some purely 
mathematical facts are given without proof. On the other hand, 
in some cases detailed proofs of theorems are given, especially 
when this elucidates the meaning of the theorem and shows in 
which way if can be applied. Besides, the study of the praofs 
helps the student to acquire practice in logical argument and 
provides prerequisites for further mathematical self-education. 


CO Ptehnce 


The orlginnl variant of this course was Inaugurated by the 
Inte professor A.}. Bermant, a talented selentist and teachor 
(died In 1959). Since then all the additions and Improvements 
have been Introduced Into the course by me. 

Iam prateful to L. Ya, Tslaf for hls constructive criticism 
and {to professor L.A. Tumarkin for many helpful comments, 
Thelr valuable advice has been followed in the preparation of the 


present edition of the book. 
1,G, Aramanovich 
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Introduction 





1. The Subject of Mathematical Analysis. Mathematical analy- 
Sis is an important division of higher mathematics. It should be 
Stressed at the very beginning that the classification of mathe- 
matics into “elementary” and “higher” is rather conventional and 
has no exact criteria. 

The divisions of mathematics which are traditionally included 
into elementary mathematics appeared very long ago. For instance, 
the discovery of the basic facts studied at schools in the elementary 
course of geometry is connected with the names of the Greek 
scientists Pythagoras (5th century B.C.) and Euclid (3rd century 
B.C.). Algebra as an independent science appeared in the 8th 
century A.D.; its foundations were presented by the Uzbek sci- 
entist Mohammed Al-Khorezmi in his famous treatise. Of course, 
the basic rules of arithmetical and algebraic operations had been 
known much earlier. As to trigonometry whose development was 
closely connected with astronomy, its fundamentals were known 
in antiquity. But since then algebra and trigonometry underwent 
significant changes and assumed their modern form comparatively 
not long ago. For instance, the systematic usage oj algebraic 
notation and symbols is due to the book of the French mathe- 
matician F. Vieta published in 1591. 

The fundamentals of those divisions of mathematics which are 
attributed to higher mathematics were created in the 17th and 
18th centuries in connection with the general progress of natural 
science and industry. The needs of science and industry in a deeper 
understanding and exploration of phenomena of nature led to the 
investigation of processes and motions in the real world. This 
development was first of all connected with studying physical 
phenomena since their quantitative investigation required mathe- 
matical methods capable of describing interrelations between the 
variations of the quantities involved. 

Mathematical analysis is one of the most important divisions 
of higher mathematics; its main object is studying variables and 
their relationships. It is closely related to and based on the con- 
nection between algebraic and geometrical methods which for the 


16 Introduction 


first time appeared in analytic geometry created by the French 
mathematician and philosopher R. Descartes (1596-1650). The 
founders of the differential and integral calculus forming the foun- 
dation of mathematical analysis were J. Newton (1642-1727), the 
preat English scientist, and G. Leibniz (1646-1717), the great 
German philosopher and mathematician. 

2. Variables and Functions. The fundamental idea of the appli. 
cation of mathematical methods to natural sciences and engineer. 
ing is connected with the basic concept of a magnitude. We regard 
as a scalar magnitude everything that can be measured and expressed 
by a number. 

In concrete problems of natural and technical sciences we encoun- 
ter magnitudes of various types. Examples of scalar magnitudes 
are length, area, volume, mass, temperature, etc. Besides scalar 
magnitudes we also deal with vector quantities such as force, velo- 
city, acceleration and the like. Mathematical analysis begins with 
studying operations on scalar magnitudes which are simpler than 
vectors. 

When stating mathematical propositions and laws we usually 
abstract from the concrete physical nature of the magnitudes invol- 
ved and take into account only their numerical values. Accordingly, 
mathematics deals with a general notion of a magnitude without 
considering its physical meaning. This fundamental feature of 
mathematics, its abstractness, is extremely important since it 
makes it possible to apply mathematical methods to various kinds 
of activity and phenomena and provides its generality and uni- 
versality. The abstractness of mathematics is a powerful tool in 
Ee work and has nothing in common with the indifference 
to reality. 

Usually, in a group of magnitudes involved in a problem there 
are some which change while others remain invariable. Variation 
is one of the most important features characterizing what we call 
a motion or a process. A natural phenomenon or an industrial 
process is usually observed as a variation of some magnitudes 
involved which is  eagaes by the change of the others. For instance, 
if the volume of a mass of gas kept at a constant temperature 
varies, its pressure also undergoes a variation. Similarly, in a free 
fall of a body (in vacuum) under the action of gravity we observe 
the variation of the velocity of motion as the distance between 
the body and its initial position changes and also the variation 
of this distance and of the velocity of motion in time. At the 
same time, the acceleration of gravity remains constant at any 
time moment along the whole path. 

Therefore, to apply mathematics to studying natural phenomena 
and other kinds of processes it is necessary to introduce the notion 
of a variable, 
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If a magnitude assumes different numerical values we call it a 
variable. If a magnitude rciains one and tie same value we call 
it a constant. 

As has been mentioned, from the quantitative point of view, 
every process is characterized by a mutual variation of a number 
of magnitudes. This leads to the most important mathematical 
concept of a functional relationship, i.e. to the idea of an inter- 
connection between variables. 

The main purpose of a natural or technica! science is to estab- 
lish the relationships between the variables involved in the process 
under consideration and to describe it mathematically. The law 
of a process is nothing but a functional relationship observed in this 
process and characterizing it. For instance, the functional relati- 
onship between the pressure (p) and the volume (v) of a mass of 
gas having a constant temperature is described by the equality 


p=— where & is a constant and expresses the general law which 


the gases obey in the corresponding circumstances. its verbal 
formulation saying that the gas pressure at a constant temperature 
is inversely proportional to the volume is an ordinary statement 
of that law. Similarly, the functional relationship belween the 
path length (s) covered by a freely falling body in vacuum and 


the time taken (¢) is describec by the formula s=-—> gt* where 


g is jai acceleration of gravity and expresses the general /aw of 
free fall. 

The basic and the most important aim of mathematica! analysis 
is to provide a thorough investigation of functional relationships. 

3. The Role of Mathematics and Mathematical Analysis in Natural 
Sciences and Engineering. In mathematics and, in particular, in 
mathematical analysis practica) worl and observation of nature 
are, as in other sciences, the main source oi scientific discoveries. 
In their turn, mathematical methods play a very importani role 
in natural sciences and engineering. Mathematical methods lie in 
the foundation of physics, mechanics, engineering and other natural 
sciences. For all of them mathematics is a powertul theoretical 
and practical tool without which no scientific calculation and no 
engineering and technology are possible. Mathematical analysis 
which treats of variables and functional relationships between 
them is particularly important since the laws of physics, mecha- 
nics, chemistry, etc. are expressed as such relationships. 

An important feature of the application of mathematics to other 
sciences is that it enables us to make scientific predictions, that 
is to draw, on the basis of logic and with the aid of mathema- 
tical methods, correct conclusions whose agreement with reality 
is then confirmed by experience, experiment and practice. Here 
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we confine ourselves to two remarkable examples illustrating what 
has been said. 

As is known, the modern science of aviation was created by 
the famous Russian scientist Professor N.£. Zhukousky (1847-1921). 
He derived by means of mathematical methods certain formulas 
and laws which enabled him to predict the possibility of aeroba- 
tics and, in particular, of looping the loop. Soon the loop was 
in fact performed by the Russian pilot, captain P.N. Nesterov. 
The possibility of looping the loop was thus discovered mathe- 
matically before it was realized physically! 

Here is another example. J. Leverrier, a French astronomer, 
studied planetary motion in the solar system. When applying the 
laws of classical mechanics expressed in the form of some known 
functional relationships he discovered a discrepancy between the 
theoretical results and real observation. Then he found that the 
discrepancy can be eliminated if the existence of an unknown 
planet possessing a certain mass and moving in a certain orbit 
is assumed. Soon this new planet (Neptune) was in fact found 
(in 1846) exactly at the time moment and position predicted by 
Leverrier who thus discovered a new heavenly body by means of 
calculations made on a piece of paper at his desk! Nowadays 
astronomical predictions are taken for granted but they are only 
possible because the techniques of mathematics and mathematical 
analysis are based on our knowledge of objective laws of reality. 

In recent years the role of mathematics has still increased 
especially in connection with the appearance of modern high-speed 
electronic computers. Realization of space flights, launching rockets 
to other plznets and establishing radio and television communi- 
cation with them require extremely complicated and precis: math- 
ematical calculations which cannot be perform-:d without compu- 
ters. Mathematical methods are penctrating dezply even into such 
traditionally “non-mathematical” sciericcs as economics, biology, 
medicine, etc. Jt can be escerted without exarc.cction that no 
moern scientific and technical project can be realized without 
resorting to mathematics and its methods. 
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4. Real Numbers and Number Scale. Interval. We begin th 
course of mathematical analysis with real numbers. Let us recal 
some basic definitions. 

The positive whole numbers 1, 2, 3, ... are called natural. 

Adding to the natural numbers all the positive fractions and 
zero and also all the negative integers and fractions we obtain 
the set? of all rational numbers. Every rational number has the 


form © where p and g are integers and g=£0. 


Every rational number can be written either as a finite deci- 
mal or as an infinite decimal with an indefinitely repeating finite 
block of digits, both types of decimals being referred to as pe- 
riodic decimals. 

The infinite decimals which are not repeating (nonperiodic de- 
cimals) represent irrational numbers. It can be proved, for instance, 
that the numbers V2, V3, log3, x, sin 20° are irrational. 

All rational and irrational numbers form the set of real numbers. 

Now we proceed to the geometric representation of numbers. 
Let us take a straight line and a point O on it as the initial 
point (the origin) for reckoning lengths. We also choose a scale, 
that is unit length, and a positive direction along the line. 

Definition. A straight line with origin, scale and positive direc- 
lion for reckoning lengths is called a nuriber scale (or a nupi- 
ber line). 

We usually think of a number scale as a horizontal straight 
line with positive direction from left to right. 

Let us lay off from the origin all the line segments commensu- 
rable with unit length; as is known from géometry, the lengths 


1 The notion of “set” is considered as primitive and well-understood and is 
not defined. Examples of sets as collections of certain elements are given in the 
text of the book. Most often we deal with sets of numbers or points. 
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of these segments are expressed by rational numbers. According 
to the chosen positive direction, the line segments set off to the 
right of the point O are regarded as corresponding to positive 
numbers and those set off to the left of O as corresponding to nega- 
tive numbers. 

Suppose that the end point of a line segment which, relative 
to the chosen scale, corresponds to a rational number a falls at 
a point M of the line. We then say that the point M represents 
the number a or, synonymously, that the number a is the coor- 
dinate of the point M. Then obviously the point O represents the 
number zero. 

The points of the number scale representing the rational num- 
bers are called rational points. 

Imagine that we consider the points representing the rational 


numbers of the form + — — , ... with indefinitely growing N; 


then the “density” of the set of representing points on the number 
scale also increases. Moreover, we can show that, given any two 
difierent rational points A and B located arbitrarily close to 
each other on the number scale, there exists an infinitude of ra- 
tional points lying between them. Indeed, the points A and B 
have rational coordinates a and b. The midpoint (denote it by C) 
of the line segment with the end points @ and b has the coordi- 


a ° P ° 
nate ore which is also a rational number. The same argument 


implies that the midpoint C, of the line segment AC and the 

midpoint C, of the segment CB are also rational points. Since 

we can proceed in this way indefinitely, it becomes clear that 

there are infinitely many rational points on the line segment 
B 


And yet the rational points do not exhaust the number scale; 
this means that there are also irrational points on it. For, if we 
lay off from the point O a line segment whose length is equal 
to that of the diagonal of a square with unit side, the end point 
of the segment falls at a po'nt which is not rational since, as is 
known, the diagonal of unit square is incommensurable with unit 
length and cannot be expresser’’ by any rational number. Gene- 
rally, the ends of all segment: set off from the origin which are 
incommensurable with the scale (their lengths are expressed by 
irrational numbers) lie at points which are not rational. We shall 
call these points irrational. 

All the rational and irrational points no longer “leave gaps” 
on the number scale, that is, they completely exhaust it. It should 
be stressed that there is a one-fo-one correspondence between the 
set of all points of the number scale and the set of all real 
numbers: every point of the number scale represents one real num- 
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ber (which can be rational or irrational) and, conversely, every 
real (rational or irrational) number is a coordinate of exactly one 
point of the number scale. 

The number scale is convenient for representing, in a visual 
manner, various relations between numbers. For instance, if one 
number is smaller than another the point representing the former 
lies to the left of the point representing the latter, and to a 
number contained between two given numbers there corresponds 
a point lying between the representing points of those two numbers. 

The one-to-one correspondence between the real numbers and 
the points of the number scale makes it possible to identify them 
in the sense that we can make no distinction between a number 
and a point and interpret, depending on the situation, a point 
as a number and a number as a point. 

Definition. The set of all numbers (points) contained between 
two given numbers (points) is called an interval, these two num- 
bers (points) being referred to as the end points of the interval. 

An interval with end points x=a and x=6 where a< 8 can 
be specified by the inequalities a<x< 6; its commonly used 
notation is (a, 6). If the end points of an interval (a, 6) are 
added to the set of all its points the resultant set of points 
(numbers) is spoken of as a closed interval. The closed interval 
with end points x=a and x=6 is determined by the inequalities 
as<x<b and designated by the symbol [a, 6]. In contrast to the 
closed interval [a, 5], the interval (a, 6) is called open (or non- 
closed). If one of the end points is included into the interval 
while the other is not, the resultant set is specified by the in- 
equalities ac x <b (if the end point a is added to the interval) 
or by ax x<b (if the end point 06 is joint to the interval). Res- 
pectively, the “semiclosed” intervals thus obtained are denoted 
as [a, 6) and (a, 6}. 

When there is no need in distinguishing whether or not an end 
point is included into the interval in question we simply speak 
of an interval. 

Besides finite intervals discussed above we often deal with infi- 
nite intervals. An (open) infinite interval is the set of all numbers 
less than a given number c or the set of numbers greater than c, 
or the set of all real numbers. These infinite intervals are, res- 
pectively, specified by the inequalities —oo<x<c, c<x<+oo 
and —oo<x<-++oo. The notation is, respectively, (— ©, c), 
(c, -+ co) and (—oo, + 00). 

If in the first two cases the point c is included into the 
interval the resultant sets are denoted as (—oo, c] and 
[c, +00). 

Definition. An open interval of length 22 with centre at a 
point a is called an l-neighbourkood of the point a 
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The coordinates x of the points belonging to the /-neighbour- 
hood of the point a {see Fig. 1) obviously satisfy the inequalities 


a—[<x<at+l 


The notion of a neighbourhood of a point will be frequently used 
in our course. 

If a point x belongs to a given interval this is designated with 
the aid of the inclusion relation €. For instance, the notation 


Z l 
a-L a av z 


Fig. | 


x€[a, b] means that x is one of the points of the closed interval 
fa, bj, or, which is the same, the number x satisfies the inequa- 
lities axcx<cb. Similarly, x€(a, 6) means that a<x<), etc. 

An analogous inclusion relation c is used for expressing the 
fact that one set is a part (a subset} of another set; for instance, 
[a, b]<(c, d) means that all the points of the closed interval 
[a, 6) belong to the open interval (c, d), etc. 

5. Absolute Value. 

Definition. The absolute value (or the modulus) of a number A 
is a number, denoted as | A[, which is equal to A, if A is posi- 
tive or equal to zero, and equal to —A if A is negative: 


A if ADO 

|Aj= —A if A<c0 
Hence, |A| is always a nonnegative number (that is positive 
or zero). | A] is equal to the length of the line segment connect- 
ing the origin with the point representing the number A on the 


number scale. 
The relation 


|A|< B where B>0 (*) 
is equivalent to the two relations 
—B<A<B (**) 


For inequality (*) means that the point A is at a distance less 
than B from the origin, which is only possible when this point 
belongs to the interval (—B, B), i.e. belongs to the B-neighbour- 
hood of the origin, which implies inequalities (**). The converse 
is also obvious. 

The condition that x belongs to an /-neighbourhood of a point a 
(which is expressed by the inequalities a—l<x<a-+l) can now 
be written as |x—a]<l. 
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Let us proceed to establish the following propositions on abso- 
lute values: 

(1) The absolute value of a sum does not exceed the sum of the 
absolute values of the summands, that is 


[A+B+C+...+D[<]A]+]B]+[C]+...+]D][ (***) 


Let us begin the proof with the case of twosummands. It can 
be checked directly that if A and B are of the same sign the 
left-hand and the right-hand members of relation (***) are equal 
and that if their signs are different the former is less than the 
latter. Now, passing, in succession, from two summands to three, 
from three to four and so on we readily prove the desired gene- 
ral assertion. The sign of equality only appears in relation (***) 
when all the summands are of the same sign. 

(2) The absolute value of a difference is not less than the diffe- 
rence of the absolute values of the minuend and the subtrahend: 


|A—B|>|A|—|8] 


To prove the assertion let us put A—B=C. Then A=B+C 
and, according to the above, 


[|A]=|]B+C(<|[B|+]C|=|B8|+|A—8] 
that is 
|A—B|>| Al—|B] 
(3) The absolute value of a product is equal to the product of 
tne absolute values of the cofactors: 


|A-B-C...D|=|A]-|B]-|C]...|D| 


(4) The absolute value of a quotient is equal to the ratio of the 

absolute values of the dividend and the divisor: 
Al |Al -- 
la |=qay BO 

The last two assertions are quite evident. 

6. Approximate Calculations. In engineering sciences and prac- 
tical work we almost always deal with numbers expressing appro- 
.ximate numerical values of the magnitudes involved. . 

We know that a number of successive identical measurements 
of one and the same magnitude always result in a sequence of 
difierent values (although the discrepancy may be very small). 
When the measure of a concrete magnitude is said to be equal 
to a given number it is simply meant that the corresponding 
measurements give results for which the discrepancy is so small 
that it can be neglected. 

In the applications of mathematical analysis to natural and 
engineering sciences we always have to carry out certain calcula- 
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tions, and the final result is expressed numerically and obtained 
by means of calculations. Therefore it is absolutely necessary to 
be able to perform accurate calculations. But in what practical 
sense should the term “accura{e calculations” be understood? 

First of all the result must be of course sufficiently precise. 
But, on the other hand, another condition which is, to a certain 
extent, opposite to the above, should held: the accuracy must 
not he excessive or fictitious. And, finally, it is desirable to carry 
ouf the calculations speedily with minimum labour and time. 
When calculating one should always keep in mind these require- 
ments. 

Now we proceed to define basic notions related to approximate 
calculations. 

Let A denote the precise value of a magnitude which is being 
measured or, simply, a number. 

Definition. A number a is called an approximate value of A 
with an error @ if 

A—ec=@ 


For an approximate equality we shall use the symbol ~: 
Axa 


The number a can be less than A (i.e. a < A) or greater than A 
(a> A). In the former case a>0, and a is a mtnor approxima- 
fion of A, and in the latter case a <0, and a is a major appro- 
ximation of A. It does not often matter which of these two cases 
takes place. 

The error a and the precise value of A are usually unknown, and 
{therefore it is important to determine a bound e which cannot 
be exceeded by the absolute value of the error: |a@| is not greater 
than e, that is |a|<e. 

Definition. The absolute value [a] of the error is called the 
ohsolute error. Vf it is known that the absolute error [a| of an 
approximate value a does not exceed a positive number e, this 
number e is termed the lating absolute error of the appro- 
xtmate value a: 

|A—al]<e 
or, equivalently, 
—e&<c A—ace 


The number e« is not determ-ned uniquely since every number 
greater than a given absolute error can serve as a limiting abso- 
lute error and can be teken as the number e. 

For instance, the number 3.24 is an approximation to the num- 
ber 3.2447 having an absolute error of 0.0047, and at the same 
time it is an approximate value of 3.2447... with a limiting 
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absolute error of 0.005 since 0.0047...< 0.005. By the way, even 
when the error is known it is sometimes more convenient to 
indicate the limiting error; for instance, in this example it is 
more convenient to indicate the limiting error 0.005 instead of 
the error 0.0047. 

Suppose that we carry out a measurement with the aid of a 
simple measuring instrument. Then it is often possible to deter- 
mine the limiting absolute error. If, for instance, a length is 
measured with a ruler with graduation mark (scale division) of 
one centimetre it is clear that the error does not exceed 0.5 cm. 
Here of course we only mean the error introduced when reading 
the data from the ruler. It is generally assumed that the limiting 
- absolute error of reading the meter of a measuring instrument 
does not exceed half the graduation mark. 

For brevity, the word “limiting” is often omitted and the li- 
miting absolute error e is simply called the absolute error. 

The smallere, the more accurate the approximate equality Awa. 

It should be noted that it is impossible to judge upon the 
accuracy of an approximation by the absolute error itself; to 
estimate the accuracy we must have at least approximate infor- 
mation about the value of A. For instance, an absolute error 
of 0.5 m indicates an imperfect measurement of the height of a 
room while it indicates a sufficient accuracy in a measurement 
of the dimensions of a lot of land; if the same absolute error is 
obtained when measuring the altitude of a mountain the accuracy 
of the measurement should be considered very high. The quality 
of an approximation is usually judged upon by the ratio of the 
error to the value of the magnitude in question, that is by the 
relative error understood as the absolute value of the ratio of 
the error a to the exact value of A. 

Since usually we only know a limiting absolute error e and an 
approximate value a of the magnitude A the relative error is 
estimated with the help of the limiting relative error. 

Definition. The limiting relative error & is the ratio of the 
a absolute error to the approximate value a of the magni- 
tude A: 


— 2 
o=Ta] 


As above, the word “limiting” is usually omitted and the term 
“relative error” is understood as the limiting relative error. The 
smaller the limiting relative error, the better the approximation 
and the more accurate the measurement or calculation. 

Relative errors are usually expressed in per cent. To obtain the 
percentage from a given relative error the latter should be mul- 


tiplied by 100. 
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@) one or several intervals (finite or infinite) of the number 
scale. 

In the former case we speak of a function of an integral 
argument and in the latter of a function of a continuous ar- 
gument. 

The set of values assumed by a function y is called the range 
of the function. 

Let us consider some examples of functions. 

1. The air temperature <t at a given place measured during the 
day is a function of fime ¢ since to every value of the variable ¢ 
there corresponds a definite value of the magnitude vt. 

2. The perimeter P of a regular polygon inscribed in a given 
circle is a function of an integral argument which its the number n 
of sides of that polygon. The domain of definition of this func- 
tion is the set of all positive integers n greater than or equal 
to 3. Another example of a function of the same argument is the 
area S of that regular polygon. 

3. The area S of a circle is a function of its radius r which 
can take on any positive value. To every value of r belonging 
to the interval (0, oo) there corresponds a definite value of S 
determined by the formula 


S = 77? 


The domain of definition of this function is the set of all po- 
sitive real numbers, that is the positive semi-axis 0 <r < oo. 

4. The distance s travelled by a body freely falling in vacuum 
is a function of the time ¢ of the fall. To every value of ¢ there 
corresponds a definite value of s specified by the formula 


I 
S= 5g? 


where g is the acceleration of gravity. The domain of definition 
of this function is the interval (0, 7] where 7 is the time of fall. 

We see that the dependence of the distance travelled in a free 
fall of a body on the time taken is of the same character as the 
dependence of the area of a circle on its radius: in both cases 
the function is directly proportional to the square of the indepen- 
dent variable. From the point of view of mathematics this is the 
only important feature of these relationships since in mathema- 
tics we are interested in the way in which the function depends 
on its argument but not in the concrete physical phenomenon 
described by the given functional relationship. In mathematical 
analysis the functions discussed in Examples 3 and 4 are simply 
regarded as particular cases of the so-called quadratic function 
(see Sec, 16). 
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The definition of a function does not require that the function 
should necessarily vary as the independent variable changes. For 
instance, in Example | it may turn out that the air temperatu- 
re t remains constant during a time period ?, but this does not 
prevent us from considering the temperature as a function of time. 

Let us consider another example. The function 


y=acos?x-+bsin? x 


where a and 6 are constants, takes different values depending on 
the values of x if as4&b. But if a=b the function y is a constant 
equal to a for all the values of x. 

Thus we can say, including the latter particular case, that the 
expression acos?x+-bsin?x is a function of x for any values of 
the constants a and 6. 

8. Methods of Representing Functions. To represent or, which 
is the same, to specify a function means to indicate its domain 
of definition and the rule according to which for any given value 
of the independent variable the corresponding value of the func- 
tion is found. The basic methods of representing functions are 
the tabular method, the analytical method (the representation by 
means of a formula) and the graphical method. 

1. Tabular method. When specifying a function by means of 
a table we simply write down a sequence of values of the inde- 
pendent variable and the values of the function corresponding to 
them. This way of representing functions is widely used; for in- 
stance, the reader is undoubtedly familiar with tables of loga- 
rithms, tables of trigonometric functions and their logarithms, etc. 

The tabular method is particularly often used in natural scien- 
ces and enginecring. The numerical results obtained in a sequence 
of observations of a process are usually compiled in a table. For 
example, suppose that when studying the dependence of the elect- 
rical resistance r of a copper rod on the temperature ¢° we obtain 
the following table: 






r 76.30 | 77.80 | 79.75 








80.80 | 82.35 | 83.90 | 85.10 


The resistance is a function of the temperature, and the table 
specifies the values of this function for the given values of the 
independent variable. 

An advantage of a tabular representation of a function is that 
for any value of the independent variable included into the table 
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If, for example, we want to apply the methods of mathematical 
analysis to investigating the functional relationship between the 
temperature and electrical resistance of the copper rod, discrete 
values of the magnitudes involved, even compiled into a table of 
large capacity, are insufficient for this purpose, and a formula 
connecting the values of the independent variable and of the func- 
tion is needed. 

The analytical method also possesses some disadvantages: 

(a) the lack of visuality; 

(b) the necessity of calculations which sometimes may be lengthy. 

Ij]. Graphical representation. We begin with the following de- 
finifion. 

Definition. The graph of a function (in rectangular Cartesian 
coordinates) is the locus of all points whose abscissas are the va- 
lues of the independent variable and the ordinates are the cor- 
responding values of the function. 

In other words, if we take the abscissa equal to a value of the 
independent variable the ordinate of the corresponding point of 
the graph is equal to the value of the function corresponding to 
that value of the independent variable. When plotting a graph 
we can take similar or different scales along the coordinate axes. 

Usually the graph of a function is a curve! (which, in a parti- 
cular case, can be a straight line). For instance, the graph of 
the quadratic function y=? is a parabola whose axis coincides 
with the positive half of the axis of ordinates; the graph of the 


function y= — is an equilateral (rectangular) hyperbola for which 


the coordinate axes are the asymptotes, etc. The graph of a con- 
stant function is, apparently, 2 straigst line parallel to the axis 
of abscissas. 

Conversely ,ifevery curve in the plane Oxy such that any straight 
line parallel to the axis of ordinates has no more than one com- 
mon point with if serves as the graph of a function: the values 
of this function are equal to the ordinates of the points of the 
curve corresponding to the abscissas equal to the values of the 
independent variable. 

Hence, the notion of a curve and that of a function are closely 
interrelated. The specification of a function generates a curve which 
is the graph of that function; conversely, the specification of a 
plane curve generates a function for which this curve serves as 
its graph. The graphical representation of a function consists in 
specifying tts graph. 

In physics and technical sciences functions are often specified 
graphically, and in many cases this is the only possible way of 


1 The graph of a function of 2 discrete argument is a set of disjoint points, 
ji the xy-plene, with integral abscissas. 
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describing the function. This is most often the case when a self- 
recording apparatus is used whose tracer automatically records 
the variation of one magnitude depending on the other (which, 
for instance, can be time). This results in the appearance of a 
curve on the tape of the apparatus which is the graph of the 
functional relationship recorded in the experiment or measurement. 
For example, a barograph, a device of this type, records a baro- 
gram, that is the graph of the atmospheric pressure, and a ter- 
mograph traces the graph of the temperature as a function of 
time. 

The graph of a function, like a table, does not provide facili- 
ties for a direct application of the methods of mathematical ana- 
lysis, and this is a demerit of the graphical method; but, at the 
same time, it has an important advantage: the graphical represen- 
tation is visual and demonstrates directly the character of the 
variation of the function. 

9. Notation. To express the fact that a variable y isa function 
of a variable x we use the notation 


y =f (x) 
(read “y is equal to f of x”). Here the letter f symbolizes the law 
of correspondence between the independent variable and the func- 
tion. Besides f any other letter can be used for this purpose: F, 
gm, ©, etc. We sometimes also write y=y (x). The symbol of func- 
tional relationship is followed by the symbol of the independent 
variable written in the parentheses. 

Some well-known and widely used functions are denoted by 
certain standard symbols: log x, sinx, arccosx, etc. 

As was said, in the relation y=/(x) the symbol! f designates 
the rule of correspondence, and in the case of an analytical repre- 
sentation of a function it also indicates a set of mathematical 
operations (and their order) which should be performed on x to 
obtain y. For instance, in the formula 


f (x) =V x?-+ sin x 


the symbol { means that for the given value of x its square and 
the value of the sine of x are first found after which the results 
are added together and the square root is extracted from the sum. 

If we simuitaneously deal with two functions for which the 
functional relationships between the variables involved are the same, 
they can be denoted by a common symbol. But if the relation- 
ships differ the symbols must also be different. For example, the 
area S of a circle depends on its radius r like the surface area Q 
of a sphere on its diameter d, and therefore in both cases we can 


write 
S=f(r) and Q=/(d) 
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using one and the same symbol f. But if we want to express the 
fact that the circumference {=2nr and the area S=ar'? of a circle 
are functions of its radius r wecannot use one and the same sym- 
bol and must use two different symbols; for instance, we can write 


l=f(r) and S=g(r) 


If we take a concrete value of the independent variable and 
substitute it into the expression of the function we obtain a par- 
ficular (concrete) value of the function. Let the particular value 
of a function y=f(x) correspon- 
ding to x=a be equal to 6. Then 
we write 






Affa, fay] 


b= (a) 


The latter relation is no longer 

understood in the sense that 0 is 

a function of a since both a and b 

Fig. 2 are constants. In this case we 

should say “b is equal to the 

value of the function f for the value of the independent variable 

equal to a”; for brevity it is usually said “6 is equal to f of a”, 

but one should bear in mind the precise meaning of the statement 

indicated here. The notation y|,_,=6 is also frequently used in 
such cases, 

The point M of the graph of a function y=f (x) corresponding 
to the abscissa x=a has the ordinate f(a), which is written as 
M [a, f{a)] (Fig. 2). 

. Basic Elementary Functions. Composite Function. 

Definition. The class of basic elementary functions includes 
the following functions: 

(1) the power function y==x* where the exponent a is real; 

(2) the exponential function y==a* where a is a positive 
number different from 1; 

(3) the logarithmic function y=\og,x to the base a which 
is a positive number different from 1; 

(4) the trigonometric functions y=sin x, y==cos x, y==tanx 
and also the less frequently used functions y==secx, y==cscx 
and y=cot x; 

(5) the inverse trigonometric functions y=arcsinx, y= 
s=arccos. x, y==arctanx and also y==arcsecx, ys=arcescx and 
y =arccot x. 

These functions are well known from the elementary course of 
mathematics studied at schools, and we shall briefly discuss them 
in § 3. 

The basic elementary functions can be used to construct more 
complicated functions by means of arithmetical operations (ad- 
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dition, subtraction, multiplication and division) and a new ope- 
ration of forming “a function of a function” to which we pro- 
ceed now. 

Let a function u=g(x) of the argument x be defined cna set D, 
G being the range of that function uw. Furthermore, let another 
function y=f(u) be defined on the set G. Then, to each value of 
x belonging to the set D there corresponds a definite value of u 
belonging to the set G, and to wu, in its turn, there corresponds 
a definite value of y. Therefore, ultimately, to each value of x 
from the set D there corresponds a definite value of y, and hence y 
is a function of x. Denoting this new function by y=F (x) we 
can write down the expression of the function F(x) in terms of 
the functions f and gq: 

y=F (x) =f [9 @)] 

It is said that F(x) as function of x is a composite function’ 
(“a function of a function”) formed of the functions f and g. The 
function u=q(x) entering into the expression f[@(x)] is referred 
to as the intermediate variable. 

Thus, the argument of a function can be an independent vari- 
able or an intermediate variable dependent on another indepen- 
dent variable. It is the latter case when a composite function 
appears. For instance, the function y=sin*x can be regarded as 
a composite function of x since y can be interpreted as a quadra- 
tic function of an intermediate variable which, in its turn, is 
equal to the sine of the independent variable x: if the interme- 
diate variable is denoted by u we can write y=u? where u=sinx. 

A composite function can be obtained by applying the opera- 
tion of forming a function of a function to more than two con- 
stituent functions. A given function can be represented as a com- 
posite one in many ways, and an appropriate choice of such a 
representation offen facilitates the application of the techniques 
of mathematical analysis. 

11. Elementary Functions. 

J. The functions constructed of basic elementary functions and 
constants by means of a finite number of arithmetical operations 
and operations of forming a function of a function are called 
elementary functions. 

For example, all the functions written below are elementary: 


3 — 
- a? ane _ 2+ / x 
Y= oT pb tants t oe sin® x, I~ 3 Vx 
10* —1 1-++ sin x 
y=log(x+V 1+ x?), yY=—z > y = arctan y tbsing 
1 The term “composite function” characterizes only the way in which the 
analytical expression of the function is obtained and does not mean that this 
function necessarily has a complex structure in the ordinary sense. 
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using one and the same symbol f. But if we want to express the 
fact that the circumference /=2nr and the area S=27? of a circle 
are functions of its radius r we cannot use one and the same syn- 
bol and must use two different symbols; for instance, we can write 


[=f(r) and S=g(r) 


lf we take a concrete value of the independent variable and 
substitute it into the expression of the function we obtain a par- 
ticular (concrete) value of the function. Let the particular value 
of a function y=f (x) correspon- 
ding to x=a be equal to b. Then 
we write 





Mia, Hay} 


b= F(a) 


The latter relation is no longer 

understood in the sense that b is 

a function of a since both a andb 

Fig. 2 are constants. In this case we 

should say “@ is equal to the 

value of the function f for the value of the independent variable 

equal to a”; for brevity it is usually said “b is equal to f of a”, 

but one should bear in mind the precise meaning of the statement 

indicated here. The notation y|,.,=6 is also frequently used in 
such cases. 

The point M of the graph of a function y=f (x) corresponding 
to the abscissa x=a has the ordinate f(a), which is written as 
M [a, f (a) (Fig. 2). 

1G. Basic Elementary Functions. Composite Function. 

Definition. The class of basic elementary functions includes 
the following functions: 

(1) the power function y==x* where the exponent a is real; 

(2) the exponential function y=a* where a is a positive 
number different from 1; 

(3) the logarithmic function y=\og,x* to the base a which 
is a positive number different from 1; 

(4) the trigonometric functions y=sin x, y==cos x, y= tans 
and also the less frequently used functions y==secx, ys=cscex 
and y==cot x; 

(5) the inverse trigonometric functions y==arcsinx, y= 
sarcces x, y==arctany and also y==arcsec x, ys=arcescx and 
y s=arccot x. 

These functions are well known from the elementary course of 
— studied at schools, and we shall briefly discuss them 
in § 3. 

The basic elementary functions can be used to construct more 
complicated functions by means of arithmetical operations (ad- 
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dition, subtraction, multiplication and division) and a new ope- 
ration of forming “a function of a function” to which we pro- 
ceed now. 

Let a function u=@(x) of the argument x be defined on a set D, 
G being the range of that function wu. Furthermore, let another 
function y=/(u) be defined on the set G. Then, to each value of 
x belonging to the set D there corresponds a definite value of u 
belonging to the set G, and to uw, in its turn, there corresponds 
a definite value of y. Therefore, ultimately, to each value of x 
from the set D there corresponds a definite value of y, and hence y 
is a function of x. Denoting this new function by y=F (x) we 
can write down the expression of the function F(x) in terms of 
the functions f and @q: 

y =F (x) =f [9 @)] 

It is said that F(x) as function of x is a composite function? 
(“a function of a function”) formed of the functions f and g. The 
function u=q(x) entering into the expression f[p(x)] is referred 
to as the intermediate variable. 

Thus, the argument of a function can be an independent vari- 
able or an intermediate variable dependent on another indepen- 
dent variable. It is the latter case when a composite function 
appears. For instance, the function y=sin?x can be regarded as 
a composite function of x since y can be interpreted as a quadrfa- 
tic function of an intermediate variable which, in its turn, is 
equal to the sine of the independent variable x: if the interme- 
diate variable is denoted by uw we can write y=w? where u=sinx. 

A composite function can be obtained by applying the opera- 
tion of forming a function of a function to more than two con- 
stituent functions. A given function can be represented as a com- 
posite one in many ways, and an appropriate choice of such a 
representation often facilitates the application of the techniques 
of mathematical analysis. 

11. Elementary Functions. 

I. The functions constructed of basic elementary functions and 
constants by means of a finite number of arithmetical operations 
and operations of forming a function of a function are called 
elementary functions. 

For example, all the functions written below are elementary: 

apes 

a* : 2 x 

Y= Tob tanta tC Sin? x, y ati 
1+ sinx 


10* —1 sO Dito otaced 
y=log(x-+V 1-+-x?), y= ’ y = arctan 1— sin x 


x2 





1 The term “composite function” characterizes only the way in which the 
analytical expression of the function is obtained and does not mean that this 
function necessarily has a complex structure in the ordinary sense. 
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The important role of the class of elementary functions lies in 
the fact that applications of mathematical analysis to problems 
of physics and engineering most often involve elementary functions. 

A formula expressing an elementary function makes it possible 
to determine the domain of definition of the function, which is 
important for mathematical analysis. Let us consider some examples. 

(1) The domain of definition of the function y=x?+-2x—5 
obviously coincides with the entire number scale. 


(2) The domain of definition of the function y=~ is the whole 


number scale with the point x=0 deleted for which this for- 
mula loses sense since the division by zero is impossible. Thus, 
the domain of definition consists of two infinite open intervals: 


—~—o<cxr<c0 and O<xX<-+ 00 


(3) The domain of definition of the function y=V 1—x? is the 
closed interval (—1, -+-1] since for every point of this interval, 
that is for every x satisfying the inequalities —l<x<l, the 
expression J/1 —x? takes on a real value while for any point ly- 
ing outside this interval it does not assume a rea} value. 


(4) The domain of definition of the function y=YV x?—1 is the 
union of the two infinite inlervals —coo<x<—l1 and +1<x< 
<-} oo (which can also be expressed by the inequality |x|2> 1), 
{hat is the whole number scale with the interval (—I, +1) 
deleted. 

(5) The domain of definition of the function y=logx is the 
open infinite interval 0 <x < +00. 


(6) The domain of definition of the function y= 





2x? — log (x -+5) 
Y8—xi 

is the open interval (—5, 2) since the expression log(x+5) is 

defined for x >—5 while the expression /8—x? for x<2, and 

the point x=2 should be excluded because the denominator of 

the fraction vanishes at that point. 

In concrete problems *" may encounter functions whose doma- 
ins of definition are wider than the natural range of their inde- 
pendent variable coherent with the conditions of the problems. 
For example, the area S of a circle is expressed in terms of its 
radius r by the formula 





S = nr? 


Although this formula is applicable to all real values of r, it is 
senscless to take a negative or zero value of the magnitude r 
since it is a radius of a circle which must be positive. The do- 
main of definition of this function coherent with the geometrical 
conditions is restricted to the interval O0<r<+oo. 
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Another example of this type is the functional relationship 
describing the basic law of the theory of elasticity known as 
Hooke’s' law. ft states that the elongation of a bar is directly 
proportional {o the magnitude of the tensile force, that is y=cx 
where y is the elongation, x is the magnitude of the force and c 
is a proportionality factor which is cons- 
tant for the given bar. If this function Y) 
is considered irrespective of the physical 
meaning of the magnitudes involved its 
domain of definition consists of all the 
real values of x. But, as is well known, 
Hooke’s law only holds for small elonga- 
tions, and this imposes restriction of the 
domain within which the formula remains 
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applicable. 
We often deal with functions which 
have different analytical expressions on Fig. 3 


diferent parts of its domain of definition. 
For instance, let us define a function, say y=/(x), by means of 
the formulas 

0 for x <0 


r=10)>| 2V x for 0<x<l 
l+x for x> 1 


This function is defined throughout the x-axis; its graph is de- 
picted in Fig. 3. 
Examples of nonelementary functions will be considered later on. 
II. Algebraic and transcendental functions. Using the power 
function y=x* with a positive integral exponent n we form a 
polynomial | 
Y= ax" + a,x"-*+.,.4+4,_.X%+4,. 


The coetficients of the polynomial are arbitrary real numbers. If 
a,>0 the function y is said to be a polynomial of the nth degree. 
A polynomial of zeroth degree is a constant. It is clear that every 
polynomial is a function over the whole number scale. A poly- 
nomial is also referred to as an entire rational function. 

A rational function is a quotient of two polynomials: 


_ AgX" ax "IAL ta, 
I hox® pbx 7 1d. bp 
The domain of definition of a rational function is the whole axis 


of abscissas with the exception of the points (the roots of the 
denominator) at which the denominator of the fraction vanishes. 


1 R. Hooke (1635-1703), an English physicist. 
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Hiere are examples of such functions: 


7 _ i _ V3xr—1 
Pree Okay. Uae ge US ae 


When, for a given value of the tndependent variable x, the 
corresponding value of a rational function is computed, only ari- 
thmetical operations on the variable x and on the constant coef- 
ficients are performed, that is, addition, subtraction, multiplica- 
tion (including raising to a positive power) and division. It should 
be noted that the coefficients of the polynomials in the numera- 
tor and in the denominator can be irrational numbers (for instance, 
this is the case in the last example). 

A wider class of functions is obtained if, besides the arithme- 
tical operations, the extraction of roots is allowed. For instance, 
we then can form the functions 

p/ 2x--1 4x 


gee 3 = 
y=Vetltx, y= Vf Vr+h y= = eae 


The total number of operations must of course be finite. The 
functions obtained in this way enter into the class of algebraic 
functions. 

The class of algebraic functions whose general definition will be 
given in Sec. 12 is not exhausted by the above functions. 

Every function not belonging to the class of algebraic functions 
is called a transcendental function. 

12. Implicit Functions. Multiple-valued Functions. Up to now 
we confined ourselves to those functions specified analytically for 
which the left member of the equality defining the function is the 
Variable y alone while the right member is an expression only 
involving x. We shall call such functions explicit. Such are, for 
instance, all the functions discussed in Sec. 11. 

But a more general equation connecting two variables and nof 
resolved in one of them can also specify one variable as a function 
of the other. 

For example, in the equation 2x-+-3y=6 of a straight line the 
ordinate y can be regar .cd as a function of the abscissa x defined 
throughout Ox. Indeed, to every value of x there corresponds 
a definite value of y determined by this equation of the straight 
line. In such cases we say that the function is specified implicitly. 
To obtain its explicit expression we should resolve the equation 
in the dependent variable. In the above example this leads to the 


explicit function y= 2—= x. 


Now take the equation of the circle 
rv+ty=l 
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Here we see that to each value of x lying between —I1 and +1] 
there correspond, instead of one, fwo values of y (see Fig. 4). 
Accordingly, equation x?+y42=—1 represents not one but fwo fun- 
ctions y= + V1—x? and y=>—Y1—? each of which is defined 
on the interval [—1, 1]. If x assumes a value not belonging to 
this interval the equation from which y is found has no real 
solutions. 

We can also say that the equation x?+-y?=1 defines y as a mul- 
tiple-valued (in this particular case two-valued) function of x. The 
functions y=+Vi—x? and y=—V1—.x? are then called the 
single-valued branches of the multiple- 
valued function?. The general interpreta- 
tion of afunctional relationship including 
multiple-valued functions considered as 
aggregates of single-valued branches 
will be often used in what follows. In 
this approach we can say that an imp- 
licit function y (which can be multiple- 
valued) of an independent variable x isa 
function whose values are found from an 
equation connecting x and y and not sol- 
ved in y. Fig. 4 

To obtain the explicit representation 
of an implicit function the given equation must be resolved with 
respect to y. This is by far not always readily achieved and some- 
times is even impossible. For instance, the equation 


y—3xy+ x =0 


specifies y as a function of x, but it is more difficult than in the 
above examples to obtain its explicit expression since this is con- 
nected with the solution of the algebraic equation of the third 
degree. If we take the equation 


y+x25=1 


which also determines y as a function of x we see that it cannot 

be solved algebraically, and y cannot be expressed explicitly in 
terms of x. In this case it is rather difficult to analyse the domain 
a definition of the function y and separate its single-valued 
ranches, 








1 We do not consider functions which can be obtained from the same equa- 
tion such that for some x's their values are given by the formula y=-+- V 1 —x? 
and for the other x’s by the formula y=— V 1—x2. The raph of such a fun- 
ction {js not a continuous curve; for instance, Jet the reader think about the 
graph of the function specified by the conditions y=-+ Y 1—x? for xE[—1, 0] 
and y=— V1l—x? for xE[0, ]]. 
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Equations of this type can be solved numerically. Numerical 
methods which make it possible to compute an approximation to 
the value of y corresponding to a given particular value of x will 
be discussed laler on (see Sec. 77). 

One must not think that any equation connecting x and y neces- 
sarily defines a function of one variable. For example, there are 
no real vaiues of x and y satisfying the equation x*+y7+1=0 
since its left member cannot be equal to zero. A more detailed 
analysis of implicit functions will be given in Sec. 117. 

The notion of an implicit function makes it possible to state 
the general definition of an algebraic function. 

Definition. “.n algebraic function is a function y = y (x) spe- 
cified by an algebraic equation 


P, (x) y" + P(x) yy? 4-.. EP, (x) = 0 


where P,(x) (J==0, 1, ..., 2) are polynomials. 

In the genera! case an algebraic function is multiple-valued, and 
it is more natural to consider it as being defined in a domain of 
the complex plane. 


§ 3. Characteristics of Behaviour of Functtons. 
Some Important Examples 


13. Simplest Characteristics of Functions. To investigate a fun- 
ction means to characterize ils variation (or, as we say, its behaviour) 
as the independent variable changes, In what follows we shall 
always suppose (unless the contrary is stated) that when an inde- 
pendent variable changes il increases and that when it passes from 
smaller values to greater ones it assumes all the intermediate values. 

As the reader proceeds with the study of this course, and more 
sophisticated methods become available we shall pass to a more 
complete description of functions. But now, since we can only use 
the techniques of elementary mathematics and fundamentals of 
analytic geometry the behaviour of a function y=f (x) is charac- 
terized by the following simplest features: 

I. Zeros of a function and its sign in the given interval. 1]. The 
property of being even or odd. III. Periodicity. 1V. Increase or de- 
crease in the given interval. 

I. Definition. A value of x for which a function vanishes, that 
is f(x)=0, is called a zero (or a root) of the function. 

On an interval where a function is positive its graph lies above 
{he x-axis, and on an interval of negative sign under the x-axis. 
At a zero the graph of the function has a common point with 
Ox (Fig. 5). 

I]. Definition. A function y==f(x) is said to be even if the 
change of the sign of any value of the independent variable does 
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not afiect the value of the function: 
Fl w) suf 6%) 
A function yrs: f(2) is called odd if the change of the cign of 
any value of the argument results in the change of the sidn of the 
function while its abcolute value ramains invariable: 


F~ aha f (2) 


in this definition it ts assumed that the function is defined in 
a domain symmetric about the origin of coordinates. 

Examples of even functions arc y= x? and y=cos x and examples 
of odd ones are v=x5, y=sinx, are 


~ AYN, aa 


Even function "Odd function 
Fig. 5 Fig. 6 





The graph of an even function is symmetric with respect to Oy. 
The graph of an odd function is symmetric about the origin. Let 
the reader prove these properties (see Fig. 6). 

An arbitrary function can of course be neither even nor odd; 
for example, such are the functions y=x-+ i, y=2* and y= 
= 2sinx--+3cos x. 

Ili. Definition. A function y= f(s) is said to be periodic if 
there exists a number @s@@ such that for any x belonging to the 
domain of definition of the function the values K-+4-Qand —a 
of the independent variabte also belong to the comain of definition, 


and the identity 
f (44-4) =f (x) 
holds. Every such number @ is called a perfod cf the function. 
If a function [(x) is periodic with period a the equalities 
f(x+2a)=F(x),  f(x+8a)=f (x), 
F(x—a)=f(*), fF (x—2a)=f (x) 
take place, and, generally 
f (x+ ka) =f (x) 


for any x and any (positive or negative) integer &. Thus, if a is 
a period the number &a is also a period. 
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In what follows, when speaking about a period of a function 
we shall mean, as a rule, its feast positive period (referred to as 
the primitive period) provided that it exists. 

The function y=sinx is an example of a periodic function; its 
period is equal to 2x. If a periodic function is not defined at 
a point x, the same applies to all the points x,+a where a is 
the period and & any integer. For instance, the function y=tanx 


whose period is equal to z is not defined at the points 5 ha. 


The function y=Y sinx is periodic with period 2x. It is defined 
on the intervals where sin x20, that is for 2krnxcx<(2k+1)a 
where & is an integer (which may 
be positive, negative or zero). 

If a periodic function is defi- 
ned throughout the number 
scale it is sufficient to investi- 
gate it in any interval whose 

Fig. 7 length is equal {o the period of 

the function, for instance, in the 

interval O< x <a (ais the period), since the values of the function 

at all the other points of Ox are found by means of simple shifts, 

along the axis of abscissas, of the points of the graph of the fun- 

ction on the interval O<x<a, by ka where R=0, +1, +2.... 

Thus, the whole graph of a periodic function with period a is ob- 

tained from its part on an interval whose length is equal to the 

period of the function by an infinite number of shifts by @ along 
Ox inthe positive and negative directions (see Fig. 7). 

IV. Important characteristics of the behaviour of a function 
are ifs increase and decrease. 

Definition. A function is said to be increasing on an interval 
If fo greater values of the argument belonging to that interval 
there correspond greater values of the function; similarly, it is 
called decreasing if to greater values of the argument there cor- 
respond smaller values of the function. 

Thus, [ (x) increases on the intervol [a, b] if for any values x, 
and x, of the argument satisfying .he condition axix, << x,<06 
the inequality f(x,) < /(x,) holds; similarly, it decreases on [a, 5] 
if for any x, and x, satisfying the condition ax<x, <x,<b the 
inequality f(x,) > /(x,) takes place. 

For example, the function y=2* increases on the entire x-axis 
while the function y=27* decreases on it. The function y=? 
eres on the interval (— oo, 0} and increases on the interval 

, 03), 

If the graph of a function is traced from left to right (this 
corresponds to the increase of the argument x), then for an in- 
creasing function the moving point of its graph goes upward 
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(relative to the positive direction of Oy), and for a decreasing 
function it moves downward (see, respectively, the lines AB and 
CD in Fig. 8). 

The increase and the decrease of a function can be interpreted 
in a broader sense. A function f(x) is called nondecreasing on an 
interval [a, b] (or increasing in 
the broad sense) if the condition 
axx,<x,<b implies the slack 
(nonstrict) inequality f (x,) <j (x,). 
Accordingly, if this implies f (x,)> 
= f(x.) the function is said to be 
nonincreasing (or decreasing in the 
broad sense). 

This type of increase or decrea- 
se in the broad sense is most of- 
ten characteristic of functions hav- Fig. 8 
ing different analytical expres- 
sions on different intervals; for instance, the function whose graph 
is shown in Fig. 3 is nondecreasing throughout Ox. 

An interval of variation of the independent variable on which 
the function increases is called its interval of increase, and an 
interval on which the function dec- 
reases is called its interval of dec- 
rease. Both types of intervals are 
referred to as intervals of monoto- 
nicity of the function, and the 
function itself is said to be mono- 
fone in such an interval. 

It is usually possible to break 

Fig. 9 up the interval on which a func- 

tion is considered into a number 

of subintervals on each of which the function is monotone. For 

instance, see Fig. 9 where the graph of a function defined on 

the interval [a, b] is shown; this interval is split into the inter- 

vals [a, x,], [x,, x2], [x,, *,] and [x,, 6], on which, respectively, 
the function descreases, increases, decreases and increases. 

For simple functions whose graphs are known the intervals 
of monotonicity are easily determined; later on (see Sec. 59) some 
techniques will be developed which make it possible to find the 
intervals of monotonicity of a function without constructing its 
graph. 

Another imnortant cheracteristic of a function is given by the 
following 

Definition. If a function assimes, on a given interval, a value 
which is greater (less) than all the other values, this value ts 
called the greatest (the feast) value of the function on that interval. 
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greater the number of points M constructed in the coordinate 
plane, the more accurate the representation of the graph. 
Knowing the graph of a function y=/f(x) we can readily con- 
struct the graphs of the functions y=/(x)+b, y=f(x+a), y= 
= Af (x) and y=f (kx) where b, a, A and & are given numbers. 
The points of the graph of the function y=f(x)+ are obtained 
by the translation of the points of the graph of y=/(x) along 
the y-axis: the points are moved by a distance of [6] upward if 
b>0O and downward if 6<0Q. The whole graph thus undergoes 
a parallel displacement upward or downward by 6 units of length. 





Fig. 10 


For constructing the graph of y=f(x+a) we perform a parallel 
displacement of the graph of the original function f(x) along Ox 
shifting it by a distance of a to the left if a>0 and by |a| to 
the right if a<0. This follows from the fact that the values of 
the functions y=f(x) and y=f(x-+.a) are equal when the value 
of x is equal to x, for the former function and to x,—a for the 
latter (x, is arbitrary). 

To obtain the graph of the function y= Af (x) we multiply all 
the ordinates of the original graph of A. For a positive A this 
means that the ordinates are increased A times. If A<0 we 
construct the graph of the function y=|A|f(x) and then take 
its reflection through Ox. If &>0O the graph of the function 
y=f (kx) is obtained by decreasing & times the abscissas of all 
the points of the graph of y=f (x). If #<0 we construct the 
graph of y=f(|R|x) and take its reflection in the y-axis. m 

Finally, to obtain the graph of the function y = Af [Rk (x-+-a)]+) 
we construct, in succession, the graphs of the functions f, (x) = 
= f(x-+a) and f,(x)=/f{k(x+a)] (resulting, respectively, from a 
parallel displacement along Ox and uniform |&|-fold extension 
(contraction) along Ox with centre at the point x=—a), and 
then the graphs of f,(x)=Af,(x) and y=f,(x)-+6 (obtained by 
an extension and a translation along Oy). See Fig. 10 which 
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demonstrates the construction of the graphs of the functions 
y=2sinx, y=sin2x and y=sin (x+7) from the given graph of 


the function y=sin¥x. 

Knowing the graphs of two functions y=/, (x) and y=f, (x) we 
can readily construct, by purely geometrical means, the graph of 
the function y=a,/f, (x)+-a,/, (x) where a, and a, are constants. 
To this end, we multiply the ordinates of the functions f, (x) and 
f.(x) by, respectively, a, and a,, and then add together the ordi- 
nates of the curves thus obtained. An expression of the form 
a,f, (x)+a,f,(x) is called a linear combination of the given func- 
tions f, (x) and f, (x). A linear combination of an arbitrary number 
of functions is formed in the same manner. 

15. Direct Variation and Linear Function, Increment. When two 
variables are related so that their ratio remains constant one of 
them is said to vary directly as the other; or such variables are 
said to be (directly) proportional. The fact that y is proportional 
to x is expressed by the formula 


y=ax 
where a=£0 is a constant referred to as the constant of propor- 
tionality or factor of proportionality or constant of variation. 

A feature of this functional relationship is that if x,, y, and 
X,, y, are two pairs of mutually corresponding values of x and y 
then y,:y,=%,:%,. 

If y=ax then Keay, and hence if y is proportional to x then 


x also varies directly as y, but the new proportionality factor is 
the reciprocal of the former. 

Direct variation is a particular case of a more general functional 
relationship described by a linear function of the form 


y =ax-+b 


where a and 6 are constants. 

If b=0 and a=<0 the linear functional relationship reduces to 
a ouec variation; if 640 the variable y is no longer proportio- 
nal to x. 

Every linear function is defined throughout the number scale. 
As is known from analytic geometry, the graph of a linear function 
is a straight line. The constant coefficients a and 6 are, respec- 
tively, equa’ to the slope of the straight line (that is to the 
lengent of the angle of inclination of the line to Ox) and to the 
ordinate of the point of the line with abscissa x0. For b=0 
the graph of the linear function (expressing a direct variation) 
is a straight line passing through the origin. It is clear that for 
2 positive a the linear function is increasing on the entire x-axis 
and for a<0 it is decreasing throughout Ox. 
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Now we introduce an important definition which, together with 
the corresponding notation, will be permanently used. 

Definition. Let a variable uw pass from its arbitrary (initial) 
value w#, to another (terminal) value w,. The difference between 
the terminal and the initial values is called the increment of the 
variable 2 and is denoted by Au: 


Au=u,—tU, 


The increment Au can be positive, negative or zero. Accordingly, 
in the first case the variable u increases when it passes from u, 
to u,=u,+Au, in the second case it decreases and in the third 
case, when u,=u, it remains 
invariable: Au =0. 

Note that the expression Au 
should not be thought of as 
the product of A by uw: this is 
a unified symbol designating the 
difference between the terminal 
and the initial values of the va- 
riable wu. 

If the independent variable x 
receives an increment Ax the 
function y=f(x) also gains an increment: Ay =f (x-+-Ax) —f (x). 
On the graph the increment of the function is represented by a 
line segment parallel to Oy taken with the sign + or — depending 
on whether the ordinate increases or decreases as the abscissa 
passes from the initial value to the terminal value (see Fig. 11 
where the initial values of the abscissa are denoted as x, and the 
terminal ones as x,). For an arbitrary function its increment 
depends not only on the increment Ax of the argument but also 
on the chosen initial value of x; this is clearly seen in Fig. 11. 

Now we proceed to prove the following important property of 
the linear function. 

Direct Theorem. The increment of a linear function is directly 
proportional to the increment of the argument and does not depend 
on the initial value of the argument. 

Proof. Let the argument receive an increment Ax and pass from 
a value x of the abscissa to the value x+Ax; then the function 
gains an increment Ay and passes from its value y to the new 
value y+ Ay. Hence, we have 


y=ax-+6 
y+ Ay=a(x+Ax) +6 
On subtracting the former equality from the latter we obtain 
Ay =ahx 





Fig. 11 


and 
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which is what we set out to prove. 

This relation can also be derived geometrically. Indeed, it is 
seen) from Fig. 12 that Ay and Ax are the lengths of the legs 
of the right triangle ABC, and tan a=a. Therefore 


Ay=tana-Ax=aAx 


This property completely characterizes the linear function in the 
sense that there are no other functions distinct from linear ones 
possessing the same property. To show this we shall prove the 
converse of the above theorem. 

Reciprocal Theorem. If the increment of a function is directly 
proportional to that of the argument and is independent of its 
initial value the function is li- 
near. 

Proof. Suppose that we are 
given a function y=f (x) for 
which the increment Ay taken 
for any x is proportional to the 
increment of the independent 
variable Ax: 


Ay =aAx 





Fig. 12 where a is a constant. Let the 

function f (x) assume a value 6b for 

x=0, that is [(0)=6. If the argument passes to an arbitrary 

new value x the function takes on a new value y=f (x). In _ this 

case the increment of the argument is equal to Ax=x—0O=x 

while the increment of the function is Ay=y—b. Consequently, 
by the hypothesis, we must have y—b—=ax whence 


y=ax+6 


for any x, which is what we wanted to prove. 

Every uniform process in which to any two equal increments 
of one variable there correspond equal increments of another 
variable is described by « linear function. 

For instance, a motion is uniform if during any equal intervals 
of time (#) equal path lengths (s) are travelled; then As=vAt 
where v is the constant velocity of motion. The basic property 
of the linear function then implies that s=uf-+-s, where s, is the 
path corresponding to the time moment t=0. This is the equation 
of uniform motion. 

Uniform processes are the simplest but they play a very impor- 
tant role. 

16. Quadratic Function. A quadratic function is specified by 
the equality 

y=ax?*+bx-+-ce 
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where a, 6 and c are constants (4540). Every quadratic function 
is defined throughout the x-axis. 

In the simplest case when b=c=0 the quadratic function has 
the form y=ax?, its graph being a parabola with vertex at the origin 
and axis coinciding with the positive y-axis for a> 0 and with 
the negative y-axis for a <0. As is known from analytic geometry, 
in the general case the graph of the function ) 
y=ax*+bx-+c is a parabola with axis pa- 
rallel to Oy and vertex at the point M, 





with abscissa x= and ordinate y=— 
_* ==. The parabola opens upwards or 


downwards depending on whether a> 0 or 
a<0(Fig. 13). 

The quadratic function has only one 
change in the character of its variation: it 
either first increases and then decreases or 
vice versa. Namely, if a> 0 it decreases on 


the interval (—0, —7;) attains the least 


2a 
b2—4ac . 6 
a at the point x=—> 


and then increases on the interval (—5 +00). In this case the 


greatest value does not exist. Conversely, for a<0 the function 
has no least value; it first increases and attains its greatest value 





Fig. 13 


value y= — 





at the point a and then decreases. 


For example, the quadratic function y = x?—5x+4 hasa=1>0 
and therefore possesses the least value. There is no need in con- 
structing its graph to determine its least value since the above 


formulas indicate that it is assumed at the point xa — 2 = 2.5 


a 
and is equal to y =— : a = — 2,25. (The least value y=— 2.25 
can also be obtained by substituting x=2.5 into the expression 
of the function.) 

Problems of determining the greatest and the least values of 
functions often arise in various applications. Let us consider two 
examples. 

(1) It is required to find, among all the rectangles with a given 
perimeter P, the one of the greatest area. 


Denote one of the sides of the rectangle by x; then the other 





side is equal to oe. Consequently, the area S of the rectangle 
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is determined by the formula 


S=xX (+—*) = yy? 


2 
and thus is a quadratic function of x. Since a=—1< 0 the 
function possesses the greatest value; it is attained forx=—e=o 


and is equal to 
LE £5 
2 4 \4) 16 


But a rectangle with perimeter P whose one side has the Jength Ls 


is a square. Hence, from all the rectangles with given perimeter 
the square possesses the greatest area. 

(2) A shell is shot vertically upward from an anti-aircraft gun 
placed at the height 4,=200 m above sea-level, the initial velo- 
city of the shell being v,=500 m/s. How long does it take the 
shell to reach the maximum height above sea-level and what is 
this maximum height (air resistance is neglected)? 

Air resistance being neglected, the motion of the shell can be 
considered as uniformly decelerated with negative acceleration —g. 
Then, as is known, the height A of the shell above sea-level at 
time ¢ is expressed by the formula 


h=hy+u¢—£ 1? 


Hence, fA is a quadratic function of ¢, and a=—£ <0. The 


greatest value of the function A (that is the maximum height of 
the shell above sea-level) is attained for 


Consequently, the shell reaches its maximum height 51 s after the 
shot, and the greatest value of A is 


H = 200+ 500-51 —2°.51? = 12,955 m~ 13 km 


In reality, due to air resistance, H is considerably smaller. 

17. Inverse Variation. Linear-fractional Function. When the ratio 
of one variable to the reciprocal of another variable is constant 
one of them is said to vary inversely as the other. The inverse 
variation of y as function of x is described by the formula 


x 


where a is a constant (a=<0). We also say that y is inversely 
proportional to x. 


ey 
ea 
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A feature of this functional relationship is that if x,, gy, ‘and 
Xy, Y, are two pairs of mutually corresponding values of x andy 
then 9,24, = %,2%,. 

If y=— then x=—; hence if y is inversely proportional to x 


then x, in its turn, is inversely proportional to y with the same 
coefficient a. 

Inverse variation is a particular case of a more general functional 
relationship described by a linear-fractional function of the form 


_ ax+b6 
y= cx-+d (*) 





where a, 6, c and d are constants (c+<0). For a=0 and d=0 
it reduces to inverse proportionality. 
Linear-fractional function (*) is defined over the whole x-axis 


except for the point x=—t ( which coincides with the point 


x=0 in the case of the function y=— : 


We shall suppose that bc—ad-=<0 since, if otherwise, the linear- 
fractional function degenerates into a constant. For if 6bc=ad, 


we put a=cm and b= dm where <=m, and obtain 





y= cx-+d cx--d cx-+d 


Performing a translation of the coordinate axes we readily 
prove that the graph of a linear-fractional function is an equi- 
ateral hyperbola with asymptotes parallel to the coordinate axes. 


Indeed, if the origin of the translated system is placed at the 
d 


point O’ (—=. =) the equation of the graph of linear fractional 
function (*) in the coordinates O'x’y’ takes the form 
bc— ad 

c? 





’ a’ ’ 
y= where a’ = 


(by the hypothesis, bc—ad-s40, and therefore a’=0). The latter 
equation describes an equilateral hyperbola whose asymptotes are 
the new axes O’x’ and O’y’, that is the straight lines 


d a 
Son and y=> 


Thus, to construct the graph of a linear-fractional function we 
draw through the point ~—<£, = the straight lines parallel 


to the coordinate’ axes, take them as the new coordinate axes 
and trace the equilateral hyperbola with semi-axes equal to V 2] a’ |. 
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The sign of the expression a’ = , ie. the sign of bc—ad, 


determines the quadrants in which the hyperbola lies: if bb-—ad > 0 
the hyperbola is in the first and third quadrants and if bec—ad <0 it 
is in the second and fourth quadrants. 

As an example, consider the function 


_x¢+1 
91 





bc — ad 
c* 


Here we have a=1, b=1, c=! and d=—1I, and, consequently, 
the asymptotes of the hyperbola are the lines ral and 


y= <= 1. Furthermore, q! = HI 2, and hence the semi-axes 
of the hyperbola are equal to Y2{a’|=2. Fig. 14 demonstrates 
the graph of this function; it lies 
in the first and third quadrants for- 
med by the asymptotes since bc— 
—ad=2> 0. 

In the particular case of in- 
verse proportionality, i.e. for 
y= -, the asymptotes coincide 
with the coordinate axes. 

The behaviour of the linear-frac- 
tional function is clearly seen 
from its graph: 

In every interval of the x-axis 


not containing the point x= — “ 
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Fig. 14 linear-fractional function (*) either 
only increases or only decreases. 

The character of variation (that is increase or decrease) depends 
on the sign of the expression bc—ad: if be—ad> 0 the function 
is decreasing and if bec—ad <0 it is increasing. 

Let us again consider tie f1 action y= whose graph is 
depicted in Fig. 14. For the values of x less than I the function 
permanently remains less than unity and decreases as x approaches 
unity. When the argument x passes from the values of x smaller 
than | to those greater than ! the function “makes an infinite 
jump” and passes from the values which are negative and arbit- 
rarily lerge in their absolute values to arbitrarily large positive 
values. After this jump, as x increases, the function decreases 
remaining greater than unity and approaching unity when x grows 
indefinitely. 
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§ 4. Inverse Function. Power, Exponential 
and Logarithmic Functions 


18. Inverse Function. Consider a function y =f (x) with a domain 
of definition (that is the admissible set of the values of x) D and 
a range (the set of the corresponding values of y) G. We say that 
the function y=f (x) specifies a mapping* of the set D onto the 
set G. The definition of the notion of a function implies that to 
each point of the set D there corresponds a uniquely determined 
point of the set G. If, in this mapping, each point of the 
set G corresponds to a single point of the set D the mapping 
(the correspondence) is said to be one-to-one. For a one-to-one 
mapping to different points of the set D there correspond different 
points of the set G. 

For instance, the function y= .x° specifies a one-to-one mapping 
of the whole axis Ox onto Oy since to every value of x there 
corresponds a single value of y, and, conversely, to each y there 


corresponds a single value of x equal to V Y. 

For the function y=x? the mapping of Ox (which is its domain 
of definition) onto the interval (0, oo) of the y-axis (which is the 
range of the function) is not one-to-one because to every y>0 


there correspond two values of x:x=+Vy and x=—Vy. 

The function y=sinx maps the entire Ox axis onto the inter- 
val [—1, 1] of the y-axis. It is apparent that this mapping is 
not one-to-one: to every value of y belonging to the interval 
(—1, 1] there correspond an infinite number of values of x. 

If a function y=f (x) performs a one-to-one mapping of a set D 
onto a set G then, according to the above definition, this corres- 
pondence assigns to every value of y belonging to the set G a 
single value of x belonging to the set D. Therefore we can say 
that this defines a function x=q(y) whose domain of definition 
is G and range D. We see that in this construction the roles of 
the variables x and y are interchanged: y becomes an independent 
variable and x a function. The functions y=f(x) and x= (y) 
thus related are said to be mutually inverse. 

If the mapping of the set D onto the set G is not one-to-one 
then, to some values of y (and possibly to all of them) there 
correspond several different values of x, and we thus encounter 
the situation which was described in Sec. 12 where implicit func- 
tions were considered. Namely, in this case the inverse function 
x==@(y) is multiple-valued (we also say that the inverse mapping 
specified by the function y=f(x) is many-to-one). This question 
will be discussed in more detail later on, and now we proceed 


1 In modern mathematics the terms “function” and “mapping” and also 
“transformation” and “operator”. are used .synonymously —7r. ag 


4* 
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to establish a geometrical relationship between the graphs of 
mutually inverse functions and to study techniques for construc- 
ting the graph of the inverse of a given function. 

Let a variable y be represented as an implicit function of x: 


y=f (x) (*) 


The same equation can be interpreted as defining x as an impli- 
cif function of y. To find the explicit expression of this function 
ve should solve (provided this is possible) equation (*) with 


respect to x: 
x= (9) (**) 


It is clear that if the correspondence between the points of the 
ranges of the functions x and y is one-to-one the functions y=} (x) 
andx=g(y) are single-valued 
and mutually inverse. For in- 
stance, if y=x*? then x= jV/y, 
and if y=10* then x=logy 
(in both cases there holds the 
condition that the correspon: 
dence is one-to-one). It is easily 
verified that the inverse of a 
linear function is also a linear 
function and that the inverse 
of a linear-fractional function 
is also a linear-fractional func- 
tion. 
If a function is originally 
specified implicitly, i.e. by an 
Fig. 15 equation connecting x and y, the 
resolution of the equation with 
respect to y and with respect to x results in a pair of mutually 
inverse functions (of course, on condition that the correspondence 
between the points of te ranges of x and y is one-to-one). For 
example, the equation xy+3x—y—1=0 defines the mutually 


inverse functions y= ——~ and rate, (both functions are linear- 


—X-+-] 
fractional). 

Equations (*) and (**) describe one and the same curve in the 
xy-plane, out for the function 7 the axis of its argument is x 
while for the function g this role is played by Oy. 

For instance, if y=x? then x=j/y. The graph of these rela- 
tionships is a cubical parabola (Fig. 15). 

If we want to construct the graphs of two mutually inverse 
functions so that x is the axis of the argument for both of them 
we should denote the independent variable in formula (**) by x 
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and the function by y, that is, like in formula (*). Then we 
receive 


y= @ (x) 


In this notation the letter x designates the independent variable 
and the letter y the function for both mutually inverse functions 
y=f[(x) and y=q(x). For example, the functions y=x° and 
y= x or y=10* and y=logyx are mutually inverse. 

Note that if the operations indicated by two mutually inverse 
functions are performed, in succession, on an arbitrary value 


of x, this value remains invariable. For example, x8 = x, 
(j/x)® =x and log 10*=x, 10!ee*—x, 
In the general form this property can be written as 


p{f(x)]=x and f[e(x)}=x 


that is, when applied in succession, the symbols of two mutually 
inverse functions “cancel out”. In the first relation the value 
of x should belong to the domain of definition of the function 
y=f (x) and in the second relation to the domain of definition of 
y=q(x). For instance, the identity log10*=—¥x is valid for 
all x while the identity 10'%*—¥x only holds for x>0. 

If the correspondence between the points of the ranges of x and 
y is not one-to-one these relations can be violated; for instance, 


this is the case for Yx* which has the two values x and. —x. 

There is a simple relationship between the graphs of y=f (x) 
and y=@ (x): 

The graphs of two mutually inverse functions y= (x) and y=f (x) 
are symmetric with respect to the bisector of the first and third 
guadrants. 

Indeed, let 
y =f (a) =b 


for x=a. The point M (a, b) belongs to the graph of the given 
function. Therefore the point M’ with coordi- 

nates (6, a) belongs to the graph of the inverse 6 Mt 
function since a=q(b). We have (see Fig. 16) 
LAON'M' = A ONM, which implies “ N’OM’ = 
= “NOM and OM'=OM. It follows that, in 
the first place, the bisector OR of the first and 
third quadrants serves as the bisector of the 
angle MOM’ as well, and, in the second 
place, the triangle A MOM’ is _ isosceles. 
Therefore, the bisector OR is in fact a sym- 
metry axis of the triangle MOM’. Thus, for every point of 
the graph of the given function there is a point on the graph of 





Fig. 16 
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the inverse function such that these points are symmetric about 
the bisector of the first and third quadrants. Since the converse 
is, apparently, also true the desired assertion has thus been proved. 

Consequently, if the graph of a function is given the graph of 
its inverse can be obtained from the former by a mere reflection 
in the bisector of the first and third quadrants, that is, by the 
rotation about the bisector through 189°. Such a construction is 
illustrated in Fig. 15 where it is shown how the graph of the 
function y= j/x is obtained 
from the graph of its inverse 

=x". 

Now we proceed fo establish 
conditions under which a map- 
ping of a set of values of x onto 
a set of values of y is one-to- 
one; these conditions guarantee 
the existence of the single-valued 
inverse of the function y=f (x). 
If to every value of x there 
corresponds a single value of y, 
every straight line parallel to the 
axis of ordinates intersects the 
graph oj the junction at no more 
than one point, and vice versa. 
If the correspondence attributing certain values of y to the values 
of x possesses the same property, the above condition should also 
hold for the straight lines parallel to the axis of abscissas. It is 
clear, geometrically, that these conditions hold ij the given func- 
fion is monotone; then the inverse function is also monotone. 

Here we shall not present a rigorous proof of this assertion 
limiting ourselves to its geometrical visuality implied by the 
relationship between the graphs of two mutually inverse functions 
established above. 

If the given furciton is not a »notone the situation becomes 
more complicated. For instance, fake the function y=x* whose 
graph is a parabola (see Fig. 17). Let us split the domain ol 
definition of the function (which is the whole number scale) into 
two intervals on which the function is monotone: (—co, 0] and 
{0, o9). In each of these intervals the function y=x’? possesses 
the inverse: for the interval (—oo, 0] the inverse function is 
y=—Yx and for {0, 09) it is y= -+\V-x (Fig. 17). The symbol 
Vx designates the arithmetic (i.e. positive) root. 

As in Sec. 12, we can say that the inverse of the function 
y=x? is a multiple-valued (in this concrete case two-valued) 


function, the functions y= +YVx and y=—)Vx being its single- 


gh yea? 





--— 
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valued branches. (In future we shall write, for brevity, y=Vx 
instead of y= +V x.) 

In what follows, when speaking of mutually inverse functions, 
we shall assume, without further stipulation, that they are both 
monotone in their domains of definition. 

If a function in question is not monotone we break up ifs 
domain of definition, as in the above example, into intervals of 
monotonicity and consider the corres- 
ponding single-valued branch of the 
inverse function for every such inter- 
val. Further examples will be consi- 
dered in Sec. 22 in connection with 
inverse trigonometric functions. 

19. Power Function. The power 
function 


y= xe 


is defined throughout the x-axis for 
positive integral values of the expo- 
nent a. The shapes of the graphs of 
the functions y= x" for various posi- 
tive integers n are demonstrated in 
Fig. 18. For even (odd) n these fun- 
clions are even (odd), and therefore 
it is sufficient to investigate their Fig. 18 
general properties only for x>0. 
The greater n, the closer to the axis of abscissas lie the corres- 
ponding graphs within the interval (0, 1) and the faster the moving 
points of the graphs go upward as x approaches unity. 
Applying the results of Sec. 18 we can immediately construct 





1 
the graphs of the inverse functions y= j/x=x" of the functions 
y=x", In the construction it should be taken into account that 


1 

for an odd n both functions y= j7/x=x" and y=<x" are defined 
over the whole number scale, are monotone, and the shape of 
their graphs resembles Fig. 15 (which corresponds to the case 
fi==3). If n is even the function y=x" is again defined 
throughout Ox while the inverse function splits into two branches 
y= +7/x and y=—y/x having the interval [0, 00) as_ their 
coinmon domain of definition. The graphs of these functions are 
al to those shown in Fig. 17 (corresponding fo the case 
A=Z):; 

Now let us demonstrate by examples the properties of the power 
function for nonintegral positive rational values of the exponent. 
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3 
The function yor? =j/s is defined for .all values of x and 
is even; ifs graph is shown in Fig. 19. Consequently, its inverse 
3 


y=x? =V x? has two single-valued branches defined in the interval 
[0, oo); their graphs are given in dotted line in Fig. 19. The 
8 3 


function y=x? and its inverse y=x* are odd and defined on 
the entire x-axis. Their graphs are similar to those in Fig. 19. 
It is clear that for other positive rational exponents the graphs 
of the corresponding power functions are of one of these types. 





Fig. 19 Fig. 20 


For irrational (and positive) values of the exponent a the power 
function is only considered for x>0. (Its definition and investi- 
gation for x<0 involves complex numbers and functions, and 
we do not consider this question in our course.) 

Fig. 20 shows schematically the graphs of the functions y= x® 
for a<1anda@>1! in the first quadrant. These functions are 
increasing in the interval (0, oo); their graphs pass through the 
points (0, 0) and (1, 1), and the straight line y=x separates 
them into two classes: for «<3 they are convex upward and for 
c > 1 convex downward. 

The curve y=x” with a@>0 is called a parabola of order a. 
Thus, the graph of y=x? (which is an ordinary parabola) is a 
parabola of the second order, and y=-x® describes a parabola of 

8 


the third order. The curve y=x? (or y*=x*) which is frequently 
encountered is a parabola of order = and is referred to as the 


semi-cubical parabola (Fig. 19). 
For a<0 the graphs of the functions y=x% are of an essen- 
tially different type. Let a=—B where B>0. In Fig. 21 we see 
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the graphs of the functions y =—5 (for various 6 > 0) in the first 


quadrant. All these functions are decreasing in the interval (0, oo). 
When x increases unlimitedly the variable y decreases and appro- 
aches zero indefinitely, and, conversely, when y increases unlimi- 
tedly the value of x decreases and approaches zero indefinitely. 
It follows that for any B >0 the positive halves of the axes Ox 





J 
year 
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Fig. 21 Fig. 22 


and Oy are asymptotes of the line y=—-. As before, all the 


curves pass through the point (1, 1). 

In Fig. 22 the graph of the function y= is shown in the 
whole domain of definition. Let the reader construct the graphs 
of the functions y=—F for various rational exponents f. 


The line y=-y B>0, is called a hyperbola of order 6; for 


B==1 it is an ordinary equilateral hyperbola. 

In conclusion we note that in physics and engineering the lines 
y=x* are referred to as polytropic curves. 

20. Exponential and Logarithmic Functions. 

J. Exponential function. The exponential function 


y=a* 
is considered only for a>0O and a+ 1.! 


This function is defined on the whole x-axis and is everywhere 
positive, i.e. a* > 0 for any x. This means that when x is a fraction 


1 For a<0 the domain of definition of the function y=a* consists solely 
of rational numbers x= with odd denominators g; for a=1 the function is 
equal to | for all values of x. 
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we confine ourselves to the artfhmefic root. Therefore the graph 
of any exponential function lies above Ox. Since a° = 1, it passes 
through the point (0, 1). The behaviour of an exponential function 
depends on whether a>1I1 or a<l. If a> 1 an increase of the 
exponent x results in an increase of y, and if the argument increases 
indefinitely the same is with the function. If a < 1 then, conver- 
sely, as the argument increases, the function decreases and appro- 
aches indefinitely (asymptotically) zero. 


The graphs of the exponential functions with bases a and - are 


symmetric with respect to Oy. For the function y= (=) can be 


written as y=a~* whence it follows that for positive x’s it assumes 
the same values as the function y=a* for the negative x's having 
{he same absolute values, and vice versa. This exactly means 
that the graphs of the functions 


y = a* 


r= (so 


are symmetric relative to the axis of ordinates. 

In Fig. 23 we see the graphs of two exponential functions for 
a>1landa<l. The x-axis ser- 
ves as the asymptote for the line 

=O"; 

Exponential functions are en- 
countered in various problems. 
Most frequently we deal with the 
exponential function whose base 
is a special number e playing a 
very important role in mathema- 
tics (see Sec. 31); its approximate 
value is 2.718. The exponential 

Fig. 23 function y=e* is also designated 

as Yy=expx. There are many 

important relationships in natural sciences that are expressed by 
formulas of the type y= Ae**. 

JI. Logarithmic function. The logarithmic function 


y= log, x 


is the inverse of the exponential function y=a* (a>0, al). 
Therefore, for a given a, it is easy to construct its graph by 
rotating Fig. 23 about the bisector of the first and third quad- 
rants through 180°. The graph of a logarithmic function is called 
a logarithmic curve (see Fig. 24). 


and 
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The graphs in Fig. 24 make it possible to describe the properties 
of logarithmic functions. First of all, we see that every logarithmic 
function is defined throughout the positive x-axis and is not defined 
for the negative and zero values of the independent variable. All 
logarithmic curves pass through the point (1, 0) since the logarithm 
of unity is always equal fo zero. 

Properties of a logarithmic function are essentially dependent 
on whether a> I or a<l. In the former case (a> 1) the loga- 
rithmic function is increasing over the 
whole interval (0, co), assumes negati- 
ve values in the interval (0, 1) and po- 
sitive on the interval (1, oo). In the 
latter case (a < 1) the logarithmic func- 
tion is decreasing in the whole interval 
(0, 00), is positive in the interval (0, 1) 
and negative in the interval (1, ©). 

The graphs of the logarithmic func- 7 


tions to bases a and + are symmetric 
with respect to Ox. 
Taking into account that the logarith- 


mic and exponential functions are mu- 
tually inverse we can write (see Sec. 18) 






Fig. 24 


log, a*=x and a'%e* —x 


The first of these equalities is valid for any x and the second 
only for x>0. 

Using the last relation we can represent, for x>0, any power 
function y=x* with an arbitrary exponent @ in the form of a 
function composed of the logarithmic and exponential func- 
tions: 

y= x= (q'%a *)* at log x 

Let us take logarithmic functions to two different bases a, and 
a,: y, =log, x and y,=log, x. Expressing x from the first relation 
in terms of y, and substituting it into the second relation we 
obtain y, = log, ai' =y, log, a, whence 
log,,% 
logg, a; 

Putting x=a, we receive the relation log,, a, = ioe a 
a2”1 

In order to pass in the logarithmic function from a base a, to 
another base a, we should multiply the logarithms to the base a, 


by the constant factor ae Consequently, the logarithms of the 
numbers to different bases are proportional, that is one logarithmic 


log,, += 
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curve is transformed into another by increasing or decreasing all 
its ordinates the same number of times. 

The logarithms to the base 10 are denoted as log x and are called 
common (or decimal) logarithms, and the logarithms to the base e are 
termed natural logarithms! (see Sec. 37, 11J) and denoted as Inx. 


§ 5. Trigonometric, Inverse Trigonometric, 
Hyperbolic and Inverse Hyperbolic Functions 


21. Trigonometric Functions. Harmonic Vibrations. 


I. Trigonometric functions. In mathematical analysis the argu- 
ment of the trigonometric functions 


y=sinx, y=cosx, y=tanx 
y=secx, y=cscx, y=cotxs 


is always considered as an arc or angle measured in radians. For 
instance, the value of the function y=sinx corresponding tox=x, 
is equal to the sine of the angle of x, radians. 

Remember that the radian measure of an angle is the ratio of 
the length of the are it subtends to the radius of the circle in 
which it is the central angle (a constant ratio for all such circles). 
In this very sense such expressions as x+sinx, xcosx and the 
like are understood. We suggest that the reader compute the 


values of these expressions for x=0.5, x=1 and x=2 using tri- 
gonometric tables. 





Fig. 25 


The six trigonometric functions y=sinx, y=cosx, y=tanx, 
y= sec x,y=cscxand y=cotx are connected by the five well-known 
algebraic relations (derived from the definitions of these functions) 
which make it possible to determine from a value of one of them 
the corresponding values of the others. 

The trigonometric functions are periodic: the functions sin x and 
cosx (and therefore cscx and secx as well) with period 2x and the 
function tanx (and therefore cot x) with period =x. 

- Let us consider the well-known graphs of trigonometric functions. 
We begin with the graph of the function y=sinx (see Fig. 25). 





1 Natural Jogarithms are also referred to as WNapierian after J. Napier 
(1530-1617), 2 Sottish mathemeticien. 
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In the interval |0, 3 
37 


the interval E : >| decreases passing through zero attained at the 


it increases from zero to unity and then in 


point xa and reaching its least value —1 at sl . Finally, in the 


interval Ee 2a| it again increases from —1 to zero. The period of 


the function y= sin x being 22, the whole graph (called the sinusoid) 
is obtained by shifting its part corresponding to the interval 
(0, 2x] to the right and to the left by 2x, 4x, 62, .... The function 
y=sinx is odd, which is clearly seen in Fig. 25 since the graph 
is symmetric about the origin. 

For the cosine we have 


cos += sin («+ 3) 


and hence, according to Sec. 14, the graph of the function y=cosx 
is obtained from the sinusoid by shifting the latter = units of 
length to the leit along the x-axis (see Fig. 26). 





Fig. 26 


The function y=cosx decreases on the interval [0, x] from 1 
to —1 assuming zero value at the point L=> and then, on the 
interval [z, 2x], increases from —1 to 1 passing through zero value 
at the point xa ae On the rest of the number scale its graph is 


obtained by the periodic continuation with period 27. The function 
y==cosx is even, and its graph is symmetric with respect to the 
axis of ordinates. 

The function y=tanx is periodic with period z, and therefore 
it is sufficient to analyse the shape of its graph on the interval 


[0, x]. It is mot defined at the point x= si when x increases and 
approaches + from the left the function y=tanx is positive and 


increases indefinitely; as x decreases and approaches = from the 


right the function y=tanx is negative and its absolute value 
increases indefinitely. Because of the periodicity of the function 
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y=tanx with period x the shape of the graph is the same in the 
vicinity of every point x= (24+ 1) where & is an arbitrary in- 


teger. The graph of the function y= tan~ (called the fangent curve) 
on the entire axis Ox is obtained by the periodic continuation 
(with period x) of its part corresponding to the interval [0, =] 
(see Fig. 27). On every interval where the function y=tanx is 
defined it increases. It is an odd 
function, and therefore its graph 
is symmetric with respect to 
the origin. 

We suggest that the reader 
draw the graphs of the remai- 
ning trigonometric functions 
cscx, secx and cotx and desc- 
tibe their peculiarities. 

II. Harmonic vibrations. Tri- 
gonometric functions have many 
important applications in math- 
ematics, matural sciences and 
engineering. They are mainly 
involved in problems dealing 

Fig. 27 with periodic processes whose 

course is repeated in one and 

the same succession and form over certain intervals of the argu- 
ment (which most often is time f). 

The simplest processes of that kind are the so-called harmonic 
vibrations in which the coordinate s of a vibrating point depends 
on time ¢ according to the harmonic law 


s= Asin (wf + 9,) 


This function describes a sinusoidal functional relationship in 
which the constant number A is called the amplitude of vibrations.’ 
The number A is equal to the greatest value of |s| attained in 
the process. The argument wf-+, substituted into the sine is 
referred to as the phase of vibrations, and the number q, which 
is equal to the value of the phase for t=0 is the initial phase. 
Finally, = is termed the frequency of vibrations. 

The last term is accounted for by the relationship between the 
quantity @ and the period 7 of the function in question (7 is the 
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1 For definiteness, we shall suppose that A is positive; if the factor A in the 
expression A sin (wf+@p) is negative we can write 


s= A’ sin (wf +9) 
where A’=—A >O and Go=Go-+a, 
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period of vibrations). The function s=Asin(wf+,) is periodic, 
its period 7 being equal to a since the phase gains an increment 


of 2n if the independent variable ¢ is given the increment =, 


Hence, ——o and therefore sr is equal to the number of pe- 


riods contained in unit time. Thus, it indicates how many times 
the periodic process tn question repeats its shape during a unit 
time interval, that is, it characterizes the frequency of the process. 





Fig. 28 


Accordingly, the number shows how many times the repetition 
occurs during an interval of 21 time units; it is called the circular 
frequency or, briefly, the frequency. 
To construct the graph of the function 
s= Asin (wt + 9,) 
it is convenient to write it down inthe forms=A sino (¢ +2) and 


to apply the techniques described in Sec. 14. 
We suggest that the reader construct the graph of the function 


. aT 
s=3sin (2t+-3 | 
(its sketch is shown in Fig. 28). 
A vibration described by the equation 
s=Asin (wf + 9,) 
is called a simple harmonic motion (vibration), its graph being 
referred to as a harmonic. 


In applications we often deal with vibrations of a more com- 
plicated form representable as a sum of simple harmonics: 


s= A, sin (w,t-+- ¢,)+ A, sin (w,f+9,)+...+A, sin (w,! + 9,) 
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where A,, A,, ..., A, are constants. A vibration of this type is 
called a superposition of simple harmonic motions (a compound 
harmonic). The graph of such a vibration may be of an extremely 
complicated shape. In Fig. 29 we see the graph of the function 


s=2sin 2f+sin (31+) 


given in continuous line and the graphs of the constituent functions 
2sin2f and sin (3145) in dotted line. This is a periodic function 
\ 





Fig. 29 


with period 2 represented as superposition of two simple harmonics 
° : : IT 
s=2sin2¢ and s=sin (31+) 


22. Inverse Trigonometric Functions. Inverse trigonometric fun- 
clions are investigated with the aid of the results of Sec. 18. Let 
us begin with the inverse of the function y=sinx. The domain 
of definition of sinx (which is the whole number scale) is divided 
into an infinite number of intervals of monotonicity: 


_3t 8 aes. ee x os 
“ee 2° 2}? OF Os he: oe ees 


As 2 principal interval let us take fee > . The branch of 
the inverse of the function y=sinx corresponding fo this interval 
is denoted 2s y=arcsinx (read “are sine of x”). The range of the 
function y=sinx being the interval {—1, 1], the domain of defi- 
nifion of the function y=arcsinx coincides with that interval. 
The range oi the function y=arcsin~x is the interval | > 3|: 


=a = arcsinx <> 


The value of the function arcsinx is equal to the magnitude 
of the angle measured in radians whose sine is equal to the given 
value of the independent variable x, this angle being chosen among 
al! the angles satisfying this condition so that it lies between 
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—F and >: Thus, the equality y=arcsinx is equivalent to the 


two equalities 


sin y = sin (arcsin x)=x, —S<y< 


to] 8 


Constructing the graph of y=arcsinx according to the general 
rule for determining the graph of an inverse function, that is 
rotating Fig. 25 through 180° about the bisector of the first and 
third quadrants, we obtain the curve given in heavy line in Fig. 30. 
It is readily seen that the function y=arcsinx is increasing and 
odd (arc sin (— x) = — arc sin x). 

Now, we construct on every interval of monotonicity of y=sinx 
the corresponding inverse function and thus obtain an infinitude 
of single-valued branches each of which is defined 
in the same interval [—1, 1]. The graphs of two Y 

arf it 


of them corresponding to the intervals |— a —+| 


and |=, 21 are shown in Fig. 30. Let the reader 
check that the first of these functions is equal to 
—n—arcsinx and the second to n—arcsinx. 
Also write the expressions for two more branches 
corresponding to the neighbouring intervals. The 
collection of all the single-valued branches of the 
inverse of y=sinx is denoted by 


y=Arcsinx 


According to the terminology introduced in pre- 
vious sections we can say that this is an infinite- 
valued function since it splits into an infinife num- 
ber of single-valued branches. If the graphs of all 
of them are drawn this results in a sinusoid similar to the one 
in Fig. 25 but “oscillating” about the axis of ordinates (see Fig. 30). 

As a rule we deal with the branch y=arcsin¥x called the prin- 
cipal value of the function Arc sin x. 

The inverse of the function y=cosx is investigated in a comple- 
tely similar manner. The intervals of monotonicity of y=cos<x are 


...,[—2x, —x]j, [—a, 0], [0, x], [x, 2x], ... 





Fig. 30 


The inverse of the function y=cos x corresponding to the interval 
[0, x] is denoted .as y= arccosx (read “arc cosine of x”). Its graph 
is given in heavy line in Fig. 31. This function is defined in the 
interval [—1, 1] and takes on the values lying between 0 and zx: 


Ox arccosx<in 
5—2280 ) 
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Consequently, the equality y=arccosx is equivalent to the two 
relations 
cosy =cos(arc cosx) =x and Oya 


The function y=arccosx is decreasing since cosx decreases in 
the interval (0, x]. When computing the values of y=arccosx 
it is advisable to use the identity 


arc cos (— x) = m— arc cos x 
which is directly implied by the reduction formula cos(a—a) = 
== — COSG, 
The collection of all single-valued branches of the inverse of 
y=cosx (their number is again infinite) is denoted as y= Arccosx; 
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Fig. 31 Fig. 32. 


the graphs of these branches are shown in Fig. 31, the branch 
y= arecosx being called the principal value of y= Arccos~, 
We also give the following formulas: 


sin (arc cosx)= +V 1—x? 

cos (are sinx) = +V1—x? 

. at 

are sin x + arc cos x=— 


2 
(let the reader derive them). 
Now let us consider the inverse of the function y=tanx. The 


function increases on the interval (— +, > , and consequently 


it possesses a single-valued inverse function which is denoted as 
y=arcelanx(“arc tangent of x”). Its graph is given in heavy line 
in Fig. 32. The properties of the function tanx imply that the 
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function y—arctanx is defined on the entire number scale and 
» ° o xt at 
is tncreasing and odd. Its range is the interval (—$ i 


“7 


2 arctane << = 

The collection of all single-valued branches of the inverse of 
yretany is designated as oy Archana. The straphs of the bran- 
ches different from y - arctana (which is termed the principal 
value of Arctana)y are obtained from the graph of ws arctan 
by parallel displacements along Ou by &x, kL. 4-1, +2, 2... 
(ig. 32). 

Let the reader also analyse the graph of the inverse of the 
function w--cot yx. 

In what follows, unless otherwise stated, “inverse tripono- 
metric functions’ means the principal branches of the functlons., 

Trigonometric functions are also called circular functions ond 
{heir inverses are spoken of 3s inverse circular functions. 

23. Hyperbolic and tnverse Hyperbolic Functions. The hyper- 
bolic functions are not included info the class of basic elemen- 
tary functions bul we discuss them here since they are important 
for applications and admif of a simple investigation. They are 
encountered in various applied sciences (in particular, in electri- 
cal engineering, strength of materials and the like). 

I. Definition. The functions 


¢t pas eu 
sinh x= 





and 
sintix  @t amen 


WU erg pac pee 


where €== 2.718... (see Sec. 34) are, respectively, called the Ayper- 
balic cosine, thehypertolic sine and the Ayperbolic tangent. 

These functions are defined for all values of x. They are con- 
necled by a number of algebraic relations similar to those con- 
necting the corresponding trigonometric functions (these relations 
account for the words “cosine”, “sine™ and “tangent” entering 
into the names of the functions). In particular, there hold the 
formulas 


coshtx—sinhtx—1, cosh2x cosh? x-[- sinh x, 
sinh 2x -- 2sinh x cosh x, 


1 ' tnoh? xs 
ite eee es ie 
oer l— tanh? x ° sinh? x }—tanteFx 


which are readily checked. 


=! 
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Here we give without proof the following simple rule: if in 
any identity connecting the trigonometric functions cosx, sinx, 
and tanx the expressions cosx, sinx and tanx are, respectively, 
replaced by coshx, tsinhx and itanhx where it=—1, an iden- 
tity for the hyperbolic functions is obtained. 

The graphs of the functions coshx and sinhx are easily con- 
structed since we know the graphs of the functions e* and e~* 
(see Sec. 20); to this end we apply the method indicated at the 
end of Sec. 14. The construction of the graph of the function 





Fig. 33 


y= cosh x is demonstrated in Fig. 33a. This function is even and 
positive. The function y=sinhx is odd; it is positive for x>0, 
negative for x< 0 and assumes zero value at the point x=0. 
Its graph is shown in Fig. 330. 

From the graphs and also from the formulas defining the hyper- 
bolic functions it is seen that for jarge positive values of x we 
can approximately write 


e~ 7 e* 
cosh x = > and sinhx~ o 


since the term &— is negligibly small for large x >0. Even for 


x>4 the absolute error of these approximations is less than 
0.01, the relative error being less than 0.04%. 

It clearly follows that for large positive values of x the func- 
tion tanh x approaches unity remaining less than unity. The 
function y=tanhx being odd and equal to zero at the point 
x= 0, its graph can be easily constructed schematically (see Fig. 34). 
The shape of this graph resembles that of the graph of arctanx 
(see Fig. 32), but it should be taken into account that its asymp- 
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totes are the straight lines y=--1 and not the lines y= 


(which are the asymptotes of arctan x). 
II. Inverse hyperbolic functions. The inverse functions of the 
corresponding hyperbolic functions are denoted as 


y=cosh~!x, y=sinh7?x and y=tanh-!x 


and termed arc-hyperbolic functions. 
The function sinhx is defined and increases in the interval 
(— co, oo), its range coinciding with Oy (Fig. 336). Therefore 
the function y=sinh~?x is defined 
throughout Ox and increases. It 
can be expressed explicitly by me- 
ans of the logarithmic function. 
To this end we rewrite the relation 
y=sinh-!x in the form 
ip 
2 


and solve the resultant equation Fig. 34 

with respect to e% and then with 

respect to y. After some simple transformations this leads to 
e7¥—2xeY—]=0 whence eY=x+)x?+1. The second root 
x—Vx?+ 1 of the quadratic equation is discarded since it is 
negative for all values of x and therefore cannot be equal to 
the positive quantity e%. Using natural logarithms (Sec. 20, ITI) 
we finally obtain 


y=sinh-?x=In(x+)Vx?+1) (*) 


The function coshx decreases throughout the interval (— oo, 0] 
and increases throughout [0, 00). Its range is the interval [1, 00). 
Consequently, the function y=cosh-'x splits into two single- 
valued branches defined for x21. Carrying out computations 
similar to the derivation of formula (*) we obtain the two expres- 
sions 


(cosh7! x), = In (x—Vx?— 1) and (cosh-! x), = In (x+-V x?— 1) 


The first branch is the inverse of the function y=coshx in the 
interval (—oo, 0] while the second corresponds to the interval 
[0, co). It is readily seen that 


—_ I] 
sli Slee Ss 
that is, In(x—Vx?—1)=—In(x+Vx?—1). This is of course 


a mere consequence of the fact that y=coshx is an even function. 


x= sinhy= A 
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The function y=tanh~!x is defined in the interval (—I, 
which is the range of the function tanh x. It is easy to verify th 
J 
y Hie fanh-t x= In 
The graphs of the invei 
hyperbolic functions <¢ 
shown in Fig. 385. 


: dle y= cosh 'Z QUESTIONS 
1 : 1, What numbers form t 
\ sel of real numbers? 
nL 2. How is the number scz 
~. constructed? 
3. What do we call an | 
terval? 
4. State the definition of 
neighbourhood of a point. 
Pig. 35 5. What is the absolt 
value of a number? 

6. Stale the basic propositions of absolute values. 

7. What is the absolute error? What is the limiting absolt 
error? 

8. What is the relative error? What is the limiting relati 
error? 

9, State the definition of a function of one independent va: 
able. What do we call the domain of definition of a function a; 
the range of a function? 

10. Give examples of functions of an integral argument. 

11. State the definition of the graph of a function in Cartesi 
coordinates. 

12. What does “to specify a function” mean? Describe the tab 
lar, analytical and graphical methods of representing functior 
What advantages and demerits does each of these methods posse: 

13, Describe various types of notation of functions. 

14. What do we call a particular value of a function? How 
it denoted? 

15, Enumerate the basic elementary functions. 

16. What is a composite function? Give examples of compos! 
functions. 

17. Describe the class of elementary functions. 

18. State the definitions of rational, algebraic and transcendent 
functions. 

19, What is an implicit function? Give examples of implic 
functions. 


y=sinh "x 


™~ 
§ 
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20. What do we call a zero of a function? 

21. State the definitions of even and odd functions. 

22. What do we call a periodic function? What is a period of 
a function? 

23. State the definition of a function increasing (decreasing) 
in an intervai. 

24. What is an interval of monotonicity of a function? 

25. State the definitions of the greatest and the least values of 
a function on an interval. 

26. Given the graph of a function y=f/(x), describe the const- 
ruction of the graph of the function y=a,/(a,x-+a,)--a, where 
a,, a,, @, and a, are constants. 

27. State the definition of a linear function. Draw its graph 
and prove its basic property. 

28. What is a quadratic function? Draw its graph and describe 
its behaviour. 

29. State the definition of a linear-fractional function. Draw 
its graph and describe its behaviour. 

30. What do we call the inverse of a given function? How is 
the graph of the inverse function constructed in Cartesian coor- 
dinates when the graph of the direct function is given? 

31. How are single-valued branches of the inverse of a non- 
monotone function defined? 

32. Draw the graphs of power functions for various exponents 
and describe the properties of these functions. 

33. Draw the graphs of exponential functions to various bases 
and describe the properties of these functions. 

34. Draw the graphs of logarithmic functions to various bases 
and describe the properties of these functions. 

35. Draw the graphs of the trigonometric functions and describe 
their properties. 

36. What is a harmonic vibration? What do we call the ampli- 
tude, the phase, the initial phase, the period, the frequency and 
the circular frequency of a simple harmonic motion? 

37. How do we construct a simple harmonic? 

38. Draw the graphs of the inverse trigonometric functions and 
describe the properties of these functions. 

39. How are the hyperbolic functions defined? Draw the graphs 
of these functions and describe their properties. 

40. Describe the properties of the inverse hyperbolic functions 
and draw their graphs. 
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24, Limit of a Function. In this section we consider a function 
y=f(x) of a continuous argument x (see Sec. 7). Let us intro- 
duce the notion of a limit of a function playing a fundamental 
tole in mathematical analysis. 

Suppose that the independent variable x approaches indefinitely 
a number x,. This means that x is made to assume the values 
which become arbitrarily close to x, but are not equa) io x,. 
To describe such a situation we say that x tends to x, and write 
x—x,. It may turn out that in this process the values of f(x) 
corresponding to x—+x, approach indefinitely a number A. Then 
we say that the number Ais the limit of the function y =f (x) as 
x—+x, or that the function y =f (x) tends to the number A asx —~x,. 

Definition. The number A is said to be the limit of the func- 
tion y= f(x) as x —+Xo if for all the values of x lying suffi- 
ciently close to x» the corresponding values of the function f(x) 
are arbitrarily close to the number A. 

If A is the limit of the function f(x) as x +x, we write 

lim f(x)=A4 or f(x) —A 
X-+> Xo XT Xe 
(the abbreviation “lim” means “limit”). 

It should be noted that this definition does not require that 
the function should be defined at the point x, itself. It is only 
necessary thet the function ‘ould be defined in an arbitrary 
neighbour! od of this point; at the point x, it may not be def- 


ned. For instance, the function y= Rs is not defined at the 


point x=0 but, as will be shown in Sec. 30, it tends to I as x 
tends fo zero. 

The determination of the limit of a function defined in a neigh- 
bourhood of a point x,, except possibly at the point x, itself, 
is one of the most important problems of the theory of limits. 
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The fact that a number A is the limit of a function f(x) as 
x—»+x, can be checked with the aid of the following test (which 
is equivalent to the definition of the limit): 

If, given any positive number e (however small), there is a po- 
sitive number 5 such that for all x different from x, and satisfying 
the inequality 

|x—x,| < 6 


(that is, for all x5£x, belonging to the 6-neighbourhood of the 
point x,) there holds the inequality 


[f(x)—A]<e 


the number A is the limit of the function f(x) as x —+Xp. 

As will be shown, in the concrete problems we shall be con- 
cerned with there is no practical need in the application of this 
test which involves lengthy and complicated calculations, since 
we shall derive some simple rules for finding limits. 

As an example, let us take the function y=3x—I1 and prove 
that for x +1 it has the limit equal to 2. To this end, choose 
a positive number e. For the inequality 


| (8x—1)—2] <e (*) 
or the equivalent inequality 
3ix—Ii{<e 
to be fulfilled it is sufficient that the condition 


Jz—I<z 
should hold. 
Consequently, for all x differing from 1 by less than = the 


function differs from 2 by less than e where e is an arbitrary 
positive mumber. Therefore, the 
function y=3x—1 does in fact 
tend to 2 as x-—+1. In this examp- 


le we can put 6=>. Here it is 


not necessary to stipulate the con- 
dition x54 1 since inequality (*) is 
also fulfilled for x=1, 

The existence of the limit, 
equal fo A, of a function y =f (x) 
for x-+x,, is illustrated geometrically (see Fig. 36) as follows: 
we erect the perpendiculars to Ox at the point x, and to Oy at 
the point A, extend them to meet at the point M and set an 
arbitrary positive number ¢«; the above test then implies that 





Fig. 36 


74 Ch. If. Limit. Continuity 


there exists a 5-neighbourhood of the point x, such that the part 
of the graph of the function y=/ (x) corresponding to this neigh- 
bourhood (with the point x, deleted) is contained in the strip 
bounded by the straight lines y= A—e and y=A+e. 

It is evident that if a function has a limit for «+x, this 
limit is unique since the values of the function corresponding to 
the values of x approaching x, must become arbitrarily close to 
a constant and hence cannot be simultaneously close to more than 
one constant number. 

A constant magnitude C is interpreted as a constant function 
y=C, and, consequently, according to the above test, it possesses 
a limit equal fo its own value: 

lim C=C 

XX 
For the difference C—C is equal to zero and thus is less than 
any given positive number. 

It is readily seen that for any point x, the function y= x has 
a limit which is equal to x,;: 

lim x=X, 
X+Xp 

Indeed, the inequality ‘ere ia where e is an arbitrary po- 
sitive number holds for all x’s belonging to the e-neighbourhood 
of the point x,, and therefore, in this case, we can simply put 

=A 

The definition of the limit and the above test do not provide 
practical means for finding limits; later on we shall derive some 
rules facilitating the determination of limits. 

Now let us discuss an example of a function having no limit 
as x-+0. Consider the function defined by the condition 


y = teh for x540 


This function is not defined at the point x=0. For the values 
of x less fhan zero the function is equal to —1] and for the va- 
lues of x exceeding zero it is equal to 1. Hence, there exists no 
number to which the valves of the function become arbitrarily 
close for af the values of x approaching the point 0. 

The function appearing if we add the point x=0 to the domain 
of definition of the function considered in the previous example 
and put y=0 for x=0 is called the signum function and denoted 


as y= spn: 
—] for «<0 
yasna| 0 for x=0 


1 for x>0 
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(the abbreviation “sgn” means “signum function”). Its graph is 
depicted in Fig. 37. 

25. Limits of Functions for x—+--oo. Let the independent 
variable x of a function y=f (x) increase indefinitely. This means 
that x is made to take on the values becoming greater than any 
given positive number. In such a case we say that x becomes 
positively infinite or that x approaches 
(fends to) plus infinity and write x —>-+ oo. J 
If x decreases indefinitely, that is, beco- 7 
mes less than any given negative number, 
we say that x becomes negatively infinite or 
that it approaches minus infinity and write 0 
x —+— 00, 

When studying a function whose argu- 
ment tends to (plus or minus) infinity we 
of course suppose that the function is defined Fig. 37 
for all the values of x under consideration. 

It may turn out that for the argument approaching plus (minus) 
infinity the corresponding values of the function y =f (x) become 
arbitrarily close to (fend fo) a number A. Then we say that A 
is the /imit of the function y=/f(x) for x—+-+ 00 (x-—+—0oo) or 
that the function y=f(x) tends to the number A as x—+-+ 00 
(aS Xx —+— 00). 

Let us begin with the definition of the limit for «—+-+ 00. 


| 





Fig. 38 


Definition. A number A is said to be the limit of the func- 
tion y= f(x) as x-—+--00 if for all sufficiently large values 
of x the corresponding values of the function f(+) become arbit- 
rarily close to the number A. 

If A is the limit of a function f(x) as x-—++00 we write 

limf(x)=A or f(x)—A 
XS+H xX—+>+ 0 

The existence of the limit, equal to A, of a function y=f (x) 
aS x —+-+-oo can be demonstrated geometrically (see Fig. 38); let 
us erect the perpendicular to Oy at the point A and choose an 
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arbitrary positive number e; then there is a number N >0 such 
that the part of the graph of the function y=f (x) corresponding 
io the values of x exceeding that number is contained within the 
Strip bounded by the lines 


y=A—e and y=A-+e 


In Fig. 39 we see Graphs J and // of functions which, when 
approaching their limits, as x —+-+-00, increase and decrease, res- 
pectively. Fig. 38 shows the graph of a function which approaches 
its limit, as x—+-+0o, in an oscilla- 
ting manner. In the last case the graph 
intersects the straight line y=A, 
that is, the function assumes the va- 
lue equal to its limit any number of 
times. This demonstrates, geometri- 
cally, possible ways of approaching 
alimit for x—+ oo. 
Bearing in mind the geometrical 
Fig. 39 interpretation of the limit of a func- 
tion, as x—+-++ 00, we can say that 
if lim f(x)=A, the curve y=f(x) has the straight line y=A 
XP+@0 





as its asymptote for x ++ oo. 

The definition and the geometrical interpretation of the limit 
of a function as x—+—oo are completely analogous to the above, 
and therefore we leave them to the reader. 

It may also occur that a function f(x) tends to one and the 
same limit A for x-—++oo and for x—+—oo. This means that 
for all the values of x sufficiently large in their absolute values 
the corresponding values of f(x) become arbitrarily close to A. In 
this case we write 

limf(x)=A or f(x) —-+A 
r~y~ od Xr @ 


The geometrical significance of this case is that the graph of the 
function y=f (x) is contatned in the strip bounded by the straight 
lines y= A—e and y=A--e (where e is an arbitrarily small po- 
sitive number) as the point x becomes sufficiently distant from 
the point x=0 (Fig. 40). In other words, the line y=A is an 
asymptote of the graph of the fu: ction y=f (x) both for x —+-+-0 
and Jor x —+— oo. 

To check that a number A is the limit of the function f(x) as 
x—+-+-0o (as x —+—oo) we can use the following test (equivalent 
to the definition of the limit): if for every positive number e (ho- 
wever small) ¢here is a positive number N such that for all the 
values of x satisfying the inequality 


x>WN (x <—N) 
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the inequality 
If(y—Al<e (*) 
holds, the number A is the limit of the function f(x) as x —+-+-00 
YF ee iiiy (*) is fulfilled for all x’s satisfying the condition 
|x| >N 
then A is the limit of the function both for x—+-+-c0o and for 


x—+—oo (i.e. for x—+oo) since this condition allows x to tend 
to infinity in an arbitrary fashion. 





Fig. 40 


tends to | when x approaches infinity in an arbitrary way, i.e. 


lim oe 2s) 
Keer! 





Fig. 14 shows that, as the abscissa of the moving point of the 
equilateral hyperbola ya increases indefinitely, this point 
becomes arbitrarily close to the line y=1. Let us apply the above 
test to verify this conclusion analytically. Choose an arbitrary 
e>0Q. For the inequality 


x-+-1 _ 2 
o—l=—=7 —% 





or the equivalent inequality 
2 
[x—i| >= 

to hold it is sufficient that 
2 
|xj—1 arn 
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because |x—I|{2|x]—1. Hence, for every x satisfying the in- 
equality 


Ixf> 241 


the function ae differs from I by less than e, which shows that 
x -+-1 
reo ta! 

(2) The function y= arctanx has different limits for x—++ 00 
and x—+—oo. It is clear from Fig. 32 that 





lim ==}. Hence we can choose the number N equal to=41. 


; bn ° It 
limarctanx=+ and lim arctanxy= —> 


x40 Xr O 


26. Limit of a Sequence. Let us consider a function of an 
integral argument. Usually such an argument is denoted by the 
letter m and the values of the function by some other letter 
supplied with a subscript indicating the value of the integral 
argument. For instance, if y=f(n) is a function of the integral 
argument n we write y,=/(n). Given such a function, we say 
that the values 


y, =f (1), y, = f (2), ene Yn, =f (n), coy 


assumed by the function form a sequence. 
Definition. A sequence is an infinite set of quantities num- 
bered with the positive integers and ordered as these integers are. 


If there is a sequence y,, Y¥,, Ys, ..., this assigns, to every na- 
tural number n, a value y,=/f(n). For instance, the terms of the 
geometric progression 5 - o ... are the subsequent values 


of the function f(n) =a. 


It may occur that, as n increases, the values y,=f(n) become 
arbitrarily close to a number A. Then we say that the number A 
is the limit of the function f(s) of the integral argument n or 
that the sequence y,, Y¥,,..., Y,, -.- has the limit A, as n—+0o, 
and write 


limf(a)=A or limy,=A 


Definition. A number A is said to be the limit of the function 
y==f(n) of the integral argument n or the limit of the sequence 
Yt. Vay --ey Yn,» Uf for all sufficiently large integral values of n 
the corresponding values y, of the function become arbitrarily 
close to the number A. 

We see that the definition of the limit of a sequence can be 
regarded as a special case of the definition of the limit of a 
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function, as its argument becomes positively infinite and assumes 
only integral values. Hence, if A is the limit of a sequence 


Yiy Yor +++) Yny ---y Lhen, given an arbitrary positive number e, 
there ts a positive number N such that the inequality 
\Y,—A | <é 


holds for all n>N. 
Examples. (1) The limit of the sequence 
I 2 3 n 
9? 3° 4? eaey n+l? ee 





exists and is equal to 1. Indeed, for the absolute value of the 


difference between ar and 1, which is equal to 





n ll= 1 

me | aet 

to be less than a given positive number ec, it is sufficient that 
the inequality n4-1>— should be fulfilled. This is equivalent 


to the condition n>——1, and hence, given ec, there exists 


N= +—| such that for all » > WAN the absolute value of the above 


difference is less than e, which means that I is the limit of the 
sequence in question. 
(2) Let us consider the sequence 


3m Las. 5 


n bs nt 
> 7sin =, --., = sin| 2n—1) 5], a 


sin = 


I. 
7» 7 sin 


The function Yn=— sin [(2n—1) 5 = (—1)-1 tends to zero as 


n— oo since |y,—O]=+<e for all values of 7 satisfying the 


condition a >=. The difference 


__.[ a+ 
y—o=— 
is positive or negative depending on whether is odd or even. 
When y, approaches zero its sign permanently alternates, and the 
variable tends to the zero limit oscillating about it. 

(3) In elementary geometry it is proved that the perimeter of 
a regular n-gon, inscribed in a given circle, which is a function 
of the integral argument n has a limit. This limit, by definition, 
is taken as the circumference of the circle. Similarly, the area of 
that n-gon possesses a limit which, by definition, is equal to the 
area of the circle. 
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(4) Now we give some examples of sequences having no limits. 
(a) The sequence 


ee wi ubet bs OE 5. Ft 
sins, sin=, sin, er sin, see 
does not possess a limit since, for n=1, 2, 3, 4, the variable 


y,=sin consecutively takes on the values 1, 0, —1, 0 which 
then are repeated indefinitely in the same order as n increases. 
Therefore the number to which y, tends, as n—+oo, does not 
exist. 

(b) The function y,=—2n-+-1 whose values corresponding to 
n=l, 2, 3, ... form the sequence of odd positive integers ], 3, 
5,... does not tend to any limit as n—+oo since y, increase 
indefinitely when n becomes positively infinite. 

27. Infinitely Large Magnitudes. Bounded Functions. For the 
sake of brevity, we shall only state the definitions for the case 
when x tends to a finite limit x,. Let the reader analyse the 
changes that should be introduced to embrace the case when x 
becomes infinite. 

I. Infinitely large magnitudes. Suppose that when x—+x, the 
“limiting behaviour” of a function y=/f(x) is such that its abso- 
lute value increases unlimitedly. Then we say that the function 
f(x) is an infinitely large magnitude as x—~+x,. 

Definition. A function y==f(x) is said to be an infinitely 
large magnitude (or is said to become infinite or to approach 
infinity) as c—+x» if for all the values of x lying sufficiently 
close to x» the moduli of the corresponding values of the fanction 
f(x) become greater than any given arbitrarily large positive 
number. 

If a function / (x) approaches infinity as <—-x, we write 

lias f (x)= 00 
12, 

This definition of an infinitely large magnitude indicates thet 
the absolute value of the function f(x) becomes arbitrarily large 
as the argument x enters a sufficiently small neighbourhood of 
the point x,. 

The relationship lim { (x)= oo can be checked by the following 


XZ, 

test (equivalent to the definition): if, given any positive number M, 

however lerge, there is a posifioe number 5 such that for all the 

values of x different from x, and satisfying the inequality 
|x—x,|<6 

the condition 


[f(x)[> A 
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is fulfilled, the function j[(x) ts an infinitely large magnitude as 
X—>Xo. . 

In the case x» oo the situation is the same if for every num- 
ber M, however large, there exists a posifive number WN such that 
ior all x’s satisfying the condition |x| > WN the inequality 


lf G){>M 
holds. 

The fact that a function y=/f(x) approaches infinity as r—x, 
can be illustrated geometrically (see Fig. 41a): if we choose 
arbitrarily a positive number M then there is a 6-neighbourhood 
of the point x= x, such that the part of the graph of the func- 
tion y=f(*) corresponding to this 6-neighbourhood (with the 
point x, deleted) lies oufside the strip bounded by the lines 
y=—M and y=M. 

The case x—+-+-co is demonstrated in Fig. 418. 





(6) 


Fig. 41 


A function y=f(x) which is an infinifely large magnifude as 
x—+x, does not have a limit in the ordinary sense. To extend 
the ordinary terminology and to characterize the behaviour of 
the function whose absolute value |{f(x){ increases indefinitely we 
oy that the function y=f (x) fends to tnfinity or has an infinite 
imit. 

Suppose that a function y=f(x) tending to infinity as x—~x, 
only assumed positive (negative) values in a neighbourhood of 
the point x,. Then we say that the function f (x) becomes positively 
(negatively) infinite or approaches plus (minus) infinity as x—+X,. 
In these cases we write, respectively, 


lim f(x)=-+eoo and lim f(x)=—o 
LX, t-+ig 
It should be borne in mind that these statements are understood 


conditionally: infinity is not a number, and therefore it is sense- 
less to speak about ordinary operations on the symbol oo. 
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Also, a concrete constant number, however large, must not be 
confused with an infinitely large magnitude (which is a variable). 


Examples. (1) The function y=— approaches infinity as x +0. 
Indeed, for the inequality 
I 
Tx] >M 
(where M is a given positive number) to be valid it is sufficient 
that the condition 
lx|<4p 
should hold, which means that the values x5£0 should belong to 
the =7-neighbourhood of the point x=0 (hence, in this example 
we can put b=4,). Thus, 


x+o* 
If x approaches zero and assumes only negative (positive) va- 


lues the function yoo tends to —co (+00): 


° ] ° ! 
lim—=—oo and lim ~=-+ 00 
xr+0* r+0* 

x<. 0 x > 0 


This limiting behaviour of the function y=— for x —+-- co is cle- 


arly seen from its graph which is the well-known equilateral hy- 
perbola. 

(2) The function ya is an infinitely large magnitude as 
x— +1; it tends to —oo if x remains less than | and to +0 if x 
remains greater than 1 (see Fig. 14). 


(3) The function Y= has the limit +-oo as x +0 (see Fig. 22). 


(4) As can be readily verified, the function y=a* becomes po- 
sitively infinite for x—+-++0o ifa>1: lim a*¥=+o., Ifa<! 


X > + 


we have lim a*=-+ oo (see Fig. 23). 


X+-@ 
In what follows, when speaking about a limit, we shall mean 
that the limit is finite unless it is stipulated that it is infinite. 

I]. Bounded functions. 

Defirition. A function y==f(x) is said to be bounded ina 
given interval if there is a positive number M such that for all 
the values of x belonging to this interval the inequality {f(x)|[<M 
holds. If otherwise, the function is said to be anbounded. 
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The graph of a bounded function (considered within the given 
interval) is completely contained between the straight lines y= 
=—M and y=M. It is sometimes more convenient to say that 
a function is bounded if its values are contained between two 
numbers A and B: 


A<f(x)<B 


(this definition is of course equivalent to the above). Then the 
graph of the function y=f(x) lies between the lines y=A and 
y= B. 

For instance, the functions y=sinx and y=cosx are bounded 
throughout Ox while the function y=a* when considered on the 
whole x-axis, is unbounded. It should be stressed that when speak- 
ing of the boundedness of a function it is necessary to in- 
dicate the interval on which the function is considered. For exam- 


ple, the function y= is bounded in the interval (1, oo) and 
unbounded in the interval (0, 1); the function y=tanx is boun- 


ded in the interval (0, 7) and unbounded in the interval (0, 


3) . In connection with this remark we introduce the following 
definition: 


Definition. A function is said to be bounded as x +x, if there 
is : prlenpanspooe of the point x, in which the function is bo- 
unded. 

Every constant magnitude (interpreted as a function) is of course 
bounded. Furthermore, every function y=f(x) having a limit as 
X—+x, is bounded as x—+x,. For, if 


lim f(x) =A 
x->X, 


then there is a neighbourhood of the point x, in which, except 
for x=x,, the function f(x) is arbitrarily close to the number A. 
Every function tending to infinity as x approaches x, is of 
course unbounded as x—+x,. 
It should be noted that the converse is not necessarily true be- 
cause there are unbounded functions which do not tend to infinity. 
For instance, the function y=xsinx assumes arbitrarily large 


Pa 4 ° ’ 
values (we have y 3 2b =x +2kx where k is any integer 


and hence it is not bounded as x—+ 00; at the same time it turns 
into zero for arbitrarily large values of x (since Y,..,==0) and 
therefore cannot tend to infinity. Indeed, if it approached infinity 
the absolute value of y would be arbitrarily large for all suffi- 
ciently large values of x and could not be equal to zero. Let the 
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reader draw a sketch of the graph of the function y=<xsinx and 
interpret this argument geometrically. 

28. Infinitesimals. 

Definition. A function a(x) tending to zero as x—-x, I|s 
called an infinitesimal as x—X,. 

According to what was indicated, this means that, given any 
2>0 (however small), there is 6 > 0 such that the conditions x=x, 
and {x—x,{<6 imply the inequality |a(x){|<e. Let the reader 
state the corresponding test for the case x—+oo. Examples of in- 
finitesimals are the functions 


y=x? for x—+0, y=x—I for <1 


=+ for x—+ ®, v=2 for x-—+—o©o 


A concrete nonzero constant number, however small, must nof 
be confused with an infinitesimal. The only constant number admit- 
fing of the interpretation as an infinitesimal is the number zero 
(since the limit of a constant is equal to that constanf). 

Every infinitesimal is of course bounded as x —+ xg. 

Infinitely large magnitudes and infinitesimals play a very im- 
portant role in mathematical analysis. The former are functions 
having no limits while the latter have zero limits; there is 2 
simple relationship between them expressed by the following the- 
orem: 

Theorem. If a function f(x) tends to infinity as x-— x, then 


Gy is an infinitesimal; if a(x) is an infinitesimal as x—x, 


which does not take a zero value for x=, then ni is an in- 
finitely large magnitude. 
Proof. Let f (x) +00 as x—+x,. We must show that ose 2i0iee 


f (x) 
X—+ Xp. 
Let us take an arbitra:.:y small number e>0 and the number 


M=—. Since f(x) is infinitely large, the inequality 
I 
Lf () | >M=— 


holds for all xs4x, lying sufficiently close to x,. But then 


] I 
ral <m=* 








which means that lim 7 =. The second part of the theorem: 
Z~-aXe 


is proved analogously under the assumption that the function ae 
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is defined in a neighbourhood of the point x,, that is a(x) 540 
for the values x54x, belonging to this neighbourhood. 

The theorems below are important for applications. 

Direct Theorem. If a function has a limit it is representable as 
a sum of a constant, equal to that limit, and an infinitesimal. 

Proof. Let lim {(x)=A. Then, given an arbitrarily small posi- 


tive number e, we have |f(x)—A|<e for all x54x, lying suffi- 
ciently close to x,, which, in accordance with the definition, implies 
that f(x)—A is an infinitesimal. Consequently, 


F(x) -A=a(x), ie. F(x) =A a(x) 


where a(x) is an infinitesimal as x—+x,. The function @ (x) can 
of course take on positive, or negative or zero values, that is the 
ane f(x) can be greater than or less than or equal to its 
imit. 

Reciprocal Theorem. If a function is representable as a sum of 
a constant and an infinitesimal the constant summand is the li- 
mit of the function. 

Proof. It follows from the equality f(x) =A-+«a (x) where A is 
a constant and a(x) an infinitesimal as x—+x, that, given an ar- 
bitrarily small positive number e, we have 


[Ff (x) —A]=|a(x)|<e 


for all x’s sufficiently close to x,. But this exactly means that A 
is the limit of f(x), i.e. 

lim f (x) =A 

X—->Xo 
which is what we set out to prove. 

29. General Rules for Finding Limits. 

I. Here we shall establish some simple rules for finding limits 
of functions. We shall begin with theorems on infinitesimals and 
then draw from them, as consequences, the corresponding propo- 
sitions for functions tending to limits which are not necessarily 
zero. These theorems provide for the rules facilitating the deter- 
mination of limits when given functions are obtained by means of 
arithmetical operations from functions possessing Rnown limits. 

For brevity, we shall denote functions possessing limits by ua, 
v, w, «, B, etc. and write limu, limw and so on without stipula- 
ting in which way the independent variable x changes in the li- 
miting processes under consideration. However, when speaking 
about several functions we suppose that they tend to their limits 
in one and the same process of variation of the independent va- 
riable (that is their common argument x is supposed to approach 
one and the same point x, or oo). As before, the proofs will be 
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given for the case x-+x,. Let the reader introduce the necessary 
changes for the case x—+0oo. 

Theorem I. A sum of two, three and, generally, of any finite 
number of infinitesimals is again an infinitesimal. 

Proof. Let us take two infinitesimals 2 and fh and prove that 
their sum 


Oo=a-+f 


is also an infinitesimal. 

Choose an arbitrary positive number e. There exists a neigh- 
bourhood of the point x, (to which the argument x tends) such 
that for all its points (except possibly for the point x, itself) we 
have? 


ljal<= and [p/<+> 


The absolute value of a sum being not greater than the sum of 
the absolute values, we have 


jo[=|2+B/<|[2[+1B| 


and hence, in that neighbourhood, 
jol<gt+yzae 


which shows that o is an infinitesimal as x + x,. It is apparent 
that this proof also applies to a difference of infinitesimals. 
Now let w be the sum of three infinitesimals a, B and ¥: 


o=a+Bh+y 


This expression can be interpreted as the sum of fwo terms: o= 
=(a+f)+y. According to the above, (+f) is an infinitesimal, 
and therefore the same argument shows that @ is also an infint- 
fesimal. 

Proceeding in this way we readily prove the theorem for any 
finite number of infinitesimal summands. 

The stipulation that the number of summands is finite Is es- 
sentially important. The matter is that in mathematical analysis 
we also encounter sums of special character in which both the 
summands and their number vary simultaneously. To sums of this 





1 Jf the neighbourhoods in which Ja[< > and {B| <= do not coincide 


both inequalities hold within the smallest of them which can be taken es the 
neighbourhood we are speaking of. 
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type the theorem does not apply. If, for example, the number of 
summands increases indefinitely as each of them tends to zero the 
assertion of the theorem may not be true. For instance, let 


a eS ns 
a=» “ yxzreces =; 


When n—+o0o each of these quantities tends to zero but their 
number also increases. The sum 


n2 Qnz (iD 


ee LES ta antl) Lee 


is not an infinitesimal as m—+oo since it tends to > ) 


A direct consequence of Theorem I is 

Theorem I’. The limit of a sum of a finite number of functions 
is equal to the sum of the limits of these functions. 

Proof. Suppose we are given a definite number & of functions 
u, v, ..., t tending, respectively, to their limits a, b, .. 
We now must take their sum 


w=utot...+! 


and prove that 
limw=lim(u+o+...+4=limu+limo+...+limt= 


=a+b+...+d 
We have (see the direct theorem in Sec. 28) 
u=a+ta, vu=b+ f,...,f=d4+T 
where a, B, ..., t are infinitesimals. Consequently, 
w=(a+b+...+d4)+(@+B+...+7) 


where o=a-+fB-+...+7 is, by Theorem I, an infinitesimal since 
it is a sum of a finite number & of infinitesimals. The function w 
being the sum of the constant a+6+...+d and the infinitesi- 
mal @, this constant is the limit of w (see the converse theorem 
in Sec. 28). 

Theorem II. The product of a bounded function by an infinite- 
simal is an infinitesimal. 

Proof. Let a be an infinitesimal and uw a bounded function in 
a neighbourhood of the point x, to which x tends: |u|<M. We 
‘must prove that lim(ua)=0. 

Let us take an arbitrary positive number e. In a neighbour- 
hood of the point x, (except possibly at the point x, itself) the 
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values of a satisfy the inequality lal<a- Consequently’, 
[ua |=|ulla|<Ma=e 


whence follows the assertion of the theorem. 
In particular, if c=const and a—+0 we have 
lim (ca) =0 


An infinitesimal being always bounded, the product of two in- 
finitesimals is also an infinitesimal. 
The assertion of the theorem may be incorrect if uw is not a 


bounded function (for instanice, X2+L + 00 for x—+ 00). 


Theorems I and II imply 

Theorem II’. The limit of a product of a finite number of func: 
tions is equal to the product of the limits of these functions. 

Proof. Retaining the notation introduced in Theorem I’ we shall 
prove that if w=uv, ..., ¢ then 


limw=lim(uv, ..., ?7)=limulimy...limt=ab.,.d 
We begin with the product of two functions uw and uv. Since 
u=ata and v=6--f 
we have 
w= uv = (a-+-@) (6 4-B) = ab + (af + ba + af) 
By Theorems I and II, the sum of the last three terms is an 
infinitesimal, and therefore 
limw=ab 

Now let there be given three functions u, uv and f. Then 

lim w= lim (wut) = lim [(uv) f] =lim (uv) limé=limalimolimt 


Proceeding in this way we casily generalize the theorem to any 
finite number of factors. 
In particular, this theorem implies the following corollaries: 
(1) A constant factor can be taken outside the limit sign: 


limcu=climu 


for the limit of a constan{ is equal to that constant. 


t Here, asin the foolnote on page 86, it is supposed that if there are fwo difie- 
rent neighbourhoods of the point x) where, respectively, JuJ<.M and fa] < i 


we fake, as the neighbourhood under consideration, the smallest of them. 
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(2) The limit of the nth power of a function where n is a posi- 
tive integer is equal to the nth power of the limit of that function: 


limu® =lim(u-u...uj)=limalima.. jJimu=(lim xu)" 


Theorem III. The ratio of an infinitesimal to a function having 
a nonzero limit is an infinitesimal. 

Proof. Let a be an infinitesimal and uw a function whose limit 
is different from zero: limu=A-40. We have to prove that 


a 
——+ 0, 


To this end, let us show that -- is a bounded function. For 


definiteness, let A>0O. The values of the function u approach 
the number A as x—+x,, and there must exist a neighbourhood 


of x, in which they become greater than oy le. u> Then, 
for the points of this neighbourhood, we have 


o<bcd 
which means that the function - is bounded in that neighbour- 


hood, 
In the case A <0 the proof is carried out analogously. 


Now, since the quotient = can be regarded as the product of 


the bounded function a by the infinitesimal a, Theorem II im- 
plies that 


which is what we had to prove. 

Theorem III’. The limit of a quotient is equal to the quotient 
of the limits of the dividend and the divisor provided that the 
limit of the divisor is nonzero. 

Proof. Let limu=a -and limv=b#0. Then u=a+tea and 
v=b6b-+B where a and 6 are infinitesimals. We have to show that 





limw=lim 4 =7@4 — 2 
lim v b 
Indeed, we have idl 
east Se ea =a 
w= = Ere bt BOTA) 
where, according to Theorem IJI, the fraction a (6 = is an infi- 


nitesimal, since, by the foregoing theorems, its numerator is an 
infinitesimal and the limit of the denominator, equal to 0?, is, 


by the hypothesis, different from zero. Hence, lim w=—, 
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The theorem becomes inapplicable when 6=0. 
Below is an example demonstrating the given rules: 


3x9— De? tt lim (3x2—2e?+x4 1) _ 


bait! x?—Srx+3  ~—  lim(x?—5x4-3) 
_ 3(limx—2(limx)?+limx+1  3-23—2-224941 _ _¢! 
~~ lim x)? —5 (lim x) +3 ~ 25.943 3 


In this example we are interested in the limit of a rational 
function as its argument tends to a finite point x, at which the 
denominator of the fraction does not vanish. It turns out that 
to find such a limit it is sufficient to substitute the number x, 
for the value of the independent variable into the expression of 
the function?. 

Now we proceed to consider some cases to which the general 
theorems on limits proved here are inapplicable. This is most 


often the case when we deal with the limit of a quotient = in 


which the limit of the denominator is equal to zero. If, in these 
circumstances, the limit of the numerator is different from zero 


the quotient — is an infinitely large magnitude (see Theorem I1]) 


and lim—=oo while the quotient — is an infinitesimal. /f both 


the numerator and the denominator tend to zero simultaneously the 
determination of the limit requires an additional transformation 
or a special technique. 

Similarly, an additional investigation is required in the cases 
when the function is not defined at the point x, or when the 
argument x approaches infinity. Let us consider some examples 
demonstrating these cases. 

Examples. (1) Let us find lim =. 
x= 
lends to zero as x-—+3 and the numerator also tends to zero. 


But since x?—9 =(x—3) {x +3), we have *—3 1 for all the 


Here, the denominator 





x?—9 x4-3 

values of x different from x=3. Therefore, 
m= Sli eee i 
r+3t —9 x» 3 (%—3) (¥+3) xr33%*t3 6 


In the solution of this problem we cancel by x—3, and one 
may think that this is illegitimate since x—+3, and the division 
by zero is not allowed. But this is not the case here: the func- 


1 As will be shown in § 2, this simple technique for determining limits is 
applicable to every elementary function provided that the point x, belongs to 
the domain of definition of that function. 
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tions y= 2s and y=—5 coincide identically for all x5£3, and 
the definition of a limit of a function for x-—+x, does not involve 
the value of that function at the point x=¥x, itself, and there- 
fore the limits of the above functions as x—+3 are equal to 
each other. The essence of this transformation is that the limit 
of the new function is found easier than that of the original 
function. 

(2) Consider lim 3: 
denominator of the fraction is an infinitesimal for x—+1 while 
the numerator does not tend to zero. Indeed, we have 


lim (x? ~—5x-+ 4) =0 and lim (2x—3)=—1; therefore, by Theo- 
x») x~—> 
rem Jil, 


This function tends to oo since the 


and, since the reciprocal of an infinitesimal is an infinitely large 
magnitude, 


lim soe = 00 
yi por x44 
[a 
3) Now we compute fim i'—**t! Here both the denomina- 
1 4x* l 


Xm 
tor and the numerator are infinitesimals. We have 
4x2 4x +] (Q2x—1)? x I 
4xt—] (2x1) (Qe+1) 2x41 
and, consequently, 
; 4x?—4x-+1 
ill) er 7 a 


] 
. 2 


2 


1 
tor by x we obtain 


(4) Take lim ett Dividing the numerator and the denomina- 


1 I 
z. +> l+lim = 


(5) If x—+0o, a rational function tends to zero or to infinity 
or to a finite nonzero limit depending on whether the degree of 
the numerator is less than or greater than or equal to the degree 
of the denominator. Indeed, let us take a rational function 


__ 1X ayxT— 1+... Om 
Y= ST Lb xii... +O, 
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and divide the numerator and the denominator by x”: 


fis alien oa 
bo tbyx-te.. +byx-8 

As x—+oo, the denominator of the transformed fraction tends 
to 6, while the numerator tends to zero if m<n, to o if m>n 
and to a, if m=n. It is clear that the limit is the same for 
x—»-+-co and for x—+—oo. Thus, 

lim y=0 ifm<cn 

ivr 


lim y=oo if m>n 
> a mn” o) 


and 
i 2/00 ‘ ais 
lim y= - if m=n 


x-> 


II. Next we proceed to consider the rules for passing to the 
limit in inequalities. 
Theorem. If two functions f(x) and F(x) satisfy the inequality 
f (¥) << F (x) (*) 
for all the values of x belonging to a neighbourhood of a point x, 
and not coinciding with x, then 
lim f (x)< lim F(x) (**) 
T->lTy Xr —> Xo 


provided that the limits of both functions, as « — %,, exist. 
Proof. Let lim f(x)=A and lim F(x)=B. We must prove 
X—+>X_ X > Xp 
that A<B. Suppose the contrary, i.e. A> B. Then A—B=C>0. 
Let us take ex. According to the definition of a limit, there 
exists a neighbourhood of the point x, such that for the values 
x=&x, belonging to that neighbourhood the inequalities 


—-LcfiwW—A< > and —L <F(Q)—B< > 
hold?, These inequalities imply f(x) > A~<& and F(x)<B+&, 
and hence 

FQ)—Flx) > A—f—B-L=L>0 


which contradicts inequality (*). Thus, the assumption that 
A>B leads to a contradiction, and therefore A<B, which is 
what we had to prove. 


1 Here we take a neighbourhood of the point x, such that for the points 
belonging to it and different from x, the inequality (*) and the last two inequa- 
litles are fulfilled simultaneously. 
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Note that a strict inequality connecting functions may lead to 
a nonstrict inequality for their limits. For example, if 0<|x|< 1 
then x? << [x]. But nevertheless, 


lim x?= lim |x|=0 
x0 x—>0 


The theorem remains of course true if the sfrict inequality 
f (x) < F(x) entering into its formulation is replaced by the non- 
strict inequality [SF (). In the case x—+-++ co we must re- 
quire that inequality (*) should hold for x>WN where N is 
a fixed number. 

An important particular case of the theorem arises when one 
of the two functions F(x) and f(x) is a constant. For definiteness, 
let F(x)=const. Then the theorem reads: 

If f(x) <M (or f(x) <M) for 0<|x—x,[< where l is a fixed 
number then lim f(x)<{M provided that the limit of the function 

x 


f (x) exists. 

Let the reader state analogous propositions for limits of se- 
quences. 

30. Test for the Existence of the Limit of a Function. The Limit 


of the Function 2% as x—+0. There are various tests for finding 


a limit of a function when its direct determination is impracti- 
cal. Here we confine ourselves to the test given by the following 
Theorem. If the values of a function f(x) are contained bet- 
ween the values of two functions F(*) and ®(x) tending to one 
and the same limit A as x—+x,, the function f(+) also has a 
limit as x—+ 2x, which is equal to the number A. 
Proof. Let 





F (x) <f (x) <O (x) 
and 
lim F(x)= lim O(x)= A 
X+> Xo X-> Xp 
We have to prove that 
lim f(x)=A 
X—> Xp 


Take an arbitrary e-neighbourhood of the number A. By the 
hypothesis, there exists a 6-neighbourhood of the point x, such 
that for x54x, belonging to this 6-neighbourhood the correspon- 
ding values of F(x) and M(x) lie within the e-neighbourhood of A: 


A—e<F(x)<A+e and A—e< D(x) <A+e 


By the inequalities given in the condition of the theorem, the 
values of f(x) corresponding to the points of that 5-neighbourhood 
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of the point x, are also in the e-neighbourhood of the number A. 
Since e is arbitrary, this means that 
lim f(x) = 
X+ Xp 
which is what we set out to prove. 
Let the reader consider the geometrical meaning of this theorem. 
Now we shall apply this test to derive the already mentioned 
(Sec. 24) limiting relation 


lim 22% sing | 


a—~-0 


playing an important role in mathematical analysis. 





Theorem. The function me possesses the limit equal to 1 as 
a —/f): 
tim 274 1 
a+o & 


Proof. We shall proceed from the geometrical definition of the 
sine. Take a circle of unit radius and suppose that the central 
angle @ expressed in radians is contained 


within the limits 0 and +: O<a<s. 
(Since ne i isaneven function, it is sufficient 


to consider the case when a > 0. Fig. 42 
indicates that 
area of AOAC < area of sector 
Pigete OAC < area of A OBC 
These areas being respectively equal to = sin a, 5a and > tan a, 
we have 





sinu<a<tane 


On dividing all the members of these inequalities by sina we 
obtain 
eee 


I- = 
sing ~ cosa 





that is, 


ing 
cosa << = <1 


But we have cosa =OD= | since 1—AC > |—a, and, consequ- 
ently, 


j sing 


ac——<l 
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Now, passing to the limit as a—+0 we obtain, in accordance with 
the above test, the desired result: 

lim 10% _ l 
a-~>0 





Many other limits can be computed with the aid of this result. 
Examples. 


tanx sinx 1 sin x ,- 




















(1) lim - = lim . oa i o=ll= 
x~0 x0 x— x0 
, in kx ; k sin kx . Sinks 
9) lim 2% —lim =k lim —b.j|=—b 
(2) x0 x x20 kx x0 kx 
, 2 9 sin? sin — 2 
(3) lim ——== =lim = lim ——lim sin==1-0=0 
x0 x x—0 x70 * x30 2 


31. Test for the Existence of the Limit of a Sequence. The Limit 
of the Sequence (147) as m—»-oo. Consider a function of the 
integral argument 2: 

Y, =f (n) 
As was said, it can be interpreted equivalently as the sequence 


Yrr Yor «023 Yn oes 


We shall say that this sequence is bounded above if there is a number 
M such that 
Yn <M 


for all n. Analogously, we say that the sequence is bounded below 
if there is a number m such that 


Gn > Mm 


for all x. The numbers M and m are called, respectively, an upper 
bound and a lower bound of the sequence. A sequence possessing both 
an upper bound and a lower bound is said to be bounded. 

We shall additionally suppose that the sequence y,, ¥,, ..+) Ynr +-- 
is monotone (this means that its terms only either increase or dec- 
Tease aS n grows). 

Now we state as a theorem an important test for the existence 
of the limit of a sequence: 

Theorem. If y,, y.. ---» Y, is an increasing sequence bounded 
above it possesses a limit. 

The sequence increasing, we have 


UUs SY See 
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Since it is bounded above there exists an upper bound M: y, <M 
for any n. The theorem asserts that under these conditions the 
sequence has a limit A. Indeed, since the point y,=/(n) only 
moves upward along Oy and cannot leave the interval [O, M] it 
must approach indefinitely a point A’; according to Sec. 29, HI, 
A<mM. 

Ifa sequence y,, =f (a) is monotone and unbounded then Be 


=:-too, that is, the point y,, when moving upward “along Oy, 
leaves any neighbourhood of the point y=0. 
The situation is similar in the case of a decreasing sequence 


Ye Sue > e054 FY gS ees 


If such a sequence is bounded below, that is y, > m for any a, 
it has a limit A which is not less thanm: A> M. If the sequence 
is unbounded, the function f(n) approaches —oo aS n—-oo: 


lim f (n) = — oo 


It should be noted that for a nonmonotone sequence there are 
not fwo bul three possible cases: 

(1) the sequence has a limit; 

(2) the sequence tends to infinity; 

(3) the sequence has neither finite nor infinite limit (for example, 
such is the sequence y, =(—1)*). 

The above theorem sometimes makes it possible to establish the 
existence of a limit although it does not specify its numerical 
value. We shall apply it to prove the existence of a limit which 
plays an ee Taponfene role in mathematical analysis. This 
result is expressed by the following theorem: 


Theorem. The sequence In=( 1+ x)" possesses a limit as 2 — oo. 
Proof. By Newton’s binomial formula, we have? 


eee — —2 
=(14+2)’ =1pet a fn. A) Ep Be et , 
PA (ie -(n—n+1) + =ltl+s (1 —=)+ 


nj 
+4 (1-4) (1-254... 3-4) (1-2)...(1854 


1 Here we do not present the rigorous proof of this proposition confining 
ourselves to the intuitive argument. 





2 The last binomial coefficient, that is the factor in a is of course equal 


to I; for the sake of convenience it is represented here ae accordance with the 
general formula for the binomial coefficients. For the binomial formula itself 
we refer the reader to textbooks on algebra. 
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Replacing n by n-+-1 we obtain an analogous expression for 
Yn+1- Next, comparing these expressions we conclude that the first 
two terms in both sums coincide and that every subsequent term 
in y, is Jess than the corresponding term in y,,, (since every 


expression in the parentheses 1—+ : = — , etc. becomes 


greater as n increases); finally, the expression of y,,,, contains an addi- 
tional (the last) positive term. Therefore it is apparent that 
Yn <Yn+, for any n, that is, y, is an increasing sequence. Let us 
show that it is bounded. To this end, we replace the proper frac- 
tions in the parentheses by unities and thus receive 


tn Mtl tatat.. + 


The right-hand side of this inequality still increases if we replace 


It py I 
393 PY ao Re 
Liat, @ 1 1 
a a4 OY gg or 








Consequently, 
] l 
Yn < l¢1+p+at+ot.. - + pani 


Now, adding to the right-hand expression the terms we sar Matt 


we replace it by unily plus the infinite geometric progression with 


common ratio >: 


yn <1+(l4+y+gtot. tat...) 


The sum of the progression in the parentheses being equal to 2, 
we obtain 
Yn <3 


Thus, the increasing sequence in question is bounded above, and 
hence, according to the above test, it possesses a finite limit. This 
limit plays a very important role in mathematics and is traditi- 
onally denoted by e.? 





1 This notation was introduced by L. Euler (1707-1783) who, by the way, 
also introduced the notation a for the ratio of the circumference of a circle to 
its diameter. L. Euler (a Swiss by birth) was a great scientist. He spent most 
of his life in Russia and died in St. Petersburg. L. Euler contributed many 
outstanding results to mathematical analysis, celestial mechanics, shipbuilding 
and other divisions of science. 


98 Ch. (1, Limit. Continuity 


Definition. The number e is the limit 


lim (145) 
The number e is irrational and therefore cannot be expressed 
precisely by a finite decimal. I{s approximate value is 


e ~ 2.718 


It can be shown (but we do not present the proof here) that 
the function 


1=(144) 


has a limit not only when its argument runs through natural 
numbers (that is x=n where n=1, 2, 3, ...) but also when it 
varies continuously and approaches —-oo or ++ oo. In all the cases 
the limit is the same number e. 
Thus, 

F 1 \~x 

lim (14+7)"=e 
Here we do not present the general proof of this assertion. 

The test given in this section can be generalized without any 
changes to functions of a continuous argument: if a function f(x) 
increases aS x—+-+-00 and remains bounded (see Sec. 27, Il) it 
possesses a limit. We suggest that the reader construct examples 
showing that if at least one of these conditions (that is the mo- 
notonicity or the boundedness) is violated the function may have 
no limit. Analogous tests can be stated for a decreasing function 
and for the case x-—+—0oo. 
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32. Continuity. Recall that the increment of a function y=f (x) 
at a given point x, is the difference 


Ay =f (x, + Ax) —f (x) 


where Ax is the increment of the argument (Fig. 43). Now we state 
the following definition: 

Definition. A function y =f (x) is said to be continuous at a point 
Xx, if it is defined in a neighbourhood of the point x, and 


lim Ay= 
oe 
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that is, if to an infinitesimal increment of the argument there cor- 
responds an infinitesimal increment of the function’. 
For instance, the function y=-<«x° is continuous at every point x,. 
For, since 
Ay = (x, + Ax)? — x3 = 3x2Ax-+ 3x,Ax? + Ax 


it is clear that if Ax—+0 then also Ay—-+0, which means that the 
function is continuous. (Let the reader prove that the functions 
sinx and cosx are continuous at every 
point xX.) 

Using the expression of Ay we can 
rewrite the condition of continuity in 
the form 


tim Tf (x)-+ Ax) —f (x,)] =0 
or, equivalently, 
lim f (%9-+ Ax) = fF (Xp) 


If x,+-Ax is denoted by x the va- 
riable x tends to x, as Ax —+0 and vice versa. Therefore the latter 
condition can be rewritten as 


Jim f (x) =F (2) 





Hence, we can say: 

A function y== f(x) is continuous at a point x, if it is defined 
in a neighbourhood of that point? and if the limit of the function, 
as the independent variable x tends fo x,, exists and is equal to 
the particular value of the function at the point x=v-,: 


jim f(x) =F (*0) (*) 


This means that, given any e>0, there is 5>0 such that for 
all the values of x satisfying the condition |x—x,|< 5 the inequality 
f (x) —f (x,)| <e is fulfilled. The condition x= x, is not stipulated 
ere since the latter inequality also holds for x=x,. 

It should be noted that if the value of a function f(x) at a 
point x, where it is continuous is different from zero there exists 
a neighbourhood of the point x, at whose all points the sign of 
the function f (x) coincides with that of f(x,). For, because of the 


1 In this definition we speak about the increment Ay==f (x)>+Ax)—f (x) of 
the function, and therefore the fact that the function is defined not only in 
a neighbourhood of the point x) but also at the point xp itself is implied auto- 
matically although this condition is not stipulated explicitly in the statement 
of the definition. —7r. 

’ eri eouitsts here again the function must be defined at the point x=x, 
itself. —Tr. 
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continuity, there is a neighbourhood of the point x, in which 
the difference between the function and its limit (which is equal 
to f(x,)) is so small that the condition f (x,) > 0 (f (x) < 0) implies 
the positivity (negativity) of f(x). 

Definition. If a function is continuous at every point of an inter- 
val it is said to be continuous in that interval. 

In the application to a closed interval the definition of 
continuity should be slightly changed for the end points of the 
interval. Namely, for the /eff end point the argument x should 
only be given positive increments Ax and for the right end point 
only negative ones. 

The condition of continuity of a function in an interval can 
be described as the property of the function to change “gradually” 
within that arene: in the sence that small variations of the 
argument generate small variations of the function itself. This 
is a characteristic feature of many phenomena and processes. For 
instance, when a rod is heated we consider it as elongating conti- 
nuously, the growth of an organism is regarded as a continuous pro- 
cess, the air temperature varies continuously during the day, etc. 

The continuity of a function in an interval can be interpreted 
geometrically as the continuity of its graph which must not have 
“interruptions”. 

By the way, when describing the properties and the graphs of 
the basic elementary functions in Chapter I, we meant tacitly that 
they were continuous. It can be shown (for the proof we refer 
the reader to advanced courses in mathematical analysis) that 
all the basic elementary functions are continuous in the intervals 
where they are defined. In Sec. 34 we shall extend this general 
proposition to all elementary functions. 

33. Points of Discontinuity of a Function. The examination of 


the graph of the function y= — in the vicinity of the point x=0 
clearly shows that it “splits” into two separate curves at that 
point. The same applies to the graph of the function y=tan x 
in the vicinity of the points x=(2k-+1)- (see Sec. 21, Fig. 27) 


and to the graph of the function y= ll (or y=sgnx) near the 


point x=0O (see Sec. 24, Fig. 37). It is said that at each point 
of that kind the function ts discontinuous. 

Definition. If, for a function y==f(x), the condition of con- 
tinuity, at a point x,, 


lim f(x) =F (0) (*) 


is violated, x, is called a point of discontinuity of the function. 
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The condition of continuity is violated if one of the follo- 
wing two cases takes place: 

1. The limit entering into condition (*) is infinite or does not 
exist at all (a function must not necessarily be defined at its 
point of discontinuity). 

2. The limit Jimf(x) exists but does not coincide with f(x,). 


It should also be noted that if x, is an end point of the inter- 
val where the function in question is defined the limit lim f (x) 


is understood in the sence that x is only given the values belon- 
ging to the interval. 

In many problems we encounter the so-called infinite disconti- 
nuities which appear at points of discontinuity x, for which 
lim f (x)==oo. Examples of such points are the point x=0 for the 

| 


function y =—, the points x= (2k + NF for the function y=tan x, 


the point x=0 for the function y=logx (which is only defined 
on the right of that point of discontinuity x=0) and the points 
x=-—1 and x=1 for the function ger (in the latter case 
the poinis of discontinuity are the end points of the interval 
in which the function is defined). 

An important class of points of discontinuity is formed by the 
so-called points of discontinuity of fhe first kind. To state their 
definition we introduce the notions of a left-hand and a right-hand 
limits of a function. 

Let x approach a point x, so that it always remains on the 
left of x, that is x < x,. If, under this condition, the function f (x) 
tends to a limit we speak of the J/eft-hand limit of the function 
f (x) at the point x,. A right-hand limit is defined similarly. The 
symbols for left-hand and right-hand limits are, respectively, 
f (x.—0) and f{x,-+0). Thus, 


lim f(x) =f (%»+0) and lim f(x) =f (x, +0) 


X< JX, X>Xp 





It appears evident that if a function possesses a limit as its 
argument x approaches x, in an arbitrary way the left-hand and 
the right-hand limits also exist and coincide with the limit of the 
function. Conversely, if a function has coinciding left-hand and 
right-hand limits at a point x, it tends to the same limit as the 
argument approaches x, arbitrarily. 

When we spoke about the condition of continuity (or disconti- 
nuity) for an end point of the interval of definition of a function 
the corresponding limit was in fact understood as the right-hand 
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limit for the left end point and as the left-hand limit for the 
right end point. 
Let us state the following definition: 
Definition. If a function f (x) possesses left-hand and right-hand 
limits at ifs point of discontinuity x, this point is called a point 
Of discontinuity of the first kind. 
y The most important type of a point of 
discontinuity of the first kind is the 
one for which the left-hand and the 
right-hand limits at that point of dis- 
continuity are distinct. This situation 
is illustrated geometrically in Fig. 44. 
As an example, we can take the point 


x=0 for the function y=! (see the 
example at the end of Sec. 24). 
Another example is the function y=arctan—. It is not defined at 


0 <= 


Fig. 44 


the point x=0. If x—+0 and remains negative the expression + tends 
to —oo and y—+—F (see Sec. 22). If x +0 and remains positive 
we have —— +- co and y— >. 


Thus, x=0O is a point of discon- 
tinuity of the first kind for the 


function y= arctan 1 The sketch 


of the graph of this function is 
shown in Fig. 45. 

Now suppose that at a point x, 
a function possesses both left-hand 
and right-hand limits which coin- 
cide: f(x,—0)=/(x,+0). If the Fig. 40 
function f(x) is defined at the 
point x, and f(x,) is equal to these limits the function is con- 
tinuous at x,. But if f(x) is not defined for x=, we say that the 
function f (x) has a removable singularity at the point x= x,. The 
meaning of this term is explained as follows: if the point x, is 
added to the domain of definition of the function f(x) and if at 
that new point the value of the function is put equal to the com- 
mon value of the left-hand and right-hand limits the (new) func- 
tion f(x) thus obtained is continuous at the point x,. 


For example, the function y= sins is not defined at the point 








: : sinx . . 
=0, But since lim —<~=1 we can introduce a new function, 
x0 
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defined for all the values of x and coinciding with the old one 
for x>40, which is everywhere continuous: 


sin x 
Te : for x=£0 
1 for x=0 





The term “removable singularity” is also applied when a function 
f(x) is defined at the point x, and possesses coinciding left-hand 
and right-hand limits which are not equal to [(x,). For instance, 
such is the point x=0 for the function 


xforx>60 
y=H0)=| 9 for ee 


Its graph is obtained from the graph of the continuous. function 
y=x if its point (0, 0) is “torn out” and moved 2 units of length 
upward along Oy. 

All the points of discontinuity not belonging to the class of 
the points of discontinuity of the first kind are referred to as 
the points of discontinuity of the second kind. 

One must not think that a point of discontinuity of the second 
kind is necessarily a point of infinite discontinuity. There are 
bounded functions having neither a left-hand nor a right-hand 
limit as the argument approaches a point of discontinuity. As an 


example of that kind, consider the function y=sin—: When x 


tends to zero the function does not tend to any limit, finite or 
infinite, left-hand or right-hand. To verify this, construct a’sketch 


of its graph by plotting the points with the coordinates t= oo 


and —__!_ _ where & are integers. 
(t +> Tt 

34. Operations on Continuous Functions. Continuity of Elementary 
Functions. We proceed to prove that, under certain conditions, 
a finite number of arithmetical operations and operations of con- 
structing a function of a function performed on continuous fun- 
ctions result into a new continuous function. All the propositions 
below are proved in like manner: we show in each case that the 
limit of the resultant function is equal to its particular value at 
the corresponding point, which implies the continuity. -For brevity, 
instead of u(x), u(x), ... we shall write u, v, ... 

Theorem I. The sum of a finite number of functions continuous 
at a point is a continuous function at that point. 

Proof. Suppose we are given a definite number of functions 
u, uv, ..., t continuous at a point x,. We have to prove that their 
sum w=utu+...-+# is a continuous function at that point. The 
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functions u, v, ..., ¢ being continuous, we have 


limu=u,, limou=vu, ..., limt=f, 


X->X_ X—->Xy T—w Xo 


where tl), Up, -.-, fy) are, respectively, the values of the functions 
u, U, ..., # at the point x,. By the theorem on the limit of a 
sum (Sec. 29), we write 


lim w= lim (u-+-o-+...+f)= lim ut+ limo+...+limf= 


XoXo XIX > Xp x+>Xo X—>Xo 
= Ug+Uy+... $l =, 


where w, is the value of the function w at the point x=x,. Thus, 
lim w=w,, which is what we wished to prove. 


Xo Xe 

Theorem II. The product of a finite number of functions con- 
tinuous at a point is a continuous function at that point. 

Proof. Let w=u-v...t. Retaining the notation of Theorem | 
and using the theorem on the limit of a product (Sec. 29), we 
receive 


limw= lim (a.u... d= lim u- limu... limf=ua,u,... t,=u, 
XX g X+> Ny X—+>Xp X+Xy X+Xy 
which is what we set out to prove. 

Theorem III. The quotient of two functions continous at a point x, 
is a continuous function at the point x, provided that the deno- 
minator does not turn into zero at that point. 

Proof. If wa, 


(Sec. 29), we have 


then, by the theorem on the limit of a quotient 


lim ou 
: xx u 
lim w= lim aaien |“ ener 
LX, Paes im uv Up 
X—> Xp 


é . ul . ° . 
if lim v=u,540. Therefore w= is a continuous function at 


XX, 
the point xp. 

Theorem IV. A function of a function composed of a finite num- 
ber of continuous fu:.ctions is a continuous function. 

Proof. It is sufficient to prove this assertion for a function 
of a function formed of two continuous functions because after 
that if can be extended, consecutively, to an arbitrary number 
of constituent functions. Let 


y={[{(z), z=@(x) and y= f[p(x)]=F (x) 


where (x) is continuous for x=x, and f(z) is continuous for 
zZ=2,=@(x,). We have to prove that y as function of x (that is 
the function y= F(x)) fs continuous at the point x,. 
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Indeed, let x—+x,. The continuity of the function z= g(x) 
implies that lim p(x) =(x,)=Z,, that is z—+z,. The function 


f(z) being continuous at the point z,, we have Jim f (z) =f (Z,). 


Now, since z=q/(x), we can rewrite the last relation in the form 
jim [9 ()]=F[9 (%)) 


or, equivalently, 
lim F (x) =F (x) 


which is what we wished to prove. 

We also state, without proof, the following theorem: 

Theorem V. The inverse of a monotone! continuous function is 
continuous in the interval where it is defined. 

As was mentioned, all the basic elementary functions are con- 
tinuous in the intervals where they are defined (Sec. 32), and 
therefore the four theorems proved here imply that every elemen- 
tary function is continuous in those intervals where it is defined. 

An elementary function can only be discontinuous at those 
points where some of the constituent functions is formed of 
are not defined or where the denominators of some fractions in- 


volved vanish. For instance, the function y= z is disconti- 
nuous at the points x = +2 and continuous at all the other points; 
the function y =x? tan x is discontinuous at the points x= (2k-+1) > . 
(k=0, +1, +2, ...). 

It should be noted that the limiting relation Jim} (x) = f (Xp) 


expressing the continuity of the function f(x) at the. point X= Xp 


can be rewritten as : : 
lim f(x) =f (lim x) (*) 





which means that the symbol of the limit and the symbol of a con- 
tinuous function can be interchanged. 

It follows that the passage to the limit in an elementary func- 
tion can be carried out according to the following simple and 
convenient practical rule: 

To find the limit of an elementary function as ifs argument 
tends to a value belonging to the domain of definition of the 
function we should substitute this value for the argument into 
the expression of the function. 

This rule is very important since in applications of mathema- 
tical analysis we usually deal with elementary functions. 


1 The monotonicity is understood here not in the broad but in the strict sense 
(see pp. 40, 41) 
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The cases when the argument tends to infinity or to a point 
not belonging to the domain of definition of the function always 
require a special] investigation. The following general rule for 
passing to the limit (which we give without proof) is sometimes 
of use in such cases: 

{f the limit of a function @(x) as x—+x, or as x—+ oo exists 
and is equal to b and the function f(x) is continuous at the point 
x=b then 


lim f[o(x)J=/[lim 9 (x)] (**) 
X—>X, XoXo 
or or 
xr—-> @® r-> © 
‘ _ 8+4+3x?—x—3 ; 
Examples. (1) Let us find lim y where y= eG Since 


x 
the given function is continuous at the point x=0 (because the 
polynomial in the denominator does not vanish at that point) 
we obtain 
x843x2—y—3 074+3.0?—0—3 —3 1 


dim Yt+x—6 &4O'+0—6 #—6 2 


Now let us find lim y. At the point <=—3 both the numerator and 


the denominator turn into zero. We have x? + x—6 = (x + 3) (x—2) 
and x°-+ 3x?—x—3 =(x+3) (x?—1), and hence, on cancelling by 
(x+-3), we obtain 


.  x8-f3x2— x3 xt—1  (—3)?—1 8 
im, xP -t-x—6 Pisce x—2° —3—2 ~~ 5 
In the same manner we find 
_ x83x2—x—3 . xt@f3x2—x—3 | 

Ue Oe eg 

2 + 3x?—x—3 

lim ————— = 

ton | 4+x—6 





(2) Let y= a, We shall compute jim y. The given func- 
cos is 


— 
od 


tion is continuous at the point x=1, and hence lim — 
*+ 1} cos x 





=i 3 V9. But the limit of this function as x—+2 can- 
cos —- | 
4 


not be found by means of the general rule since the denominator 
turns into zero for x=2. Noting that the numerator also turns 
into zero at the point x=2, we put x—2=z, i.e. x=2+2, and 
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reduce the case x-—+2 to z—+0: 





. 2 * id 
lim 24 — lim 2) lim iern 
*+? cosa x z-+0 cos 7 (2+2) 770 —sinzz 


Continuing the computations we find the desired limit: 





Tt 5 
—2 
lim 4, ak) I FP lim (z+4)-—% 
z+0 _ sin sy z2>+0 sin — 7278 e 
4 4 
° 1 \* , 1 \x - 
(3) Jim In(1 +=) =In | Him: (1+=} |=Ine= 1, Here the 


rule (*) is inapplicable, and therefore we use (**).  . 

35. Properties of Continuous Functions. A function continuous 
in a closed interval possesses a number of important ‘properties. 
Here we present, without proof, two of 
them.., y 

Theorem I. If a function is conti- 
nuous in a closed interval there exist 
at least one point at which the function 
assumes the greatest value and at least | 
one point at which it assumes the eb 4 
least value on that interval. a 

Let y=f(x) be a continuous func- Fig. 46 
tion in an interval {a, 6] (Fig. 46). 

The theorem asserts that there are at least one point &,E[a, 6] 
and at least one point &€[a, 5] such that at these points the 
function attains, respectively, its greatest and least values ?: 


F(x) <F(E,) and f(x) >/(€,) for all x€[a, 5] 


There may be of course several such points; for example, in 
Fig. 46 we see that the function /(x) takes on its least value at 
two points (denoted by & and 6&3). 

If the condition that the interval is closed is dropped the asser- 
tion of the theorem may become incorrect. As an example, consider 
the function y=x which is continuous in every open interval 
(a, 6); it does not attain the least and the greatest values on 
such an interval (if the function y=x is regarded as defined in 
the closed interval {a, 6| it attains its least and greatest values 
at the points a and 6 which are not included into the open 
interval (a, 6)). Similarly, the theorem is inapplicable {o discon- 
tinuous functions. Let the reader construct an example of a dis- 
continuous function (or draw its graph) which is defined in a 





, a inclusion relation of the type — € [a, 5} means that aglEa 6b (see 
. 4). 


103 Ch. If. Limit. Continuttly 


closed interval and does not achieve its least and greatest values. 

Theorem J}. If a function defined in a closed interval assumes 
values of different signs at its end points there exists at least one 
point lying inside the interval at which the function turns into 
zero. 

Suppose that a function y=] (x) is continuous in an interval 
(a, 6], and that f(a)<0 and 7 (6)>0 (Fig. 47). The theorem 
asserts that there 3s ai least one point © € (a, by such that fj (¢)=9. 
This fact is quite obvious irom the geometrical point of view: 
the graph of the function which is a con- 
tinuous line joints the point A lying be- 
low Ox to the point B above Ox, and 
therefore it must at least once intersect 
the axis Ox. 

Theorem II can be restated in a more 
general jorm: 

A function continuous in a closed inter- 
val assumes af least once any value lying 
between ifs end point values. 

Let f{a)=m, f(b)=M and m< mM (the case m> ™_ is treated 
quite similarly). Take an arbitrary number p lying between m 
and M: m<p< M. The theorem as- 
serts that there is at least one point 
£€(a, 6) such that {/(€)=p. This asser- 
tion is readily reduced {o Theorem I]. 
Indeed, let us consider the auxiliary 
function 





Fig. 47 


p(x)=f(x)—p 


Ii assumes the values of difierent signs 
g(a) =f (a)—p=m—p<O and g(b)= 
=f (b)—p = M—np > 0 at theend points. 
The function @(x) being continuous in 
the interval [a, 6], Theorem II implies that there is a point 
é€(a, 6) at which the junction vanishes. Thus, 





p (5) =/ (6) -p=0 
whence /(¢) =p. 

Geometrically, this proposition means that any straight line 
y= t parallel to Ox and passing between the initial and the ter- 
minal points of a continuous fine intersects the line at least once. 
The abscissa of the point of intersection is the value x=€ for 
which 7 (§)= (see Fig. 48 where there are three such points). 
[t follows that 

if a continuous function passes from one oj its values fo another 
if necessarily passes through all the intermediate values. 


§ 3. Comparison of Functions 109 


In particular, a function continuous in an interval assumes at 
least once every value lying between its least and greatest values. 

It is also clear, geometrically, that if a continuous function is 
increasing (decreasing) in the given closed interval it assumes 
the least value at the left (right) end point of the interval and 
the greatest value at the right (left) end point; besides, every 
intermediate value is assumed exactly once. 
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36. Comparison of Infinitesimals. Equivalent Infinitesimals. 

I. Comparison of infinitesimals. Let a(x) and B(x) be infinite- 
simals as x +x,. To compare the infinitesimals a(x) and 6 (x) 
means to determine the limit of their ratio 


provided that it exists. In this section we always assume that the 
function appearing in the denominator is different from zero for 
every point x54x, in a neighbourhood of the point x,. All the 
definitions below are readily extended to the case when x tends 
to oo instead of a finite value x,. 

Let us consider different cases occurring when infinitesimals are 
compared. 

(a) Let lim oe —0. Then a(x) is called an infinitesimal of 

X->Xp 

higher order than B(x). 

In this case we write 


a (x) =0(B (x)) for x -> x, 


(read “a (x) is small o of B(x) for x —-x,”). 

It should be noted that this symbolic relation is not an equality 
in the ordinary sense; it only indicates that the limit of the ratio 
of a(x) to B(x) is equal to zero. : 

Here are examples: x?=o(x) for x-0 since lim = =lim x=0; 

x->0 x->0 
similarly x*=0(x) for x +0 since lim=—0, 
x-—>0 

If a(x) =o (B (x)) the ratio rate) is an infinitesimal as 

x—>xX, and 


a (x) =e (x) B (x) 
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The converse is also obvious: if a(x)=e(x)f (x) where e(x) is 
an infinitesimal and f(x) is not equal to zero for x=x, the ratio 
a3 is an infinitesimal, that is a (x)=o0(B(x)).? 

For brevity, we shall not write the argument of the functions 
a(x), B(x), (x), ... and shall not indicate that x — x, (or x +0). 
But of course it is always supposed that a, B, y, ... are fune- 
tions of one and the same argument and are infinitesimals as the 
independent variable tends to a point x, (or to oo), 

The following rules for the symbol “o” are easily checked: 


If a=o(y) then Ca=0(y) where C ts any constant. 
If a=o(y) and B =o(y) then a fP=o(y). 
If a=o(B) and B =o(y) then a=o(y). 


If x is an infinitesimal then in the sequence of magnitudes x, 
x?, x3, ... every term with a greater exponent is an infinitesimal 
of higher order than any term with a smaller exponent. This 
accounts for the origination of the term “of higher order”. 

The function identically equal to zero is apparently an infini- 
tesimal of higher order than any other infinitesimal, and _ there- 
fore it is not compared with other functions. 

(b) Let lim ma 1. Then the infinitesimals a(x) and B(x) are 

+X 
said to be equivalent. 

For equivalent infinitesimals @ and B write a~f. It is clear 

that if o~f then i~a, that is lim4—1 implies lim Pal. 


Important examples of equivalent infinitesimals are sinx and x 
and also tan x and x for x0 (see Sec. 30). 
The following relations are readily verified: 


Ifa~Bp and Bry thenarn~y. 
If a=o(y) and B~a then B=0(y). 
If «=o(y) and y~ 6 then a=o0 (6). 
As an instance, les us prove the second relation. Since 
== -—, and the limit of the first factor on the right is equal 
to | Naas the limit of the second factor is equal to 0 we have 
lim —=0. 


The following theorem describes an important property of equ- 
ivalent infinitesimals. 


1 The relation a (x) =e (x) B (x) can of course be taken as an original defi- 
nition of the symbolic relation a (x) =o (B (x)). 
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Theorem. For two infinitesimals a(+) and B(x) to be equiva- 
lent it is necessary and sufficient that their difference be an infi- 
nitesimal of higher order than a(x) (or than B(+)). (It is sup- 
posed that a(x) and B(x) do not turn into zero for +-4x,.) 

Briefly, if a~B then a—B=o(a) and vice versa. 

Proof. Let a~f. Then 


a—FB B\_ wa BP 
lim —— =P lim (1—£)=1—lim 2 =0 
which exactly means that ~—B=o(a). The above relations also 


imply that ~—B =o (6). 
Now suppose 7 is given nat a and £8 satisfy the condition 





o—p = o—B _0. Then lim (1 —£)=0 
whence lim£ =1, that is B ~a@. The argument is similar if we 
start with the condition «—B =o (f). 


Example. The infinitesimals a= 2H! and p=— are equivalent 


for x» oo since their difference a—p=% is equal to o(B). In- 


deed, we have lim 5 = = 0. Therefore lim +==1, which can also 


x—> OD 
be verified directly. 
The properties of equivalent infinitesimals are often applied to 
finding various limits. 


Let a~f and a,~f,. Then aa,~ Bf, and =~ & since 


Furthermore, the identity = Be fs shows that if the limit 


of the ratio > exists the limit of the ratio = exists as well, and 
1 


they coincide: 5 7 5 
im ~=lim — 1 jim 
lim a lim = 5 lime lim — =lim 2, 
This can be stated briefly as the limit of a ratio of infinitesi- 
mals does not change if any of the infinitesimals is replaced by an 
equivalent one. 


Examples. (1) We have lim SNe ae 


— since sin2x~2x and 
9 sIndx — § 





Sin Ox ~ Ox. : 
(2) The infinitesimals 1—cosx= 2sin? > and 2.2 a are 


equivalent as x +0, and therefore lim ee i 
<-> 
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(3) We have lim = 1. Indeed, sin x-+-x? ~ x since x?=x) 
XO 
and x—x?-+ x5 ~ x since x7=0 (x). 
(c) Let a(x) ~ CB (x) for x +x, (or for x-+ co) where C isa 
nonzero constant. This means that 


: a(x) ce 
i ey ere 


In this case a(x) and f(x) are called infinttesimals of the same 
order. Equivalent infinitesimals are a particular case of infinite- 
simals of the same order (for C=1!). As an example, we can 
take the infinitesimals sin2x and sin5x which are of the same 
order for x-+0 (see Example 1). 

Il. Orders of infinitesimals. Let a@ and f be infinitesimals and & 
a positive number. If 


a ~ CB* where C0 is a constant 


a is said to be an infinitesimal of the kth order relative to the 
infinilesimal B. 

This terminology is coherent with the fact that if x. fs an in- 
finitesimal then x* is an infinitesimal of the Ath order relative 
to the infinitesimal x which thus plays the role of a “standard” 
infinitesimal magnitude. 

The solution of Example 2 clearly indicates that the infinite- 
simal I—cosx is of the second order relative to x as x0. 

It is evident that if A> 1 then @ is an infinitesimal of higher 
order than B, if R=1 they are of the same order and if k<1 
then, conversely, # is of higher order than ca. 

Il]. Some examples of equivalent infinitesimals connected with 
the number e. Natural logarithms. The function log, (1+) is 
an infinitesimal as x0 since its limit is equal to log,1=0. To 
compare it with x we must determine the limit of their ratio. 
To this end, we perform the following transformations: 


1 
bin 02¢U+2) — fin E log, (1 +2)| ~ lim log, (14-%)* 
x Xx->0 x x0 


X-->0 


By formula (**) (Sec. 34), the symbols of fhe logarithm and 
of the limit can be interchanged if the expression under the sign 
of logarithm possesses a limit as x +0. Let us prove the latter. 


if we put z= then 2-+ oo as x-+0, and therefore 


1 
o aE e i Fe 
er ae 
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(see Sec. 31). Now we conclude that 


lim loge or x) 


x0 


We have thus shown that the infinitesimals log, (1-+x) and x are 
of the same order as x — 0. If we put a=e then log, (1+-x)=In(1+-~) 
and log,e=Ine=1. The latter equality implies that In(1-+-) and 
x are equivalent infinitesimals as x +0: 


In(i+-x) ~ x for x0 (*) 


Now let us take the function a*—1 which is also an infinitesi- 
mal as x +0 and compare it with x. To this end we put 


= log, tim (1 +a] = log,e 
x—>0 


a*—jl=u 


then u—+0 as x-—+0. Taking the logarithms to the base a of 
both members of the equality a*=1-++u we obtain x=log, (1+ -u). 
Hence, x —+0 as u— 0, and 


lim ioe lim ——~—- = lim ae eee 
ra0 % 3 v9 1OKa(1-+4) 4, 5 loge (1 +4) 
u 





The limit of the function in the denominator is already known: 





it is equal to log,e. Therefore, Jim = =fospe = loge = In a, 
that is 
a*—1~xina for x—0 (") 


Thus, we have proved that the infinitesimals a*—1 and x are 
of the same order for x-—+0. Putting a=e we conclude that 
e*—1 and x are equivalent infinitesimals: 


ex~—1~ x for e-—+0 (78") 


Relations (*) and (***) indicate that it is convenient to choose 
the number e as the base for the logarithmic and exponential 
functions. In this case In(1+x) and e*—1 can be replaced by x 
Si ra values of |x| with an arbitrarily small relative error 
as |x|—+0: 

In(l+*) wx, e*¥—lxl 


This property simplifies many calculations and is the reason why 
in mathematical analysis the exponential function e* and the 
natural logarithm \nx are so frequently used. 

Logarithms of numbers to different bases being proportional 
(see Sec. 20), the passage from dec mal logarithms to natural 


8—2280 
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ones and vice versa is readily carried out. The natural and deci- 
mal logarithms are connected by the relations 


log x= Minx and Inx=—> logx 
where 


M = loge =; ~ 0.434294 and —- ~ 2.302585 


In practical calculations we usually use decimal logarithms. 
They have no theoretical advantages over any other logarithms 
but are more convenient for computations. 

37. Comparison of Infinitely Large Magnitudes. 
I. The comparison of infinitely large magnitudes is performed 
by analogy with the comparison of infinitesimals but involves 

some changes in the terminology. 


Let u(x) and u(x) be functions tending to infinity as xx, 
(or aS X—+ 00). 

Hf lim = 0 the symbolic relation u(x) =0(u(x)) is retai- 

X> Xo 
ned, but in this case we say that the denominator u(x) is an 
infinitely large magnitude of higher order than the numerator u(x) 
(or that u(x) is of lower order than u(x)). 

According to this change of terminology, the power functions 
x, x7, x3, ... form a sequence of infinitely large magnitudes as 
x—+oo with increasing orders: x =0(x?), x? =o (x), etc. 

If tim aya | we retain the notation u(x) ~ u(x) but say 
that u (x) and u(x) are asymptotically equivalent. 

As before, the asymptotic relation uw~v is equivalent to 
u—uvu=o(u) (or to u—v=o(v)). 

In the determination of the limit of a quotient of two infini- 
lely large magnitudes the rule allowing us to replace any of 


these magnitudes by an (asymptotically) equivalent expression is 
also retained: 


j : u F u 
if u~v and u,~v, then lim—=lim—+ 
1 


on condition that the limits involved exist. 

I]. If w(x) and v(x) are infinitely large magnitudes the asymp- 
totical relation u~v does not at all mean that the absolute 
value of their difference | u(x)—v(x)| is an infinitesimal; in other 
words, the absolute error appearing when one of the functions is 
replaced by an asymptotically equivalent function is not necessa- 


rily small. But, at the same time, the relative error — be- 


comes an infinitesimal, and it is this quantity that characterizes 
the accuracy of the substitution of u for u (see Sec. 6), 
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Hence, every asymptotical relation u~v can be interpreted as 
an approximate formula u(x) v(x) allowing us to replace one 
of the functions by another function (which is often simpler) 
with a high relative accuracy. 


For instance, let u=x?+YV<x arctanx and v=x?. Here we 


, - VY xarctanx 
have u—v=V x arctanx=o0 (x’) as x->- 00 Since lim ——,—— = 
x f+) 
- arctan x ; : 
= lim ===*=0 (because the numerator of the last fraction is 
x>o Xx x 


a bounded function and the denominator an infinitely large mag- 
nitude). Consequently, the approximate equality x?+-Vxarctanx ~ 
os x? has a high relative accuracy for large values of x. 

There is a remarkable asymptotic relation known as Stirling's} 
formula which we give here without proof: 


ni~ V 2un (zy) for ft—+0o 


This formula makes it possible to compute n! for large values 
of n. The practical application of Stirling’s formula is based on 
computing its right-hand member by means of logarithms 


the common logarithm of the right member is equal to + log 2n -+- 


+ (n+3} log n—n log e | 


Stirling’s formula is widely used in the theory of probability. 

III. In conclusion we note that the symbolic relation g(x) = 
= o(f(x)) for x—+x, (or for x—+0o) is used in all cases when 
lim ran 0 irrespective of the properties of the functions 9 (x) 
and f (x) (provided that the denominator does not vanish). For 
instance, the relation a (x)=o(1) means that a(x) is an infinite- 
simal, 

Similarly, the symbolic relation (x) ~ f(x) always means that 


f(x) =0 (g(x)) for x +x, 


(read “f(x) is big O of g(x) for x—+x,”) means that, for all 
er belonging to the neighbourhood of the point xo, the ine- 
quality 


lF)[<C]g(x)| 


1 J. Stirling (1692-1770), an English matl ematician. 





8* 
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is fulfilled where C>0 is a constant. The relation f[(x)=0(I) 
as x—+x, indicates that f(x) is a bounded function in the 
neighbourhood of the point 4,. 

The relation /(x)=O(g(x)) for x—+oo is understood in the 
analogous sense. 


QUESTIONS 


1. State the definition of the limit of a function y=f(x) as 
x—+x,. Express the definition by means of inequalities and 
explain its geometrical interpretation. 

2. Give examples of functions y=f(x) possessing a limit as 
x—+x, and having no limit as x—+ Xp. 

3. What do we call the limit of a function y = f(x) a 
x —+ + 00(%-—+— oo)? Express the definition by means of eae 
lities and give its geometrical interpretation. 

4. Give examples of functions y=f(x) possessing limits as 
Xx —+-|- 00 (as pee) and having no limits as x—+0 
(as x —+— 00 

5. What is the limit of a sequence? Give examples of a se- 
quence possessing a limit and of one having no limit. 

6. What is meant by saying that the function y=f (x) tends 
to infinity as x-—+x, (as x—- oo)? Express the definition by means 
of inequalities. Give geometrical illustrations. 

7. What do the relations 


lim f(x)= +o, lim f(x)=-+o00, lim f(x)= 


lim f(x)= +o, lim f(x)=—oo, lim f(x)=—oo and 
x—+~-—@ X-> Xp X—>+@ 
lim f(xyy=—oo, lim f(x) =— 


mean? Give verbal explanation and also express the corresponding 
definitions by means of inequalities. Give geometrical interpre- 
tation. 

8. Give illustrative examples of functions tending to infinity 
for various types of the limiting behaviour of the argument. 

9. When do we say that a function is bounded on an interval 
or is bounded for x«—+x, or for x—+ oo? 

10. Give an example of a function which is unbounded but 
is not infinitely large. 

11, What function y=f(x) Is said to be an infinitesimal as 
X—+X, (as x—+00)? Express the definitions by means of inequa- 
lities and give their geometrical interpretation. 

12. What is the relationship between an infinitely large magni- 
tude and an infinitesimal? Prove the corresponding theorem. 
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13. How is the fact that a function possesses a limit is con- 
nected with the notion of an infinitesimal? Prove the correspon- 
ding direct and reciprocal theorems. 

_ 14. State and prove the rules for arithmetical operations on 
magnitudes possessing limits. 

15. State and prove the test for the existence of the limit of 
a function whose values lie between the values of two functions 
having one and the same limit. 


16. Prove that lim sine 1, 


17. State the test for the existence of the limit of a monotone 
bounded sequence. Explain its geometrical meaning. 


18. Prove that the limit of the sequence i+)", as n—+0O, 


exists. 

19. State the definition of the continuity of a function y= f (x) 
at a point x, and illustrate it geometrically. 

20. What is a point of discontinuity of a function? 

21. Give examples of various types of a point of discontinuity. 

22. State the rule for passing to the limit for a continuous 
function. 

23. State and prove the theorems on arithmetical operations on 


continuous functions. 
24. State and prove the theorem on the continuity of a com- 


posite function formed of continuous functions. 

25. What can you say about the intervals of continuity of an 
elementary function? What points can be the points of disconti- 
nuity of an elementary function? 

26. State the properties of functions continuous in a closed 
interval. Demonstrate them geometrically. 

27. What does “to compare two infinitesimals” mean? When 
is one of them said to be of higher order than the other? 

98. When are two infinitesimals called equivalent? State the 
necessary and sufficient condition for the equivalence. 

29. Give examples of equivalent infinitesimals. 


30. Give the numerical values of the limits lim = 


x—+0 
loga (1+) 
es ° 


> ne 





and 


Jim 
x->0 

31. What is the system of natural logarithms? How do we 
pass from decimal logarithms to natural ones and vice versa? 

32. How do we compare two infinitely large magnitudes? When 
one of them is said to be of higher order than the other? 

33. What do we call asymptotically equivalent infinitely large 
magnitudes? Give examples of such magnitudes. 


Chapter III 





DERIVATIVE AND DIFFERENTIAL. 
DIFFERENTIAL CALCULUS 





§ I. Derivative 


38. Some Physical Problems. 

J. Velocity of rectilinear motion. Let a point move in a straight 
line which is taken as the number scale and let the law of va- 
fiation of the coordinate s of the moving point as function of 
time { be known: 

S= F(t) 


The equation s=fF (ft) is called the equation (the law) of motion 
and the curve in the /s-plane specified by it is, called the graph 
of motion. 

During time interval Af from time moment 1? to ¢+-Af the 
coordinate of the point gains the increment 


As = F (t+ At)— F(t) 


(if the function F(¢) is monotone in the interval [/, f+ At] the 
number |As{ expresses the path length travelled during time Ay). 

If the motion is uniform, that is, s is a linear function of { 
of the form s=vu,/+-s,, we have As==u,At (see Sec. 15), and 


OS as5. is a constant velocity of the rectilinear motion of the point, 


At 

But if the motion is nonuniform the ratio 45 depends both on 
t and on Af. It is wen called the average (mean) velocity corres- 
ponding to time interval from ¢ to ¢-+-At. Denoting it u,, we 


can write 
As 
Vou = AE 


For a given time interval and a definite path length the point 
having a fixed average velocity can move in various ways. This 
is clearly seen in Fig. 49 which shows various lines (AC,B, AC,B 


1 The graph of motion is a curve in the coordinate system Ofs (Fig. 49) and 
must not be confused with the trajectory of motion. 
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and AC,B) connecting two points A and B in the ¢s-plane. These 
lines are the graphs of motion to which one and the same ave- 


rage velocity 4° corresponds although the character of motion 


varies. In particular, the rectilinear segment ACB joining the 
point A to the point B is the graph of the uniform motion with 
velocity v,, during time interval [f,¢+ Af]. Thus, the average 


velocity = is the velocity of the uniform motion in which the 


point covers the distance As during the time interval [f, ¢+ Af]. 
Now let us retain the value of ¢ and decrease Af. The average 
velocity v,, corresponding tothe new time 
interval [f, {+ At,] (At, < At) lying inside 
the original interval [¢,¢-+-Af] may of 
course differ from the average velocity 
for the whole interval [¢, ¢+ At]. This 
means that the average velocity does not 
characterize a nonuniform motion comp- 
letely since it depends on the time inter- Fig. 49 
val it is related to. The shorter the time 
interval [t, f+ Af] (i.e. the smaller A/), the better the average 
velocity characterizes the motion. Therefore it appears natural 
to make Af tend to zero. If, in this process, the average ve- 
locity v,, possesses a limit, it is natural to consider this limit 
as the (“true”) velocity at the given time moment f. 
' Definition. The limit o of the average velocity v,, correspon- 
ding to time interval [t, t+4+-Af], as At—-0, is called the (in- 
stantaneous) velocity of rectilinear motion at the given 


moment t: - 
g== lim 0,,== lim oS a lim F(E+ Af — F(t) 
At -» 0 at+o AE pnt .o At 





tt4t ¢ 


Example. Let us consider the law of free fall: 
=> gl? 


Computing the average velocity for a time interval (¢, ¢-+ Af) 
we find 


] 2 i 2 
gett ay—a eh 1 pata cate Qt At 
lage Rye ge ag gener 


Now we determine the velocity at the moment ?: 
| 
=lim —g(2/+At)=at 
saan 7 & (2i-+ At) =g 


Thus, the velocity of free fall is directly proportional to the 
time of motion. 
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II. Density. We now proceed to discuss the notion of a mass 
density playing an important role in problems of physics. The 
scheme of the argument is analogous to the above. 

Suppose we are given a material line (a wire, for instance). 
Let us reckon the path length s along the line and the mass m 
of the corresponding portion of the wire in the direction from 
one of its ends to the other. To each value of s there corresponds 
a definite value of m which thus is a function of s: 


m= (s) 


We say that the mass of the line is distributed along it uni- 
formly or that the material line is homogeneous if the masses of 
any two portions of the line having equal lengths coincide. In 
this case m is a linear function of s (more precisely, m is di- 
rectly proportional to s): m=6,s where 5, is the constant of va- 


riation. We have Am=6,As, and the ratio am (which is equal 


to 6, in this case) shows how many mass units are carried by 
the portion of the line of unit lengths. This constant ratio is 
called the (linear) mass density of the homogeneous material line. 

Now suppose that the distribution of mass is not uniform. 
Take the portion of the line from s to s-+-As; its mass Am is 
given by the formula 


Am=Q (s + As)—® (s) 


The ratio aie of the mass to the length is no longer constant 


and depends on s and on As. It is called the mean (average) 
mass density of the line (of the wire) corresponding to the part 
{s, stAs] of that line: 


A mass Am can be distributed along the interval [s, s+ As] in 
various ways and, in particular, uniformly. Hence, the mean 


density =— shows with what constant density the mass should 


be distributed uniformly along the interval (s, s-+-As] so that the 
total mass remains the same. Therefore the mean density does not 
provide a complete characteristic of the mass distribution and 
only describes it “in the mean”. To avoid this ambiguity we 
introduce the notion of the linear density at a given point (for 
a given value of s). The latter notion is defined on the basis of 
the fact that the smaller the portion As of the line, the more 
accurate is the description of the mass distribution in the vicinity 
of the point s given by the average density. Therefore we state 
that the linear density 6 of a material line at a given point s is, 
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by definition, the limit of the average density 5,,, corresponding 
to the interval [s, s+-As] as As tends to zero: 


6=lim 8,,=lim 5% = lim CEFAI—O 
As—0O As—>0 As->0 s 

III. Heat capacity. Reaction rate. Here we briefly discuss two 
more notions whose definition involves the same argument as in 
the cases of velocity and density, namely the notions of heat 
capacity and of reaction rate (in chemistry). 

The heat capacity c of a physical body for temperature t is the 
limit of the average heat capacity c,, corresponding to the inter- 
val [t, t-+At] as At tends to zero: 


c= limc,,= lim 22%= lim edit eet A, 
At—> 


+0 ar+o0 AT aro 1 


where q=YV(t) is the quantity of heat absorbed by the body as it 
is heated to the temperature t. 

The reaction rate y for a given amount of the substance invol- 
ved at a given time moment t is the limit of the average reaction 
rate »,, corresponding to the time interval [t, t+ At] as At tends 
to zero: 


a F(t Ath—F (1) 
As a 


where m= F(t) is the mass of the substance entering into the rea- 
ction during time tf. 

39. The Rate of Change of a Function at a Point. The Deri- 
vative of a Function. The Derivative of the Power Function. 

I. The rate of change of a function. The four notions (velocity 
of motion, density, heat capacity and reaction rate) discussed in 
Sec. 38 are of different physical nature but, from the mathema- 
tical point of view, they give the same characteristic of the cor- 
responding function. Namely, they all are special cases of the 
so-called rate of change of a function which is defined in an ana- 
logous manner by means of the concept of limit. 

Let us proceed to the general discussion of the notion of the 
rate of change of a function y=/ (x) abstracting from the physi- 
cal meaning of the variables x and y. 

To begin with, let us take a linear function 


y=[(x)=ax-+b 


If the independent variable x is given an increment Ax the fun- 
ction y receives the corresponding increment Ay=aAx. Here the 
Tatio a4 =a is a constant independent both of the value of x for 


which the value of the function is taken and of the given value 
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of Ax. This ratio is called the rate of change of the linear fun- 
ction. 


But if the function y=/(x) is nonlinear the ratio 

Ay _ [(x+-Ax)—f (x) 

Ax Ax 
depends both on x and on Ax. It only characterizes “in the mean’ 
the rate of variation of the function as the independent variable 
ranges from x to x-++ Ax; it is equal to the rate of change of a linear 
function which receives the same increment Ay for the same 
value of Ax. 


The ratio a is called the average (mean) rate of change v,, of 


the function y=f (x) in the interval [x, x-- Ax). 

It is clear that the smaller the interval under consideration, 
the more precise the characterization of the variation of the fun- 
ction given by the quantity v,,. Therefore it appears natural to 
consider the process in which Ax is made to tend to zero. If, in 
this process, the limit of the average rate exists it is taken as 
the measure of the rate of change of the function for the given 
value of x and is called the rate of change of the function. 

Definition. The rate of change v of a function f (x) ata 
given point x is the limit of the average rate of change of that 
function in the interval [x, x-+--Ax] as Ax tends to zero (on con- 
dition that this limit exists): 


= lim Ugy== lim Oe: lim io) =e) 
Ax—0 ane Oe, Ax Ax 0 Ax 


Il. The derivative of a function. The rate of change of a fun- 
ction y=/(x) is defined by means of the following sequence of 
operations: 

(1) given an arbitrary increment Ax of the argument, the cor- 
responding increment of the function is found: 


Ay = f (x + Ax)— f(x) 
(2) the ratio ou is formed; 
(3) the limit of this ratio (provided that it exists) as Ax tends 


to zero is found. 


. As was mentioned, if the given function f(x) is nonlinear the 
Ay 


ratio 7 depends both on x and on Ax. When Ax is made to tend 
to zero the resultant limit of the ratio u depends solely on the 


chosen value of x and thus is a function of x. (If the function 
f(x) is linear this limit is independent of x and is a constant 
magnitude.) 
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The limit thus obtained is called the derivative of the function 
f(x) and is a new function of x denoted by f' (x) (read “f dash x”). 

Definition. The limit of the ratio of the increment of a given 
function y=f(x) to the increment of the independent variable 
as the latter tends to zero is called the derivative of that fun- 
ction (provided that this limit exists): 


le) — lim 2&bAD-F) 
F(a) jin LO Le) 


The particular value of the derivative /f’ (x) at a given point 
xX, is usually denoted by f' (x,) or Yrex- 

Suppose that the derivative f’ (x) at a point x exists; this means 
y 


that there exists a finite limit lim Ay _ yf (x). Then the ratio Ay 
Ax+o 4% Ax 


itself can be represented in the form ou  f (x)-+e where e is 
an infinitesimal as Ax—+0, whence 


Ay = f' (x) Ax-++-e Ax 


Thus, if Ax—+0 then Ay—+-0, and therefore the function f (x) 
is continuous at the point x. Consequently, if a function f(x) has 
a derivative at a point x it is continuous at that point. 

It turns out that the converse assertion is not true: there are 
functions continuous at a point and having no derivative at that 
point. Examples of such functions will be discussed later on. 

Now, using the notion of the derivative we can say that 

(1) the velocity of a rectilinear motion of a point is the deri- 
vative of the function s= F(t) with respect to ¢ (that is, the 
derivative of the coordinate with respect to time); 

(2) the linear (mass) density is the derivative of the function 
m=Q/(s) with respect to s (that is the derivative of the mass 
with respect to the length); 

(3) the heat capacity is the derivative of the function gq = ¥ (t) 
with respect to t (that is, the derivative of the amount of heat 
with respect to temperature); 

(4) the reaction rate is the derivative of the function y= F (é) 
with respect to ¢ (the derivative of the mass of substance with 
respect to fime). 

Generally, the rate of change of a function y=f (x) is the deri- 
vative of y with respect to x. 

The notion of the derivative is one of the fundamental concepts 
of mathematical analysis. I. Newton? was one of the founders of 
mathematical analysis; he introduced the notion of the deriva- 


1 I, Newton (1642-1727), the great English scientist. He contributed many 
fundamental results to mathematics, physics and astronomy. 
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tive when studying the problem of determination of the velocity 
of motion. 
itl. The derivative of the power function. Let us find the deriva- 
tives of some simple functions. To begin with, take y=x. Then 
(x Ax)—x _ 
Ax 


Ax 
Ax—»0 Ax 


y’ = (x)’ = lim 

Ax->0 

that is the derivative (x)’ is a constant equal to 1. This is obvious 

since y=x is a linear function and its rate of change must be 
constant. 


If y=x? then 
If y=x* then 
yf = (3)" = lim (ep Aap —x? = tim sk a 3y 


Now we can observe the general feature of the structure of the 
derivatives of the power function y=x" for n=1, 2, 3. Let us 
prove that, generally, the derivative of y=x" for any positive 
integral exponent n is equal to nx"-', 

To this end, we write 

Ay _ (x-+-Ax)®—x" 
= Ax 


The expression in the numerator is transformed with the help of 
Newton’s binomial formula: 


(x Ax)®— xt =x" nxttAr 4 SOA) yn-sayea |p Agi 


Hence, 


Ay Ae) 


ape op x" 2Ax-+-.. ~ + Ax} 
The right member of the last equality is a sum of n terms; the 
first term is independent of Ax and the others tend to zero as 
Ax—+0. Therefore, 
- Ay ie 
| a2 ee pyr 
iN aig 
Thus, for every positive integral exponent n, the power fun- 
ction y= x" has the derivative nx"-?: 


(x")’ = nxt} 


Putting n=1, 2, 3 in this general formula we receive the spe- 
cial results obtained above. 
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Later on (in Sec. 45) we shall show that this formula applies 
to any exponent n as well. For instance, 


lye ! 
(x)’ =i) ee 





2 2x 
Let us consider separately the derivative of a constant map- 
nitude 
y=C 


The value of the function being invariable as the independent 
variable changes, we have Ay=0O and ft = = 0. Consequently, 
(C)’ =0 


that is, the derivative of a constant is equal to zero. 

40. Geometrical Meaning of the Derivative. The derivative of 
a function y=f(x) admits of a simple and visual geometrical 
interpretation closely related to the 
notion of the fangent fine (or, briefly, 
the fangent) to a curve. 

Definition. The tangent line M,T 
(Fig. 50) fo a@ curve AB at its 
point M, is the straight fine occu- 
pying the limiting position of the 
line passing through the point M, 
and another point M of the curve 
as M moves along the curve to coin- Zo ZethL X 
cide with the given point M,. Fig. 50 

As the line passing through M, 
and M tends to its limiting position the angle TMM tends to 
zero together with the chord M,M. 

The geometrical meaning of the derivative is implied by the 
following proposition: 

Theorem. If the value of the derivative of a function y= f (x) 
at a point x=, is equal to f’(x,)? the straight line with slope 
F’(%,) passing through the point Af, (%,, yo.) (¥,==f (%,)) Is the 
tangent to the graph of the function y=f (x) at the point AM,. 

Proof. Let us draw through the point M, the straight line M,7 
with slope [’(x,) (see Fig. 50). Then /['’(x,)=tan a where @ is 
the angle of inclination of the line M,T to the axis of abscissas. 





1 It should be stressed that the value of the derivative f’ (x,) is found in 
the following way: we first compute the derivative f’ (x) as function of x and 
then substitute into it the given concrete value x, of the independent variable 
for x. It would be absurd to begin with the value f (x,) of the given function at 
the point x, and then difierentiate it since f(x.) is a constant and its deriva- 
tive, equal to zero, has nothing in common with the value of the derivative 
f’ (%)) we are interested in! 
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Now we give x=x, an increment Ax, take the point /f of the 

eraph oj the function corresponding to the value of the argument 

X=x,+Ax end draw the secant M,//. The slope oi the secant is 
RM bs i a : 

equal to HB he where Ay=/j(x,+Ax)—j (x,). 

Now let Ax-—+0; then the point M moves along the arc AB 
toward ihe point M,. In this process the secant M,Af turns about 
the point Af, and, according to the conditions oj the theoren, 
its slope tends to the limit 


- Aw e * 
a ee) (*) 
which is equal to the slope of the line M,7. Applying the for- 


mula for the acute angle between two straight lines (M,7 and M!,Al) 
we obtain 


[ren 
tan / TMM = n 
It f’ (2) = 


By equality (*), if Av—+0 the numerator of the fraction tends 
io zero while the denominator to the number 1+ [/’ (x,)]*=€9. 
Therefore ten “Ti, tends to zero, and hence / T/1,M also 
tends fo zero’. We have thus proved that the straight line Af,7 
is the tangeni. This theorem establishing the geometrical meaning 
of the derivative can be sfated briefiy as follows: 

The value oj the derivative Ff’ (x,) is equal to the slope of i 
tangent fine to the graph of the function y=f (x) at the poi 
with abscissa x,. 

Pemark: G.W. Leibniz? who, at the same time as I. Nexion. 
introduced the notion oi the derivative proceeded from the prob- 
lem of constructing the tangent to a curve. 


, 


4 
R. 
at 
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41. Differentiation and Arithmetical Operations. The process of 
finding the cerivative of a function is referred to as the differen- 
fiation oi the junction (the explanation of this terminology will 
be give in Sec. 50). “To differentiate a function f(x)” means to 


* The engle TU, 3{=¢ being <ecute, the conditions feng =z——+0O implies 
Ga ercienz—0 

*G.W. Leibsiz (1645-1716) wes the grezt Germen philosopher end metre 
meticien sho contributed meny outstending reeults te various civisions cf 
scjexce (mathematios, physics, philoconhy, history, etc). At the seme tire 2: 
I. Newton he Cistaverec citerentie] and integral celovlus end founzed matke- 
maticel znalvsis 
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ue its derivative f’ (x). To this end, we must determine the 
imi 
Ax+>0 Ax 

The direct evaluation of such a limit is most often connected 
with lengthy and complicated calculations. But it turns out that 
for the basic elementary functions it is possible to derive general 
formulas expressing their derivatives analytically (remember that 
by now we only know the formula for the derivative of the power 
function y= x"). Therefore, since the rules for differentiating com- 
posite functions and those resulting from arithmetical operations 
on functions are also readily established, we can always find ana- 
lytically the derivative of any elementary function without resor- 
ting to the computation of the limit indicated above. 

We shall begin with establishing rules for differentiating the 
results of arithmetical operations. The constituent functions of 
which sums, products and quotients are formed will be supposed 
to possess derivatives for the given values of the independent 
variable. The proofs given below imply that the functions resul- 
ting from these operations, that is, sums, products and quotients, 
also have derivatives for the same values of the independent 
variable. Bearing this remark in mind we shall not stipulate the 
existence of the derivative each time and shall only confine 
ourselves to the question of finding the derivative of the resulting 
function when the derivatives of the constituent functions are 
known. 

Theorem I. The derivative of a sum of a finite number of func- 
tions is equal to the sum of the derivatives of the summands. 

Proof. Let y be a function represented as the sum of given 
functions u, v, ..., w of the same independent variable x: 


y=u-+o+...4-w 
We have to prove that 
y’ =(utut+,..+o0) =u'+u'+...+0' 


If the independent variable x is given an increment Ax the 
functions 2, v, ..., w gain thecorresponding increments Au, Av, ... 
..., Aw and the function y the increment Ay. It is clear that 


y+ Ay = (u+ Au) + (0-+A0)+ ... + (w+ Aw) 
Subtracting from this relation the function y we obtain 
Ay = Au+ Av+ ...+Aw 
On dividing the latter relation by Ax we receive 


Ay Au, Av Aw 
Ae AS Pa ee oe 
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Now, passing to the limit as Ax—+0 and taking advantage of 
the theorem on the limit of a sum (Sec. 29) we derive 


Jin, ae™ in, (aetaet tae) = 
= Jim e+ lim a + —_ + lim, 
We have 
Pere ts Beer. ne, 
a 


and thus arrive at the desired result. 
Examples. (1) Consider the sum y=x*—x?-++-x—1. Applying 
the above rule we find 


yf = (x9! — (8) +) —U) 332241 
(2) Taking the function yaxto and performing the differen- 
tiation we obtain 


y! =(X)' +(e) = 1x8 = 1S 


Theorem II. The derivative of the product of two functions is 
equal to the sum of the product of the derivative of the first 
function by the second function and the product of the derivative 
of the second function by the first function. 

Proof. Let a function y be represented as a product of two 
functions: 


y=uv 
We shall prove that 
y’ = (uv)! =u'v+o'u 
Giving the independent variable an increment Ax and taking the 
corresponding increments Au, Av, Ay of the functions u, v, y 


we can write 
y = Ay = (u+ Au) (v-+- Av) 
It follows that 
Ay = (y + Ay)—y = (u-+ Au) (v+ Av)—uu= Au-v-+u Ao-+ Au Av 
and 
Ay _ Au 


Av Au 
a ae ea ae 


Now, applying the rules for passing to the limit and taking 
info account that if Ax—+0 then Av as the increment of a con- 
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tinuous function also tends to zero, we obtain 
; A : Au : A ; . 
lim 52 = lim == v--u lim + lim az tim Av= 
Ax->0 Ax+o 4* Ar>0 4¥ © ayo AX arco 
=n'u-- uv’ +u’-0=u'u-+uv’ 


which is what we set out to prove. 
If one of the factors is a constant magnitude, for instance, 
u=C we receive 


Au 


y’ = (Cu) =C’u+Cu’ =Cu’ 

because the derivative of a constant is equal to zero. Hence, 

a constant factor can be taken outside the differentiation sign. 
The differentiation rule for the product of two functions is 

readily extended to the product of any finite number of functions. 

For instance, if y=uuw we write 


y’ = (uvw)' = (uv) w+ usw’ = (u’'v-+ uv’) w+ usw’ = 
= w'uw + uv'w + uv’ 
that is, the derivative of the product of three functions is equal 
to the sum of three summands each of which is the product of 
two of the given functions by the derivative of the remaining 
function. 
Examples. (1) For the function y=5x°—2x?+3x—1, we have 
y! = 5 (x3)' —2 (x?)’ +3 (x)’— (1) = 15° — 4x +3 
(2) Consider y=(2x-+3)(1—x)(x+2). The differentiation 
results in 
y! = (2x + 3)! (1—x) («+ 2) + (2x4 8) (IL—x)! (x +2) + 
+ (2x -+- 3) (1—x) (x-+2)’ = 
= 2 (1—x) (x-+2)— (2x 4-3) (x2) + (2x3) (I—2) 

The same result is of course obtained if we open the parenthe- 
ses in the given product and fake the derivative of the resultant 
polynomial of the third degree. 

Theorem III. The derivative of the quotient of two functions 
is equal to the fraction whose denominator is equal to the square 
of the divisor and the numerator is equal to the difference bet- 
ween the product of the derivative of the dividend by the divisor 
and the product of the dividend by the derivative of the divisor. 


Proof. Let y be a function equal to the quotient of two func- 
tions uw and uv: 


_ 
J=7 


We must prove that 


9—2280 
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Indeed, we have 


ubbu uw fu, Ae 
Ay _u+ bo uv Au-ev—udv Ax Ax 
Ax Ax ~ Ax-o(ut+Av) su (u-+ Av) 


Passing to the limit as Ax—-0O and taking into account that Av 
as increment of a continuous function tends to zero together with 
Ax we receive 





vlim 44 4 tim 42 
» Ax 0 Ax Are0 AX u’y—uv’ 
y= Las lim Ay) Tae 
Ax» 0 


which is what we had to prove. It is of course supposed here that 
v=£0 at the given point since, if otherwise, the function y is not 
defined at that point. 





Examples. (1) Computing the derivative of the function y= ay 
we find 
»__ (2—3x)’ (2-+-x)—(2—3x) (2+)  —3 (2-++-x)—(2—3x) _ 8 
rr = a AT 


(2) Let y=x~-" where n is a positive integer. We obtain 
r le , = (1)’ x7 —] (x")’ — nxn 
y= (zr) 


xn a xeon ata gen —_ nx 


which confirms the rule for differentiating the power function in 
the case of a negative integral exponent. 


(3) Let y=— where v is a function of x. The derivative of 


the numerator being equal to zero, the formula for differentiating 
a quotient leads to 


y’ 
4 
¥ =—S — 


vu 
It is advisable to memorize this result and its special case for v=x: 


BV pe 
x} x 


(4) Differentiate y= where C is a constant. It is unnecessary 


to differentiate this function as a quotient since it can be simply 
represented as the product of the constant factor = by the func- 
tion u: 


and hence 
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42. Differentiating Composite and Inverse Functions. 

I. Differentiating composite function. The rule for differentiating 
function of a function is extremely important; it expresses the 
ught-for derivative in terms of the derivatives of the consti- 
ant functions the given function is formed of (on condition 
at these functions have derivatives). 

Theorem. The derivative of a function of a function is equal 
the product of the derivative of the given function with respect 
the intermediate argument by the derivative of this argument 
th respect to the independent variable. 

Proof. Let y=/(u) and u=q(x). We have to prove that 


y' =f (u)u' =f' (u) g’ (x) 
Let x receive an increment Ax. This results in an increment Au 


the intermediate argument u=q(x) which, in its turn, genera- 
; an increment Ay of the magnitude y. To find y’ we must 


mpute lim ou as Ax —+0. Let us represent the ratio ou in the 
Ax-—+0 


rm 
Ay _ Sy Au 
Ax Au Ax 


‘cording to the rules for passing to the limit in a product we 
n write 
- Ay 7, Ay 1. Au 
Poe aad ANT” pea! Ax 
ere Au-+0, as Ax-—>0, since u = @ (x) is a continuous function). 
Since P ‘ 
: Y of ou 
Jima Fo) and in, Se 0) 
2 arrive at the desired formula’. 
Thus, in order to obtain the derivative of the composite func- 
on y=f[p I we should find the derivative of the function [ 
ith respect to its argument u=q(x) regarded as an ordinary 
iable and multiply the result by the derivative of the func- 
on p(x) with sme to the independent variable x. 
Examples. (1) The function. y=(2x?—1)* can be regarded’ as a 
inction of a function composed’ of. the cubic function y=u* and 
le quadratic function u=2x?—I. Hence, we have 


y! = (u?)' a! = (u3)’ (2x*— 1)! = But 4x3 (2x? 1)? 4 = 
= 48x'— 48x? + 12x 


1 This proof is inapplicable if Au turns into: zero.. It cam nevertheless be 
own (but we do not present the proof here) that the theorem: remains valid 


Parn Ae WIM 
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The correctness of the result is readily checked: opening the 
parentheses in the expression of y as a function of x we obtain 
y = 8x'— 12x4-+6x?—1 whence, after the differentiation of the po- 
lynomial, we obtain y’ = 48x*—48x°+ 12x, which coincides with 
the result obtained above. 


(2) Consider the function y= (x+z)". Here the intermediate 


function w= xo is raised to the hundredth power. Therefore, 
we have 


y= 10004’ = 100(x4-4)” (24-4)'=100(44)" (IH 

This example clearly demonstrates the advantage of the appli. 
cation of the rule for differentiating a composite function: the direct 
differentiation of the given expression as a sum of different powers 
of eee involve Newton’s binomial formula with exponent 
n= 1001 

(3) Take the function y= 1-+x?. Here we can put y=Vu and 
u=1-+x?, which yields 





halt ined Oy = 
4 = 2 — PI+x 

Now suppose that we are given a function of a function formed 
of more than two constituent functions. For definiteness, let 


y=[(u), 4=p(v) and v=*p(x) 


where the functions f(u), p(v) and p(x) possess derivatives with 
respect to their arguments. By the above rule, we can write 


y’ =f! (u) wv 
where uw’ is the derivative of u regarded as a function of the inde- 
pendent variable x. The same rule also implies 


is” = @ (v) 0” = gy’ (uv) 1p’ (x) 
Substituting the latter expression into the former we obtain 
y’ =F (u) @ W)¥' (x) 

The general formula for an arbitrary number of intermediate 
arguments is derived in like manner. In all cases the resultant 
derivative y’ is equal to the product of the derivative with respect 
to the first intermediate argument by the derivative with respect 
to the second intermediate argument and by the derivative of the 
third intermediate argument, etc., the terminal factor being the 
derivative of the last intermediate argument with respect to the 
independent variable x. 
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This can be stated briefly as follows: 

The derivative of a composite function is equal to the product 
of the derivatives of the constituent functions. 

For example, let y=(I1-+ /x?+1)*. Representing this function 
as a “chain”? of constituent functions we write y=u?, u=1]-+ 
+Vov and v=x?+1. The differentiation now yields 


mR pee pai: Loy 2+ VF +1) x 
y’ = (u?)’ (1+ Vo)! (2 +1) 2u 2x Hat 
Il. Differentiating inverse function. Let y=f(x) and x= o(y) 
be a pair of mutually inverse functions (see Sec. 18). We shall 
show that if the derivative of one of these functions is known 
it is easy to determine the derivative of the other. For definiteness, 
Ay 


let the derivative f’ (x)= lim =, be known. We shall suppose that 
Ax 


it does not turn into zero. In order to find the derivative g’ (y) 


we should compute the limit lim | Since y) L 

Ay +0 4Y ; 
Ax—+0 when Ay~+0 (because the in- 
verse function is also continuous) the 


identity 3 = implies 








Ay 
Ax 
- Ax | 
lim ——= 
Ay»0 SY yp AY 
pen 
that is, o’ (y) =7a: Similarly, if p’ (y) 0, 


Fig. 5! 





then f’ (x) = = . Briefly, the derivatives 


of two mutually inverse functions are the reciprocals of each 
other. This can be written as 


where the subscript x or y indicates the variable with respect to 
which the differentiation is performed (that is, which of the va- 
riables is taken as the independent one). 

The relationship between the derivatives of mutually inverse 
functions admits of a visual geometrical interpretation. Let the 
line L shown in Fig. 51 be the graph of a function y=/f (x). Then 


f’ (x) =tane 


1 The rule for differentiating a composite function stated above is sometimes 
referred to as the “chain rule”.—7r, 
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The equation of the line L can also be taken in the form x=9(y). 
The derivative of this function with respect to the variable y Is 
obviously equal to the tangent of the angle of inclination of the 
tangent line of the curve L to the y-axis, that is 


gp’ (y) =tanB 

But «+Pp=-—, and therefore tan a=cotfh= imi whence 
jae 
MQ)= 9" {y) 


Thus, this formula expresses the evident fact that the sum of 
the angles formed by the tangent line with the coordinate axes is 


equal to >: 
As an example, take the function y= i/ x. Here we have x=y 
and x; == 3y?. Consequently, y’ =33 (the subscript x in y' is omit- 


ted). Now let us express the derivative y’ in terms of the inde- 
pendent variable x. To this end, we substitute into the equality 
obtained the expression of y as function of x to find 


I 
‘= 
: 3 j/ x 


1 
Let the reader differentiate the function y= j/x=.x®* with the aid 
of the general formula for differentiating a power function to check 
that the result is the same as above. 
43. Derivatives of Basic Elementary Functions. In Sec. 39 we 
computed the derivative of the power function: 


(xn)! =nx"—| (1 
Now let us find the derivatives of all the other basic elementary 


functions. For brevity, the increment Ax will be denoted by 4. 
I. Derivatives of trigcnometric functions. Let 


y=sinx 
If x receives an increment Ax=A then 


Ay =sin (x +h4)—sin x= Qsin~ t= cos ae 





2 
= 2 sin 3 cos (x+3) 
Consequently, 
h 
in— 
Ay °"9 h 
a cos (x-+ =) 
2 
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and 


_ A 
sin > 





y’ =lim AY lim lim cos (x-+ 3) 
hao & ho S h+0 


As was proved in Sec. 30, the first factor is equal to unity 
while 


lim cos (x-+ 3) = cos (x+0)=cosx 
A-0 


since the cosine is a continuous function. 
Hence, 
(sin x)’==cos x (2) 
The differentiation formula for y=cosx can now be derived with 
the help of the theorem on differentiating a composite function. 


= o st P24 rm 
For, since cosx=sin (x-+ , we can put x+5=u to obtain 


2: 
y’ =(sinu)’ u’ =cosu-1=cos (x+ 5) =— sinx 
whence 
(cos x)’ ==— sing (3) 


We suggest that the reader derive this formula directly by com- 
puting the derivative as the limit of the ratio of the increments. 

The derivatives of the functions y=tanx and y=cot x are obtai- 
ned from the above formulas and from the rule for differentiating 
a quotient: 


(tan x)! = sinx\’ (sin x)’ cosx—(cosx)’sinx cos?x-+sin?x 1 
~ \cosx] cos? x 7 cost¥x = cos*x 
and 
,__f{cosx\’ (cos x)’ sin x—(sin x)’ cos x 
(cot x)" = (= =) 7 sin? x — 
__—sin?x—cos?x ] 
= sin? x sin? x 
Thus, 
(tan x)'=—_ (4) 
cos? x 
and 
sin? x 


Examples. (1) On difierentiating y—xsinx we find 


y’ = (x) sinx-+x (sin x)’ =sinx+xcosx 
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(2) Lety=—2*. We obtain 


x 
,__ (cosx)’x—cosx(x)’ xsinx+tcosx 
i a an |e 
(3) Let y=tan5x. Putting y=tanu and u=5x we derive 
Ges eee 
~ cos? 5x 
(4) Let y=sin* 2x, Putting y=u', u=sinv and v= 2x and applying 
the chain rule we get 
y’ =3u?cosu-2 = 6sin? 2x cos 2x 


II. Derivatives of inverse trigonometrie functions. The deriva- 
tives of the inverse trigonometric functions are obtained from the 
above formulas by using the differentiation rule for inverse fun- 
ctions (Sec. 42). 


Let y=arcsinx; thenx=siny and x,—cosy. Therefore, 
Fn 
_ xy cosy 


To express the derivative as a function of the independent va- 
riable x we substitute info this formula the expression of cosy 
in terms of x, 1.e. 


cosy=V1—sinty=V1—x? 
Here we take the arithmetic root since the values of the function 
y=arcsinx lie in the interval (—F, x) and the cosine of y is 
positive in this interval. The substitution gives 
J 
Vie (6) 
It should be noted that although the function y=arcsinx is 
continuous at the points x=-++1 where it takes on the values 
y=: the derivative of y does not exist at these points. 


Completely analugously we show that the function y=arccosx 
has the derivative for all the values of x in the interval (—1, 1): 


I 


+. . a an “ 
y’ =(tanu)'’u = ay 








(arcsin x)’ = 





(arccos x) mean are (7) 
This result is also readily derived from the identity arcsinx+ 
-+- arccos x = =. 


Now we consider the function y=arctanx. Its inverse function 


is x=tany, and we have 
} 


cos? y 





hy = 
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Consequently, 


! ! 
Jx= COS Y= TF tant gy 1--a 


Thus, 
(arctan x)’ == (8) 

and, similarly, 
(arccot x)’ =— 


J 
1+- x? (9) 


Examples. (1) Let us differentiate y= x? arcsin x: 








y’ =2x arcsinx+ a = 
(2) For the function y = arctan + * seta 
r I : (74) = (1 —x)? 9 ' 
a 14+ (722) 1—x ~ (l—x)? (14x)? (I—x)? T+ x2 
l—x 


The derivative obtained comcides with that of the function 


arctanx. This is accounted for by the fact that the functions 
arctan mee and arctanx only differ by a constant summand equal 
to= if x< 1 and equal to os if x> 1. 


II. Derivatives of Saker tadie and exponential functions. Let 
us begin with the logarithmic function y=Inx. Giving x an incre- 
ment hf we obtain 





x+h A 
Ay _In(x+h)—Inx _ in x a (1+ 
h h _ h 
This relation can be rewritten in the form 
h 

ay 1 (149) 
h” «x A 

x 


whence it follows that 


= lim 1e(1+3) =i n(1+5) 


lim 32 ho h+oQ| * A Hae us 
x x 
According to formula (*) of Sec. 36, III, this yields 
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Thus, the derivative of the logarithmic function y=Inx exists 
and is equal to ~: 


(Inx)'=— (10) 


Now let y=log,x. As is known (Sec. 20, IJ), log. x= 2, end 
(Inxy’ sf 
ina  xIna 


, M 0.43429 ! 
(log x) = (M =loge=7-75} 





therefore (log, x)’ = . In particular, 





To determine the derivative of the exponential function we 
again resort to the difierentiation rule for inverse functions. 


If y=a* then Iny=xina and x= iu whence “= one and 
y,=y\na=a*l|na. Thus, 
(a*)'’==a* Ina (11) 
In particular, for a=e we obtain 
(e*)’ ==e* (12) 


Consequently, the function y=e* remains invariable under the 
differentiation. 

oe (1) For y=xInx we obtain y’ =(x)' Inx+~(Inz)' = 
=Inx+ I. 


(2) {if y=(Inx)* then y’ =3 (inxy (In x)’ =3 22. 

(3) If y=Insinx then y’ = Sinz) — £5 — oot x, 

(4) Take y=e-*. Pulling y=e" and u=—x we get y= 
==(e7)'u' = —e~*, 

IV. Derivatives of hyperbolic and inverse hyperbolic functions. 
In accordance with the definitions given in Sec. 23 we obtain: 





. ’ X_pa-x s ee ~— 6 __{— p= 
(sinh x) =(—-) =e = Soe) orn) = cosh x 
nr ae aed a —xy;' —_— ? 
(cosh x)’ = (= =O pes Hie" en") — sinh x 
»_ fsinhx\’ (sinh x) coshx—sinh x(cosh x)’ _ 
(tanh x) = (Sn) —s eosh2x 
_cosh?x—sinh?x = 
cosh? x ~ cosh? x 


In these formulas we again see an analogy between the hyper- 
bolic and trigonometric functions. 

The derivatives of the inverse hyperbolic functions are found 
with the aid of the general rule for differentiating inverse func- 
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tions or by using the expressions of the inverse hyperbolic func- 
tions in terms of the logarithmic function (see Sec. 23). Leaving 
the derivation of these formulas to the reader we confine ourselves 
to writing down the ultimate results: 


(sinh x)’ = (In («+ V¥ $1) =p +1 


(cosh~? x)’ = (in (x VF —1))! = 4 Gos 


(where the signs -- correspond to the two single-valued branches) and 


I 
(tanh-! x)’ =(> In te) =icm 


1—x 





44. Differentiating Elementary Functions. Examples. After the 
general differentiation rules and the formulas for the derivatives 
of the basic elementary functions have been established we can 
readily find the derivative of any elementary function without 
resorting to the computation of limits. 

For the sake of convenience, here we write down once again 
the differentiation rules and formulas (which should be learnt by 
heart). 

Differentiation rules: 


(i -o-+...4+ ow)’ =n' +0'+...4+-20' 


(uv)’=2'0-+4-0'u 
(< ‘_ w'0— 0 PN eo 8 
D +: 9? _ p* 


If y=f (a) and a= 9 (x) then y' =f’ (4) 9’ (x). 


Differentiation formulas: 
1 


(1) (x*)' nx", (7) (arccos x)’ =——=as, 
(2) (sin x)’ =cos x, (8) (arctan x) =—3 

(3) (cos x)’ ==—sinz, (9) (arccot x)! =; =e 
(4) (tan.x)'= = (10) (In.x)’ = + 

(5) (cot x)’ =—=5-, (11) (a*)’=a*Ina@ 


1 


(6) (arcsin x)’ = FS 


» (12) (e*)’=e* 


Examples. (1) Let y=es™(@r+0), Putting y=e", u=sinv and 
y=2x+1 we receive 


y' = (e")' (sin v)! (2x-+ 1)’ =e" cos u- 2 = Qesia(2+1) cos (2x+ 1) 
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After some experience in the differentiation has been gained 
the reader may omit the notation of intermediate arguments and 
introduce them mentally as a chain of functions leading from 
y to x. 

(2) For y=xsin3x we obtain 


y' =sin 3x +x (sin 3x)’ =sin 3x+3xcos 3x 


__ (e**) x— ex? eX* (2x2? — 1) 
Te 


2 
(3) Hi y=" then y 


45. Further Remarks on Differentiation of Functions. 
]. Logarithmic differentiation. A function of the form 


y=([F(x)]? (F(x) > 0) 


where the base and the exponent are both functions of the 
independent variable x is referred to as a composite exponential 
(or power-exponential) function. A simple example of such a fune- 
tion is 
y=x*, x>0 
The Jatter function can be differentiated as a function of a func- 
tion if we write it down in the form 


XX = (eln *)x — ex Inx 
whence follows 
(x*)! = et 9 * (x In x)! = x* (Inx+ 1) 

But there is another way of finding this derivative. We can 
first take the jogarithm of the function and then differentiate the 
resultant relation with respect to x bearing in mind that the 
left-hand member of the differentiated relation is a composile 
function of x: 

Iny=<xInx 
and 


Li 
r Inx-+ 1 


if the derivative y’ exists. Now we receive 
y’ =y (Inx+1)=x* (Inx+ 1) 


We have thus derived the same expression by applying another 
technique. 

The operation of differentiating the logarithm of a function is 
teferred to as logarithmic differentiation. lf f(x) is a given func- 
lion the result of this operation is 


1 [' (x) 
[Inf (x)] aa F(x) 
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The latter expression is called the logarithmic derivative of the 
function f (x). 

Logarithmic differentiation is not only old Dasara to finding the 
derivative of a composite exponential function but also to some 
other problems. For instance, if we have to determine the deri- 
vative of the product 


y=2*V x?+4 sin? x 


it is convenient to apply logarithmic differentiation, which enab- 
les us to find the result speedily. Indeed, we have 


Iny=<xIn 24+2Insinx-+-> In (x?-+4) 


whence 





y' =y(In2 +2cotx+a75 | 


Using logarithmic differentiation we can easily prove the vali- 
dity of the formula 
(x") = nx"? 


for any exponent n (by now we have proved if only for integ- 
ral n's; see Sec. 39, III). Taking the logarithm of the function 
y=x"=e%lnx and assuming that x>0 we find 


Ing=ninx 


F acpi ‘ : n 
On differentiating, we receive T= 5 whence 


to rn — now} 
y= x= Nx 


If x <0 then for the exponent n for which the function y=x" 
is defined we can write y=(—1)"(—x)" and apply the differentia- 
tion rule for a composite function; this again leads to the required 
formula y’ =nx"-}. 

I]. Derivatives of implicit functions. Suppose that y is an im- 
plicit function of x, which means that it is specified by an equation 
connecting the independent variable x and the function y, the 
equation not being solved with respect to y (see Sec. 12). Then 
the derivative of this function (provided it exists) can usually 
be found by differentiating (with respect to x) both sides of the 
equation. In this differentiation it is necessary to take into account 
that y is a function of x (specified by this equation). We shall 
illustrate by examples the practical significance of this rule?. 


1 The differentiation of implicit functions will be discussed in more detail 
in Sec. 118, 


142 Ch. I[fl. Derivative and Differential 


Let us determine the derivative of the function y specified by 
the equation 
e+ y= 


(this is the equation of the circle of unit radius with centre at 
the origin). Differentiating with respect to x and taking into 
account that y is a function of x we receive 
2x -+- 2yy' =0 
whence 
ya 
In this example it is not difficult to find the explicit expres- 
sion for y, namely y=V1—x? or y=—V1—x?. The differentia- 


tion of the first function yields y= — which coincides 
—x 


with the result just obtained. Putting y=—V1—x? we similarly 
obtain the derivative of the branch specified by the condition 
y <0. 

Consider another example. Let the function y=f (x) be specified 
by the equation 








y®—d3axy+x°=0 
Differentiating with respect to x we get 


3y*y' — 3ay—3axy’ + 3x? =0 

whence : 

1 ay—xX 

Yy = ax 
In this case it is difficult to express the derivative solely in terms 
of the independent variable x. It is sometimes possible to simp- 
lify the expression of the derivative of an implicit function by 
using the original equation connecting y and x. For instance, 
let us take the implicit function specified by the equation 
xy*=e*+¥, The differentiation with respect to x leads to y*+ 


, ¢ ’ eX t¥_y2 ° 
+ 2xyy’ =e*+V (1 -+-y") whence y rer Now, replacing e*+# 
by xy? we simplify the expression of the derivative: 
,__y(x—l) 
4 = xQ—9) 





Thus, the derivative of any implicit function specified by an 
equation involving elementary functions can be determined accor- 
ding to the known differentiation rules irrespective of whether it 
is possible to represent the function explicitly. In the general 
case the derivative of such a function is expressed in terms of 
the independent variable and the function itself. 
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46. Parametric Representation of Functions. Parametric Diffe- 
rentiation. 

I. Parametric representation of functions and curves 

Let us take two functions of one and the same variable f¢. 
We shall denote them by x and y: 


x=9(), y=) (*) 


The specification of these functions yields a functional relation- 
ship between the variables x and y. For with each value of ¢ 
(belonging to the given domain) the system (*) associates some 
values of x and y and thus generates a correspondence between 
x and y. 

Definition. If a functional relationship between two variables 
is specified so that each variable is determined separately as a 
function of one and the same auxiliary variable we say that this 
functional relationship is represented parameftrically, and call 
the auxiliary variable a parameter. 

The determination of the direct relationship between the vari- 
ables x and y (not involving the parameter ¢) from system (*) is 
referred to as the elimination of the parameter. This results in 
an equation connecting x and y which specifies one of the vari- 
ables as a function of the other. 

The general rule for eliminating the parameter states as follows: 
we take one of the given equalities, for definiteness the first, and 
determine from it the expression of f in terms of x, that is, find 
a function t=¥(x) inverse to the function g, and substitute this 
expression into the other equality: 


y= [x (x)] 


We thus obtain an explicit expression of y as a function of x. 
In concrete problems some other techniques are also used (see II, 
Example 1). 

Interpreting the parametric relationship between x and y as 
specifying a curve in the xy-plane we say that this curve is 
represented parametrically, the equalities x= q(t), y=p(t) being 
termed parametric equations of that curve. 

A parametric specification of a function (or of a curve) is some- 
times more convenient than other ways of representing the func- 
tion because parametric equations expressing a complicated rela- 
tionship between x and y may be considerably simpler than the 
Original equation. Besides, in a parametric representation it is 
not preassigned which of the variables is the argument and 
which is the function. 

It should be noted that if at least one of the functions in 
system (*) is constant it is impossible to eliminate the parame- 
ter ¢ to obtain a function y=f (x). For instance, the equations 
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x=], y=sin?f do not provide a functional relationship between 
x and y. Here the points with coordinates x and y corresponding 
to different values of # lie on the line segment x=1 joining the 
points (1, —1) and (1, 1). 

A concrete interpretation of the parameter depends on the cha- 
racter of the functional relationship in question. 

Functions represented parametrically are often used in mecha- 
nics in connection with the specification of the trajectory of mo- 
tion. In this case the role of the parame- 
ter is played by time 7, the functions x(t) 
and y(f) expressing the law of motion of 
the projections of the moving point on 
the coordinate axes. On eliminating the 
parameter ¢ we obtain an equation for the 
trajectory connecting the coordinates x 
and y of the moving point. 

Let us discuss a simple example. Suppose 
that a body is dropped from an airplane in 

Fig. 52 a horizontal flight at a height A with 
velocity uo. We shall take the coordinate 

system shown in Fig. 52 and assume that at the initial time 
moment ¢=0 the body (together with the airplane) is at the 
point M,. Let the body be at the point M(x, y) at time ?. Since 
there are no horizontal forces acting upon the body (air resistance 
is neglected!) the horizontal component of the velocity of the 
body is constant and equal tov,. Therefore, the horizontal displa- 
cement during time ¢ is x=v,t. The vertical displacement of the 


body corresponding to that time? is equal to s= SC where g is 





the acceleration of gravity, and hence y=H —£ (see Fig. 52). 
We have thus obtained the parametric equation of the trajectory: 


gt? 
y= —=-, X == Ut 


On eliminating the parameter ¢ we arrive at the equation 





fy 
, 


7: 
4 2U6 


This equation shows that the trajectory is a parabola with the 
point M, as vertex. 

I]. Parametric equations of some curves. 

(1) Consider the circle with centre at the origin and radius a. 
Let ¢ be the arc of the circle (expressed in radians) connecting 


1 The inclusion of air resistance leads to a considerable complication of the 
problem. 
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the point (a2, 0) and the moving point (x, y). It is obvious that 
x=acost, y=asint 


The latter equations provide a parametric representation of the 
circle. To eliminate ¢ we square both equations and then add them 
together termwise, which results in 


x? +- y? =a? t 


As ft runs over the interval [0, 27] the point with coordinates 
x, y makes one circuit along the circle starting with the point 
(a, 0). 

Let us check that the equations 


2t | —f? 
Ya TTR lamas RE 
specify parametrically the same circle (the geometric significance 
of the parameter ¢ in the latter equations is mentioned below). 
Squaring both equations and adding them together we again receive 


x? +-y? =a? 


When the parameter ¢ ranges from 0 to oo the variable point tra- 
verses the upper semicircle from the point (a, 0) to the point 
(—a, 0), and if f varies from 0 to —oo it describes the lower 
semicircle. Hence, if ¢ continuously varies from — oo to + oo the 
moving point makes one circuit over the circle traversing it coun- 
terclockwise, the initial point being (—a, 0). Let the reader show 
that in this case the role of the parameter ¢ is played by the 
tangent of half the arc of the circle joining the point (a, 0) to 
the variable point (x, y), the whole arc being equal to the value 
of the parameter in the previous parametric representation. 

This example shows that a given line can be specified paramet- 
tically in various ways. 

(2) Let us take the ellipse with centre at the origin and semi- 
axes a and b along the coordinate axes Ox and Oy. Draw the 
circle with the same centre and radius a (we suppose that a> 8). 
Now, taking as the parameter ¢ the arc of that circle joining the 
point (a, 0) to the point of the circle whose abscissa coincides 
with that of the moving point (x, y) of the ellipse we arrive at 
the parametric equations of the ellipse 


x=acosi?, y=Dsint 


For, on eliminating ¢ from these equations we obtain the well- 
known canonical (standard) equation of the ellipse 


x2 . y=] 
att 


10—2280 
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As ¢ runs through the interval (0, 2x] the point (x, y) traverses 
the ellipse. 
Similarly, the pairs of equations 


x=acosht, y=bsinht and x=—acosht, y=Obsinhf 
yield, respectively, parametric representations for the right and 


for the feff branches of the hyperbola 5—£= 1. In both cases 
the parameter ¢ varies within the interval (— 00, oo). That is why 
the functions coshf and sinh? are called the hyperbolic sine and 


cosine. 





Fig. 53 


(3) The curve described by a fixed point of a circle rolling with- 
out sliding! upon a straight line (see Fig. 53) is called a cycloid. 

The straight line upon which the circle rolls is called the base 
line (or directrix) and the rolling circle is termed the generating 
circle of the cycloid. 

Let us denote the radius of the generating circle by a and take 
Ox as the base line. Assume that the motion begins when the fixed 
point of the circle (denote it M,) coincides with the origin. 

To derive parametric equations of the cycloid let us choose as 
the parameter the angle ¢ through which the circle turns as its 
fixed point M, passes to the position M shown in Fig. 53. This 
angle is equal to that between the radius of the rolling circle 
drawn to the point M and the radius drawn to the point P at 
which the circle touches Ox. The abscissa x of the point M of the 
cycloid is given by the expression 

x= ON =OP—WNP 
where OP =MP =at (since the circle rolls without sliding) and 
NP=ML=asint 

1 We say that one curve rolls upon another curve without sliding if the 

variable arc length reckoned along the rolling curve is exactly equal to the 


Jength of the arc of the other (motionless) curve travelled by the former along 
the latter. 


$ 2. Differentiating Functions 147 


t being the magnitude of “MCP measured in radians. Thus, 
x=a(t—sinf). Similarly, for the ordinate y of the point M we 
obtain 

y=NM =PC—LC=a—acost =a(1 —cos/) 


Consequently, the parametric equations 
x=a(t—sinf), y=a(l—cost) 

specify the cycloid. One arc of the cycloid connecting two conse- 
cutive points of contact with Ox is traversed as ¢ runs through 
the interval (0, 2z]. 

The elimination of the parameter ¢ leads to a rather complicated 
relationship between x and y: 

x-+Vy(2a—y)=aarccos—"“, 0<x<2na 


a 


III. Differentiating functions represented parametrically. Here 
we shall study a method for differentiating a function specified by 
parametric equations (parametric differentiation). Let y as function 
of x be represented parametrically by equations 


Differentiating the second of these functions with respect to x 
according to the differentiation rule for composite functions we 


derive 
ge (Ht 


where the subscript indicates the variable considered as indepen- 
dent with respect to which the differentiation is performed. The 
derivative ¢% is found with the aid of the differentiation rule for 


an inverse function: 
1 1 


SFO 
Finally, 
> tp’ (t) a 
or, in the contracted notation, y; = : 


As an example, let us determine the slope of the tangent line 
to the circle x=acost, y=asint. The application of the above 
formula yields the expression 


The slope of the radius drawn to the moving point of the circle 
being apparently equal to tan?, we see that the expression obtained 
simply expresses the well-known fact that the tangent to a circle 
is perpendicular to its radius. 


10* , 
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§ 8. Some Geometrical Problems. Graphical Differentiation 


47. Tangent and Normal to a Line. If we are given the equation 
y =f (x) of a line / in Cartesian coordinates Oxy in the plane the 
geometrical meaning of the derivative makes it possible to solve 
purely analytically, that is, solely with the aid of calculations, 
geometrical problems connected with the fangent to that line. To 
begin with, let us form the equation of the tangent line to the 
curve / at its point M,(x,, y,) where y, =f (x,). Since the tangent 
line passing through the point M,(x,, 4,) 
has the slope equal to f’(x,) (Sec. 40) its 
equation can be written in the form 


Y— Yo=P’ (X) (% — 0) (*) 


For instance, the equation of the tangent 
line to the graph of the function y=e** at 
Fig. 54 its point (0, 1) is written as y—I= 

= (2e?*),_ x, that is y=2x-+-1. 

Now we proceed to the definition of the normal to a curve ! 
(see Fig. 54). 

Definition. The straight line M,N passing through the point M, 
perpendicularly to the tangent M,7 at that point is called the 
normal to the curve at its point M,. 

The slope of the normal to the line 7 at the point M,(x,, y,) 
being equal to eee, ANS equation of the normal can be written 


F(X)’ 
in the form : 





! 
ed aaa A (xX —Xp) (**) 


From analytical geometry we know the formula for computing 
the angle between two intersecting straight lines. Let us introduce 
the general definition of the angle between two intersecting curves 
(see Fig. 54). 

Definition. The angle » between two curves intersecting 
at a point M, is the angle 7M,7’ between the tangents drawn 
to the curves at the point of intersection. 

If both curves have a common tangent at the point M, we say 
that they are fangent to each other at that point. 

Below we consider some examples of the application of the 
derivative to solving geometrical problems. 

Examples. (1) Let us take the parabola y=ax?. The equation 
of the tangent to this line at its point M,(%, ¥o) has the form 


Y—Yo = 2AXq (%— Xp) 
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But y,=ax%, and therefore y—ax? =2ax,(x—x,), that is 


x 
Y = 2ax,X—axg = 2ax, (x—3 


It follows from this equation that the tangent meets Ox when 
xa, that is, at the midpoint S of the segment ON (Fig. 55). 


We have thus established asimp- 
le rule for constructing the tan- 
gent to the parabola. 

Here we shall also prove an 
important property of the para- 
bola: the normal M,Q (see Fig. 
55) at every point M, of the 
parabola bisects the angle for- 
med by the focal radius FM, 
and the straight line M,M, pa- 
rallel to the axis of the parabo- Fig. 55 
la, thatis 7QM,F = 7 QM.M, 


(Fig. 55). It is known from analytical geometry that OF = a. 


] 
Yo 7 





Accor- 





The slope of the straight line FM, is equal to 


ding to the above, the slope of the normal M,Q is equal to -35 . 


Now, applying the formula for the tangent of the angle between 
two straight lines we obtain 


tan Z QM F = —~*—_ 2 — 
& ae) 
~ \ Xo 7 2aXxy 
Replacing y, by ax? we derive, after simple transformations, 
tan Z QM Ff =2ax)=y,_,, 


Consequently, 7QM,F is equal to the angle of inclination of the 
tangent line M,S to the axis of abscissas, that is to ZNSMo. 
On the other hand, 


ZQM.M,=ZNM,R= Z NSM, 
ZQM F=Z QM.M, 


which is what we set out to prove. 





Hence, 
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This property of the parabola is widely used in engineering. 
For instance, the reflector of a projector is shaped in the form 
of a surface of revolution generated by the rotation of a parabola 
about its axis (the parabolic reflector) because, according to the 
above property (termed the optical property), if the light propa- 
gates in the plane of the parabola from a light source placed in 
its focus all the rays refiected by the parabola are parallel to its 
axis. Indeed, according to the well-known law of reflection, the 
angle of incidence is equal to the angle of reflection. 

(2) Let us derive the equation of the tangent to an ellipse at 
its point M,(x», Yo), the ellipse being specified by its standard 
equation 


2 2 
e+ f=! 
On differentiating the implicit function y specified by this equation 


we obtain 
ae 4 2y 


ati =0 
whence 
, 63 
a ey ; 
Thus, the slope of the tangent at the point M,(x,, y,) is equal 
to me d 
The equation of the tangent line is now written in the form 
b* Xo 
I—Fo= GF YH (x —X) 


which, after some simple transformation, leads to 


2 2 
YoY Yo Xx Xo 
ee ote 
2 
Since = h - 1, the desired equation of the tangent reduces to 
XoX 1 YoY 
a tp =! 


Similarly, the equation of the tangent to the hyperbola 
ae at its point M,(x,, y,) is written as 


(3) Let us take the parametric equations of a cycloid 
x=a(t—sint), y=a(l—cos?) 
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(see Sec. 46, II) and find the equation of the tangent line at its 
point M,(x», y,.) corresponding to a value ¢, of the parameter ¢. 
The slope of the tangent at the point M, is equal to 


y a sin fo oes bo 
Y =a oestg 2 
Consequently, the equation of the tangent Is 


y—y,= cot “2 (x— Xz) 


The abscissa of the point P (see Fig. 56) is x=at,. For this point 
we obtain 


y=a(1—cos?,)+cot is [af,—a (t{,—sin ¢,)]=2a 


whence it follows that the tangent to a cycloid passes through 
the upper point 7 of the rolling circle generating the cycloid 





Fig. 57 


while the normal passes through the lower point P (when the 
circle occupies the position corresponding to the given point of 
tangency M,). 

48. Graphical Differentiation. The graph of a function is used 
for finding the derivative mainly when the analytic expression of 
the function is not known and it is only specified graphically 
(for instance, with the aid of a self-recording apparatus). 

The determination of the derivative of a function by means of 
its graph is referred to as graphical differentiation. 

Suppose that the curve AB shown in Fig. 57 is the graph of 
a function y=f (x). Let us lay off on the axis of abscissas to the 
left of the origin a line segment OP of unit length. Next, we 
draw “by eye” the tangent to the line AB at the point M corres- 
ponding to the given value x of the abscissa, and also draw from 
the point P the straight line parallel to that tangent. This straight 
line cuts the axis of ordinates at a point Q, and the length of 
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the line segment OQ is equal to the corresponding value of the 
derivative f’ (x). Indeed, we have 


OQ =OP tana=1-tanea=/" (x) 


Such an approximate construction of the tangent line does not 
provide a sufficient accuracy. The tangent can be constructed 
more precisely if we use a simple device, a shiny (metallic) ruler 
or a rectangular mirror. The reflecting surface is applied perpen- 
dicularly to the plane of the graph at the point M and then is 
turned about M until the reflection of the graph forms its exten- 
sion without a corner point. In this position the edge of the ruler 
(or mirror) is in the direction of the normal at the point M, and 
the perpendicular to it goes along the tangent. 


ues 





After the point Q has been constructed we draw through it 
the straight line parallel to Ox to intersect the ordinate MN or 
its extension at a point Mf’. The ordinate of the point M’ is 
equal to the value of the derivative f’ (x) for the given value of 
the independent variable x. To trace the graph of the derivative 
y=f' (x) corresponding to the given graph of the function y=f (x) 
we break up the arc AB of the curve y=/ (x) (Fig. 58) corres- 
ponding to the interval of variation of the independent variable 
x we are interested in into a number of parts by straight lines 
X=X,, X=x, .... Then we determine graphically the values of 
the derivative at the midpoints of the subintervals. It is convenient 
to use the midpoints of the subintervals since, as a rule, the 
directions of the tangents at these points can be taken, with a 
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high accuracy, as parallel to the chords joining the end points 
of the arcs corresponding to the subintervals. 

On constructing the points Mj, M3, ... of the graph of the 
derivative we draw through them a continuous line which is an 
approximation to the graph of the derivative y=/' (x). The greater 
the number of the intermediate points M’ (i.e. the greater the 
number of parts the whole interval is divided into), the higher 
the accuracy of the construction of the graph. These parts are 
not necessarily taken with equal lengths; their lengths should be 
chosen so that the corresponding arcs are as close in their shape 
to line segments as possible. Therefore, those intervals where the 
graph of y=f(x) changes its direction sharply and frequently 
should be broken into a greater number of parts so that every 
such part is sufficiently small. 

We suppose that the scales along the axes of abscissas and 
ordinates are the same; this condition is necessary for the relation 
f’ (x) =tane to hold. 

49. Geometrical Interpretation of the Derivative in Polar Coor- 
dinates. So far we considered equations of curves in Cartesian 
coordinates, the independent variable and 
the function being, respectively, regarded 
as the abscissa and the ordinate of a point in 
the plane. As was shown, in this interpreta- 
tion the derivative y’ of the function y=f (x) 
is equal to the slope of the tangent to the 
sraph of the function. — - ae 

Now let us interpret the independent va- 
triable and the function as the polar angle 
and the polar radius of a point in the coor- 
dinate plane. The curve specified by an 5 
equation of the form 


r=f (9) 


connecting the independent vartable m and the function r is called 
the graph of the function r=f(q@) in polar coordinates. 

The geometrical significance of the derivative r’=f' () is elu- 
cidated by the following theorem: 

Theorem. The value of the derivative r’ =f’ (@) is equal to the 
length of the polar radius multiplied by the cotangent of the 
angle 6 between the polar radius and the tangent drawn to the 
graph of the function r= (q) at the point with polar angle 9g: 

r’==rcot6 

Proof. Let us take a value q@ of the argument and give it an 
increment Ag. The values @ and @-++Ag determine the correspon- 
ding points M4 and M’ of the graph of the function r=f(q) 
(Fig. 59). The length of the polar radius PM is equal to the 





Fig. 59 
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given value of the function and that of the polar radius PM’ {o 
the value r-++-Ar=/(p+Agq) of the function. To find Ar we apply 
to the triangle PMM’ the Jaw of sines: 


rtAr_ siny  sin{n—(B+Aq)] _ sin(f+4q) 
rosin B sin Bp ~  sinB 
This yields 
oe : 
| 4 Ao SBR COs OG SSB sin OP — cos Ag + cot Bsin Ag 
whence 
Ar 


— = COS Agp—1!--cot isin Ag= —2 sin? oP cotf sin Ag 


The division of both sides of this equality by Aq leads to 


1 Ar sin? Ag 


Jor 2 sin Ap 
7 Bp ~~? ag Foot B ae 
If Ap—+0 the first term on the right-hand side of the latter rel: 
tion tends to zero while the second term to lim cotf, the left-hand 


side approaching ~r, Consequently, Ag + 0 


0 


When Aq tends to zero the point M’ approaches the point M, 
and, in the limit, the secant MM’ turns to coincide with the 
tangent MT. Consequently, p—8 
as Ap—-0, and since cotf is 4 
continuous function, this yields 
the desired relation 


r’=rcot® 


This relation makes it possible 
to use differentiation for solving 
problems on tangents and normals 
to curves specified by equations in 
polar coordinates. 

It should be nofed that if, as 
the polar angle @ increases, the 
radius r increases, 6 is understood 

Fig. 60 as the acute angle (see Fig. 59), 
and if r decreases it is understood 
as the obtuse angle between the polar radius and the tangent. 

Example. Let us prove that the logarithmic spiral r=ae™® inter- 
sects every straight line passing through the pole at a constant 
angle (Fig. 60). Indeed, we have r’=ame"°= mr, and _ therefore 


I ; 
—r’ == lim cotB 
f Ag+ 





r’ 
cot 6=—-=m 
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§ 4. Differential 


50. Differential and Its Geometrical Meaning. The notion of 
the derivative is closely related to another fundamental notion of 
mathematical analysis, namely to that of the differential of a 
function. 

Let, for the values of x in question, y=f(x) be a continuous 
function possessing the derivative 

- Ay gs 
ling 
This implies 


where e is an infinitesimal as Ax—+0. It follows that 
Ay =f' (x) Ax+-eAx, i.e. Ay=f’ (x) Ax+ 0 (Ax) 


where o(Ax) is an infinitesimal of higher order than Ax as Ax—+0 
(see Sec. 36, f). 

Hence, an infinitesimal increment Ay of a function y=f (x) pos- 
sessing the derivative f' (x) is representable as the sum of two terms 
which are (1) the quantity f’ (x) Ax proportional to the infinitesimal 
increment Ax of the independent variable, and (2) an infinitesimal 
of higher order than Ax. 

As was shown, if y=f(x) is a linear function of the form 
y=ax+6 its increment is exactly proportional to the increment 
Ax of the argument: 

Ay=a Ax 


where the proportionality factor a@ is constant. Now we see that 
if the function f(x) is nonlinear and possesses the derivative 
I’ (x) its increment Ay is not exactly proportional to Ax, but 
nevertheless there exists a proportionality factor equal to f’ (x) 
such that the quantity f’ (x) Ax differs from the increment Ay by 
an infinitesimal of higher order than Ax; in the general case this 
proportionality factor f'(x) varies together with x. 

The converse is also true: if for a given value x of the argument 
the increment Ay=f(x-+Ax)—f (x) fs representable in the form 


Ay=a Ax-+-o0(Ax) 


the function y=[ (x) possesses the derivative f' (x), and a=f' (x). 
For we have 

Ay _, o (Ax) 

Ar 9 ke 

and, since oi) 0 as Ax-—+0, the limit of oe exists and is 

equal to a, which is what we had to prove. 
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Now let us introduce the following 

Definition. The magnitude proportional to the infinitesimal 
increment Ax of the argument and differing from the correspon- 
ding increment of the function by an infinitesimal of higher order 
than Ax is called the differential of that function. 

The difierential of a function y=f (x) is denoted by dy or df (x). 

We see that the differential of a function y=f (x) of one inde- 
pendent variable exists if and only if the derivative f' (x) exists, 
and the differential and the derivative are connected by the 
relationship 

dy = f’ (x) Ax 


The increment Ax of the independent variable x is called its 
differential and is denoted by dx: 


Ax=dx 


This is coherent with the general definition of a differential since 
for the function y=x we have 


dy =dx =(x')Ax=Ax 
that is dx= Ax. 
Thus, 
the differential of a function is equal fo its derivative multip- 
lied by the differential of the independent variable: 


dy==f' (x) dx 


Knowing the derivative we can readily find the difierential and 
vice versa; thal is why the operations of finding the derivative 
and the differential of a function both are termed the differentia- 
fton. 

It follows that the derivative can be written as? 


This representation of the derivative as the ratio of the difieren- 
tials is extremely important for mathematical analysis, which will 
be clearly seen later on. 


1 Our investigation shows that 
._ Ay dy 
eG Ax dx 


It would be wrong to interpret this limiting relation in the sense that Av tends 
to dy and Ax to dx, as Ax —+0. The correct meaning is that the ratio of the 
increments oe tends to the ratio of the differentials = as Ax—+0. (Note thet 
the definition of the differential does not involve the notion of the derivative.) 
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In the general case, for an arbitrary x, the differential dy=f’ (x) dx 
is a function of two arguments x and dx (independent of each 
other). 

Let us discuss the geometrical significance of the differential of 
a function y=f (x) (see Fig. 61). Since f’(x)=tana the differen- 
tial dy=f' (x)dx is equal to the length of the line segment RT, 
that is, 





Fig. 61 


the differential dy of a function y= f(x) at a point x is equal 
to the increment of the ordinate of the tangent line drawn to the 
graph of the function at its corresponding point. 

The increment of the function Af (x) is equal to the increment 
of the ordinate of the graph of the function (i.e. to the line 
segment RM’ in Fig. 61), and therefore the difference between 
the increment of the function and its differential is equal to the 
length of the line segment M’T lying between the tangent and 
the graph. This line segment is an infinitesimal of higher order 
than the segment MR, as dx—+0. 

For a concrete finite value of the increment Ax the differential 
of a function may be greater or less than its increment (see Fig. 
6la and 6), | 

51. Properties of the Differential. 

I. Differentials of basic elementary functions. Since the differen- 
tial of a function is obtained as the product of the derivative by 
the differential of the independent variable, we can readily write 
down the table of the differentials of all the basic elementary 
functions because their derivatives are known. For instance, 
d(x") = nx"~! dx, d(a*)=a* Inadx, etc. 

Il. Differentials of the results of arithmetical operations on 
functions. In accordance with the rules for finding derivatives 
(see Sec. 41; its notation is retained here) we readily derive the 
following rules for computing differentials: 
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(a) On multiplying both sides of the relation 
(utut...+w)'=u'+o'+...+0’ 
by dx we obtain 
d(utot+...4+w)=du+du+...tdw 
(b) Since 
(uv)’ = u’v-+ uv’ 


the multiplication of both members by dx leads to 
d (uv) =vdu--udu 


d(Cu)=Cdu 


u\’ w’v—auv’ 
v/ v2 


and, in particular, 


(c) Taking the formula 





and multiplying its both members by dx we receive 
tL vdu—u dv 
d(=)2toaw 


v2 


Ill. Differential of a composite function. Invariance of the form 
of the differential. The extremely important invariance property 
of the differential follows from the differentiation rule for a fun- 
ction of a function. 

Let y=f(u) and u=@(x) be two continuous functions of their 
arguments possessing the derivatives [’ (uw) and q’ (x) with respect 
to these arguments. If we put F(x)=/f[@(x)] then, as was shown 


in Sec. 42, I, 
y' = F’ (x) =f (a) 9 (x) (*) 


On multiplying both sides of this relation by dx we get 
dy =f" (u) gp" (x) dx 
Since gp’ (x)dx=du, this implies 
dy =f’ (u) du 


Thus, the differential dy has the same form as if the magnitude u 
were an independent variable; this can be stated as follows: 

the differential of a function y= f(a) retains the same expres- 
sion irrespective of whether its argument u is an independent varl- 
able or a function of another variable. 

This property is referred to as the invariance of the form of the 
differential. 1t makes it possible to write down the differential in 
one and the same form irrespective of the nature of the argu- 
ment of the function. 
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The equality dy =f’ (u) du implies 
’ d 
rw = 
and hence in all the cases 
the rate of change of a function relative toits argument is equal 
to the ratio of the differential of the function to the differential 
of its argument. 
Relation (*) can now be written as 
dy __ dy du (**) 
dx dudx 
The right-hand member of equality (**) is obtained from the 
left-hand member by the simultaneous multiplication and division 
of the former by du (if, of course, du=40). Hence, the arithme- 
tical operations on differentials can be performed as if they were 
ordinary numbers, Here lies the reason for the convenience of the repre- 
sentation of the derivative as the ratio of the differentials. For in- 
stance, using this representation of the derivative we can readily write 


down the differentiation rule for the inverse of a function (cf. 
Sec. 42, II): 


oe ax de x 
dy 


IV. The differential as the principal part of the increment. The 
definition of the differential of a function y=f(x) implies the 
relation 

Ay—dy = Ay—f' (x) dx =o(dx) as dx-—0 


Let the derivative f’ (x) be nonzero at a point x: f’ (x)340. Then 
the infinitesimals dx and dy are of the same order, and the rela- 
tion Ay—dy =o (dx) shows that 


Ay—dy = 0 (dy) 


which means that Ay and dy are equivalent infinitesimals (see 
Sec. 36, II): 
Ay ~ dy for dx +0 


In what follows we shall often approximately replace the incre- 
ment Ay of a function by its differential dy; in this connection 
let us discuss the general question on the accuracy of the appro- 
ximation to a magnitude when it is replaced by another magni- 
tude tending to the same limit. Let w(x) and u(x) be two: func- 
tions which tend to one and the same limit A as x x,: limu= 
=limv=A. Then the limit of their difference is equal to zero: 
lim (u—v)=0. Consequently, the difference u—v is itself an 
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infinitesimal as x x,: 
u (x) —v (x) =a (x) 
where a(x)—0 as xX). 

If now the vajue of the function u(x) assumed in a_neighbo- 
urhood of the point x, is replaced by the corresponding value of 
the function v(x) the absolute error @={u—v| is an infinitesimal, 
and if A=40 the relative error which characterizes the accuracy 
of the approximation is also an infinitesimal: 

a u—v u A 
p= 5 =| e—1|-|F—-1|=0 
But if A=0, that is if w(x) and v(x) are both infinitesimals, the 
relative error appearing as u(x) is substituted for u(x) is not ne- 
cessarily an infinitesimal. The results of Sec. 36 imply that in 
this case for the relative error to be an infinitesimal (which means 
that u—v is equal to o(v) or to o(u)) it is necessary and sufficient 
that u(x) and u(x) be equivalent infinitesimals. 

This proposition (allowing us to replace one infinitesimal by 
another equivalent infinitesimal with an infinitesimal relative error) 
is often stated as follows: each of two equivalent infinitesimals is 
the principal part of the other. 

As was shown, Ay~dy as dx-+0; therefore, using the above 
terminology, we can say that 

the differential of a function (which is proportional to the diffe- 
rential (increment) of the independent variable) is the principal 
part of fhe increment of the function. 

It should also be noted that if f’ (x)=0 at a point x the difie- 
rential is equal to zero: dy=0O. In this case it is not compared 
with any infinitesimal (including the increment Ay of the function}. 

52. Differentiable Functions. 

I. Definition. A function y=f (x) is said to be differentiable 
at a point x if it possesses the differential at that point. 

As was shown (see Sec. 50), the existence of the differential at 
the point x is equivalent to the existence of the derivative f’ (x) 
(and vice versa). Therefore, the existence of the derivative can 
be taken as the condition equivalent to the differentiability of 
the function; from the geometrical point of view, this condition 
is equivalent to the existence of the tangent to the curve y=} (x) 
not perpendicular to Ox. 

Now suppose that a function f(x) is differentiable for a given 
value x of the argument, that is 


————_ 
— 








- Ay fg, 
fim =F) 
Then it must necessarily be continuous at the point x.1 For we 


1 This implication was already mentioned in Sec. 39. 
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have Ay=f’ (x) Ax+o0(Ax) (see Sec. 50), and hence the increment 
Ay tends to zero as Ax 0, which means that the function y = (x) 
is continuous at the point x. Thus, a function has no derivative 
at its points of discontinuity. 

Consequently, if a function f (x) is differentiable it is necessarily 
continuous. In the general case the converse statement is not true 
since there are examples of continuous functions which do not 
possess derivatives at some points. 

For instance, the function y=|x| is continuous throughout Ox 
but has no derivative at the point x=0. Indeed, we have 


Ay=|x-+Ax|—|x| 


and the substitution of x=0 yields 





Ay =|Ax| 
whence 
Ay |x| 
Ax Ax 
We see that 
ee 
Ax” Ax 
for Ax >0 and 
Ay _—4*_ oy 
Ax” Ax 


for Ax <0. Therefore, the ratio oe has no limit as Ax tends to 


zero arbitrarily, which is equivalent to the nonexistence of the 
derivative at the point x=0. This fact 

is also clear from the geometrical point 4 

of view: the graph of the function y=|x| 

is a broken line (Fig. 62) with a corner 

point at the origin (0, 0), and there is 

of course no tangent line to the graph at 

that point. 0 o 

It can also happen that the graph of Fig. 62 

a continuous function has a tangent at a 

given point but the derivative of the function does not exist aft 
that point; this is the case when the tangent is perpendicular 
to the axis of abscissas. For instance, consider the function 


y= j/x; we have 
y 3 if x30 

and, as x-»+0, the derivative approaches infinity. It can be in 

fact shown that this function is nondifferentiable at the point 


11—2280 


162 Ch. 11. Derivative and Differential 


x=0.1 At the point (0, 0) the curve y= /x (which is the cubi- 
cal parabola) touches Oy (Fig. 63). For generality, in such 
cases we say that the function has an infinite derivative although, 
as in the above example, it is nondifierentiable at the point is 
question. 

The differentiability of functions and the connection betweeq 
the differentiability and continuity are thoroughly investigated in 

yh mathematical analysis. The dis- 

tinction between the properties 

YaVe of continuity and differentiabi- 

lity was studied by N.I. Lobz- 

chevsky?. There are curious 

og “ examples of continuous fun- 

clions nondifferentiable at every 

point; the graphs of such func: 

tions are curves having no tan- 

gent at each point. They cen- 

Fig. 63 not of course be depicted in en 

ordinary manner, and it is even 

difficult to imagine the structure of such a line. Functions and 
lines of that kind are rarely encountered in practical applica- 
tions of mathematical analysis, and we shall not treat them here. 

It should be noted that all the elementary functions are dife- 
rentiable everywhere in the intervals where they are defined except 
possibly at separate points. 

II]. One-sided derivatives. Lef us once again consider the func- 
tion y=|x| whose graph is shown in Fig. 62. As was seen, there 
is no finite limit of the ratio ot at the point x=0 as Ax tends 
to zero in an arbitrary way. At the same time, the lefi-hand end 
the right-hand limits of this ratio (see Sec. 33) exist: 


Ay ° Ay 
lim —-=—J], lim —-=] 
Axr--+0 hx ; Ax—>0 Ax 
Axr<o Ax>0 


These limits are called, respectively, the left-hand dericative and 
the right-hand derivative at the point x=0. 


1 The derivative at the point x0 cannot be investigated with the eld cf 
the formula y’= since it only applies to x 40. For x=0 the Incremest 


3i/ 2 
Ay=V/ Ax is of lower order than Ax, and therefore the ratio a has co Exits 


limit as Ax—+0 (it tends to ony 

? N.I. Lobachevsky (1792-1855), the great Russian mathematician, wes ozs 
of the creators of non-Euclidean geometry. He contributed many outstendicg 
results to algebra, geometry and mathematical analysis which influenced greetly 
further development of mathematics. 
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Generally, if there exist the left-hand and the right-hand limits 
of the ratio (Mot OV ECo) they are called the one-sided deriva- 


fives at the point x,; accordingly, for x—>x,, x <x,, we have the 
left-hand derivative and for x~>.x,, x > %,, the right-hand deriva- 
tive (we shall denote them, respectively, by f;(x,) and f;(x,)). It 
is clear that if the left-hand and the right-hand derivatives at a 
given point coincide then the function is differentiable at that 
point and vice versa. 

If a function is defined in a closed interval then, when speaking 
about its derivatives at the end points of the interval, we always 
mean the one-sided derivatives: the right-hand derivative at the 
left end point and the left-hand derivative at the right end point. 
This interpretation of differentiability at the end points of the 
interval of definition is analogous to that of continuity (see Sec. 32). 

53. Applying Differentials to Approximate Calculations. The 
application of the differential to approximate calculations is based 
on the replacement of the increment Ay=f(x,-+Ax)—f(x,) of a 
given function y=f (x), which may depend on Ax=dx in acomp- 
licated manner, by the simpler expression f/f’ (x,)dx (the differen- 
tial) found by differentiation. 

Thus, for small values of dx we write 


Ay = f (%p+dx)—f (Xo) = fF’ (%) dx = dy (*) 


with a small relative error (see Sec. 51, IV). 
When putting Ay=dy we replace the given function y=f (x) by 


the linear function 
Yy =f (Xo) +P (Xo) (x — 9) 


Geometrically, this is equivalent to replacing the graph of the 
function y=f (x) by its tangent line at the point (x,, f(x,)). Ina 
sufficiently small neighbourhood of the point x, this replacement 
leads to small errors. A demerit of formula (*) is that, although 
we know that the relative error tends to zero as dx—0O, it does 
not provide any estimation of the error for a given numerical 
value of dx. 

The approximate equality (*) can be immediately used to solve 
the following problem: 

Given the values of f(X,), f’ (%,) and dx, it is required to compute 
an approximation to the value f (x,+-dx) of the function. 

Relation (*) directly gives us the desired formula: 


F (% +x)  f (Xo) +7 (%0) dx 
Let us consider some illustrative examples (for brevity, we shall 
write x in place of x, and denote dx by A). 


1 Such an estimation will be derived in Chapter X. 
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(1) Consider the function y=Vx. Its differential i is dy = pad, 
and hence 
Vxthe Vi+ se 


In particular, for x=1 we obtain . 
Vi-hw ith 

In the general case, for x= a? (a >0) we have 
Vaitheat oe 


These approximate formulas are extremely simple and make it 
ossible to compute square roots with a sufficient accuracy when 
Pai is small compared with a?. 


For instance, the application of these results yields Y !.2/= 


=V1+0.21 ~ we | poet 1.105. The exact value of the root is equal 


to 1.1; hence, the relative error is about 0.5%. 
To compute the root V 408 we represent it inthe form V 408 = 
=: Y 207+-8 and thus obtain 


The accuracy of this result is rather high since the tabular value 
of the root accurate to 10-* is equal to 20.1990. 

oon let us take V 390. Here it is convenient to put h=—10, 
then 





V3 =V20— 10 ~ 20 — 5 = 19.75 
(the tabular value is 19.7484). 
li y= i/ x then dy= 1 YE ae and Saphn ely, 


For x=1 this yields the approximate formula j/1-+A~ 144, 
A more general formula is obtained for x=a" (a> 0): 


Yar+hwa+—py 
Let the reader compute several roots with the aid of this for- 


mula and estimate the accuracy achieved by finding more accurate 
values using the table of logarithms. 


iy 
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(2) Let us take the function y=sinx. Its differential is dy = 
=cosxdx, and therefore 


sin (xh) + sinx+Acosx 


In particular, for x=0 we derive the formula sinh ~h which 
also follows from the equivalence of the infinitesimals sink and h 
as h—+0. 

For example, we have sin jan © jag © 0.01745, that is, appro- 
ximately, sin 1°=0.01745. This approximation is correct to the 
fifth decimal digit, i.e. the error does not exceed 107-5. 

Let us also compute sin 31°: 


sin 31° = sin 30°-+ cos 30° ~ 0.5-+-42.0.01745 ~ 0.5151 
The tabular value of sin 31° correct within 10-¢ is equal to 0.5150. 
Let the reader account for the fact that we have received a major 
approximation of sin 31°. 


(3) Consider the function y=in«x. Here we have dy=— dx and 
In (xh) winx tt 


In particular, for x=1 this yields the formula In(1+A) ~1 
which is also implied by the equivalence of the infinitesimals 
in(i+h) and hk as A-+0 (see Sec. 36, III). 

Take the known value In 781 ~ 6.66058. To compute in 782 we 
apply the above formulas 


In 782 = 6.66058 + ~ 6.66186 


781 


The tabular value of In 782 correct within 10~-° is equal to 6.66185. 
We see that the error of our approximation is small. Let the reader 
explain why in this case we have also obtained a major appro- 
ximation. 

Another important problem to which differentials are applied 
is to compute the limiting absolute error e, of an approximation 
to the value of a function y for a given limiting absolute error e, 
in the determination of the value of the argument x. As a rule, 
in practical problems the value of the argument is found by a 
measurement, and its limiting absolute error is known (see Sec. 6). 

Suppose that it is required to compute the value of a given 
function y=f(x) for a given value x of the argument whose exact 
value is unknown, and only an approximation to this value with 
limiting absolute error e, is given: 


X=X_+dx, |dx| <e, 
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Taking the value f(x,) instead of the true value f(x) we obtain 
an approximation whose error should be estimated. From relation 
(*) it follows that 


LF (x) (%o)| TF (xo) [ax] < If" (%)] ee 


This shows that the absolute error resulting from the replacement 
of f(x) by the approximate value f(x,) is less than |’ (x,)]e,; the 
latter quantity can thus be taken as the limiting absoluie error e 
of the determination of the function 


e,= |f (Xo)| & 


The limiting absolute error of the function is equal to the pro- 
duct of the absolute value of its derivative at the point correspond: 
ing to the approximate value of the argument by the limiting ab- 
solute error of the argument. 

The limiting relative error 6, of the function is given by the 
formula 


y 


f’ (Xo) 


6 en = | Ee 

Vi NF) F (Xo) 
It is equal to the product of the absolute value of the logarithmic 
derivative by the limiting absolute error of the argument. 

These formulas make it possible to estimate the admissible value 
of the error e, in the determination of the argument guaranteeing 
the given admissible error of the value of the function: 

f (Xo) 


F (&o) 


Of course, to compute e, we must know an approximate value x, 
of the argument which is required for finding the corresponding 
approximations f(x,) and f’ (x,) to the function and its derivative 
(see Example 2). 

Let us consider two illustrative examples. 

(1) Given the hypotenuse c of a right triangle and an appro- 
ximate value a of its acute angle with limiting absolute error ec, 
it is required to determine the relative errors appearing in the 
computation of the legs of the triangle. 

We have 





ey 








& 
g y 


~~ TF (xol v 








a=csina, b=ccosa 
whence 
a= cola-e,, §, = tana-e, 
If a> + then a>0 and cota < tana; therefore the greater leg 
is found with a smaller relative error. 
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(2) The volume of a cube should be found with relative error 
§=0.01=1%. The edge of the cube is measured with a ruler 
with scale spacing of 1 cm. The approximate result of the measure- 
ment is 20 cm. Does the corresponding approximate value v=8000 cm$ 
of the volume guarantee the required accuracy? 

Denote the edge of the cube by x; then u=x*® and vu’ =3x?. By 
the formula for e, we find 


e. == 0.01 ~ 0.07 cm 


It is seen that the error in the measurement of the edge which 
is of 0.56 cm considerably exceeds 0.07 cm, and hence the accu- 
racy is insufficient. It is clear that to achieve the desired accuracy 
we should make a repeated measurement with a ruler having the 
scale spacing of 1 mm (which provides the value e,=—0.05 cm of 
the absolute limiting error in the determination of x) and compute 
the new value of the volume. 
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54. Derivatives of Higher Orders. 

I. Suppose that a function y=/f(x) defined in an interval has 
the derivative f’ (x) with respect to the independent variable x. 
If the function f’ (x) is, in its turn, differentiable its derivative 
is called the second derivative (or the derivative of the second order) 
of the original function f(x) and is denoted f” (x): 


” __ ff oe © f («+ Ax) — Ff (x) 
f®)=[F (Y= lim PERSE 


Similarly, the third derivative or the derivative of the third order 
of the function y=/(x) (denoted by f’’’(x)) is the derivative 
(provided it exists) of the second derivative. Now we state the 
general definition: 

Definition. The derivative of the nth order f(x) is the 
derivative of the derivative of the (2—1)th order: 


n ——f £(n- Foss FO-YD (xf Ax) — f"- (x) 
FO (x) x=[F-» (x)]' == tim OEP AL) 


To unify the terminology we call the derivative f’ (x) the de- 
rivative of the first order or the first derivative. 

Derivatives of the second order and, generally, of higher orders 
play an essential role in mathematics and its applications to mecha- 
nics, physics and other sciences; they are used for a more complete 
investigation of functions which cannot be achieved when we solely 
consider the first derivative. 
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The value f(x) of the second derivative at a point x charac. 
terizes the rate of change of f’ (x) at that point, that is the rate 
of change of the rate of change of f(x). By analogy with mecha 
nics, we can say that [’(x) is the acceleration of the change of the 
function f(x) at the given point x. 

The geometrical meaning of the second derivative will be dis. 
cussed in Chapter IV (Sec. 62). 

If a point is in rectilinear motion and a functional relationship 
s= F(t) describes the law of motion the first derivative F’(t) is 
the velocity of motion of the point (see Sec. 38, I). Accordingly, 
the second derivative F(t) is the acceleration of the rectilinear 
motion of the point. 

Traditionally, due to Newton, in mechanics derivatives with 
respect to time ¢ are marked by dots above the symbols of func- 
tions instead of primes. In this notation the formulas for the 
velocity v and the acceleration w of a rectilinear motion of a 
point are written in the form 


v=s and w=vu=s (where s=F (ft) is the law of motion) 


Since the rules and formulas for computing derivative of 
any elementary function are known, we can find derivatives of 
arbitrary orders of a given elementary function by differentiating 
it, in succession, the required number of times. In some cases it 
is possible to derive the general formula for the derivative of the 
kth order of a given function for an arbitrary &. For brevity, 
such a derivative is also denoted by y™). 

Examples. (1) If y=x" then y’=nx"-?, y°=n(n—1)x"73, , 
y) =n (n—1)(n—2)...(n—R+ 1) x"-8, 

If n is a positive integer, we have 


yY=n| and Util ae plat eye ... 20 
(2) Taking y=sinx we find y’ =cosx=sin(x+3), y= 


= sin(x+z), ..., y#=sin («+4 i 
(3) For y=e* we obtain y =e, 
(4) If y=a* then y’=a* Ina, y”=a* (Ina), ..., y*=a* (Ina). 
(5) Differentiating the function y=In(1-+x) we receive 


,_ 1 i 
Y =TTx! 4 =~ ite ae 
. y0t) ae D2) RAV yee ED 





(i-F xk (IF) 


Il. Derivatives of implicit functions. If y is an implicit func- 
tion its higher derivatives are found by differentiating the required 
number of times the equation connecting x and y bearing in mind 
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that y and all its derivatives are functions of the independent 
variable. 
For instance, the second derivative of the function y specified 
by the equation 
x?-+ y? = | 


is found by differentiating the equation twice. This yields, in 
succession, 


x+yy’ =0 
and ; : ; 
(x’)+(yy' =I1+y +yy’=0 
whence 
rp — ity™ et 
pa ae yo OB 


In this example the function y can be expressed explicitly in 
terms of x, and therefore the differentiation can be performed di- 
rectly; for instance, taking the branch y=)V 1—x? we find y”= 
aa which coincides with the previous result. 

In the general case the derivative of any order of an implicit 
function can always be expressed in terms of the independent 
variable and the function itself. For instance, on differentiating 
twice, with respect to x, the equation 


y®—d3axy + x5 =0 
specifying y as an implicit function of x we receive 
y?y’ —ay—axy'’+x?=0 


2y (y’)® + yy" —2ay’ —axy" + 2x=0 


On finding y’ from the first relation and substituting it into 
the second we arrive at an equation from which y” can be expressed 
in terms of x and gy. 

III. Derivatives of functions represented parametrically. In order 
to find a derivative of higher order of a function specified by pa- 
rametric equations we differentiate the expression of the preceding 
derivative considering it a composite function of the independent 
variable. Let x=Q(t), y=/(t) then 


and 


Furthermore, 
m0) Po 4 s = g rg dt 
(a) _‘lew)a_ for o-rovog 


y= dx dt dx gp”? (t) 
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and, since 


we afrive at the expression 


e FO? O—F () g(t) 
p(t) 
The differentiation of the last relation with respect to x leads 
to the expression for the third derivative, etc. 
Examples. Let us find the second derivative y” of the function 
Specified by the equations 


y 


x=cos?, y=sint 
On differentiating, we obtain 





cat) ' 
an cos ae Wo GS oe 
yY =a = colt and yf = —— =~ 


IV. Differentiating products. Leibniz’ rule. The derivative of 
the nth order of a linear combination of functions u(x) and v(x) 
is readily expressed in terms of the corresponding derivatives of 
u(x) and u(x). Namely, if C, and C, are constants, then 


(C,u+ Cv) =Cyu™ + Cyo™ 


The rule for finding the derivative of the nth order of a pro- 
duct of functions is essentially more complicated. Let u and v 
be functions of x and 

y=uv 


It is required to express y™ in terms of the functions u, v and 
their derivatives. Differentiating we find, in succession, 


y’ =u'v-+ uv’ 
y’ = u"y+- 2u'v’ + uv" 
y!" a a’ yt 3u"0' + 3u'o" + uv!” 


Now it is possible to discover the analogy between the expres- 
sions of the second and third derivatives and the binomial for- 
mulas for, respectively, the second and third powers: the coeffi- 
Clents in the products of the derivatives of the zeroth, first, 
second and third orders (the zeroth derivative coincides, by 
definition, with the given function) of the functions u and vu are 
equal to the corresponding binomial coefficients in the products 
of the zeroth, first, second and third powers of u and v entering 
into the binomial formulas for (u-+-v)* and (u+v)*%. It turns out 
that this analogy is of a general character: 
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Leibniz’ Rule. For any 7 there holds the formula 


(7) ce (179)(7) mee yl) (n= Neg? 2 BD a — 2V¢" 
y (10) ug + nn oa vt... 


ooo — 0b yg (*) 

This formula can be formally obtained if we take Newton's 
binomial formula for (u-+v)* and then replace the powers 
of w and uv by the derivatives of the corresponding orders of u 
and v (and put u™=u, v=y). 

Here we do not present the general proof of this formula and 
confine ourselves to considering a characteristic example of its 
application. 

Example. Let us compute the hundredth derivative of the func- 
tion y=x*sinx. We have 


yt — (x2 sin x) — (sin x- x2) 40 — (sin x)20° x2 1 
+ 100 (sin x) (x2)’ + FE (ein xy (x2)" 
All the subsequent terms are omitted here since they are identi- 
cally equal to zero: each of them involves a derivative of order 
higher than the second of the function x*, and (x*)“=0 for 
k> 2. Consequently (see I), 


y — x? sin (x+ 100 -$) 4.200x sin («+99 5) ois 
+9900 sir (x+ 98 . 3) — xt sin x—200x cos x 9900 sin x 


55, Differentials of Higher Orders. The differential dy of a func- 
tion y=/(x) depends on two arguments (see Sec. 50) which are 
the independent variable x and its differential dx. The differen- 
tial dx of the independent variable x is a magnitude independent 
of x: for any given value of x the values of dx can be chosen 
quite arbitrarily. 

Let us consider df (x) as a function of x (for an arbitrary but 
fixed value of dx independent of x) and take its differential 
d [df (x)]. If this differential exists we call it the second differen- 
tial or the differential of the second order of the function f (x) 
and denote it by d*y: 

d*y = d (dy) 


Similarly, the third differential or the differential of the third 
order d’y of a function y= (x) is the differential of its second 
differential as a function of x. Now we give the general definition: 

Definition. The differential of the nth order d"y of a 
function y= f(x) is the differential of its (2—1)th differential 


as a function of x: 
d"y=d (dem y) 
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To unify the terminology, we call the differential df (x) ci 
a function f(x) the differential of the first order or the first di- 
ferential. 

Let us derive the expression jor the differential of a highe: 
order of a function f(x) dependent on the argument x. In ell 
the calculations below the differential dx is understood 2s zn 
arbitrary buf constant quantity independent of x. 

For the second differential we obtain 


d (dy) = (dy)' dx = [f’ (x) dx]’ dx =f" (x) dx dx 
that is 
d?y = f° (x) dx? 


Analogously, for the differential of the nth order we arrive ei 
the formula 


doy = (dy) d= [fr (x) dxr-8] dae = f(x) de® 


where dx" is the nth power of dx. Thus, 

the differential of the nth order is equal to the product of the 
nth derivative with respect to the independent variable by the nth 
power of the differential of the independent variable. 

Every differential is an infinitesimai of higher order than ell 
the differentials of lower orders: 


d"y=o(d"y) as dx +0 
if n>m and f*% (x)s<0. 
The sequence of the differentials 
dy, d*y, d*y, ..., dy, ... 


is arranged in increasing orders of smallness (as dxr—9). 

li y=f (x) then dy=j' (x) dx irrespective of whether the argument 
x is an independent variable or a junction of another argument 
(see the invariance property of the first differential in Sec. 51, III}. 
In the general case difierentials of higher orders do not pos 
sess this property. Indeed, suppose that x is no longer én 
independent variable, as before, but a function x=¢ (fj of 2 
nev independent variable ¢. Then dx also becomes a {function oi /, 
and therefore it is not at:owable to regard dx as aconstant when 
the first differential is differentiated. This leads to a new expres- 
sion of d’y different from the above. Namely, computing the 
difierential of dy by applying the difierentiation rule for 2 pro- 
duct we find 

d?y=d {j’ (x) dx] =d [f’ (x)] dx +f’ (x) d (dx) 


But we have 
d [f’ (x)] =f" (xjdx and d (dx) =a*x 
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and therefore 
d?y = f" (x) dx? +f" (x) dx 
We see that there appears the additional term f’ (x) d?x. It vanishes 
if x isan independent variable: 
d?x = (x)" dx? =0-dx?=0 

The expression of the third differential in the case when x de- 

pends on ¢ is still more complicated: 
d3y = f'"' (x) dx9 + 3f" (x) dx d2x-+ f’ (x) dx 


Thus, when finding a higher-order differential we should take 
into account the nature of the argument of the function and 
distinguish between the cases when it is an independent variable 
or depends on some other variable. 

The formulas for the differentials of the first and higher orders 
imply the following expressions of the derivatives as ratios of 
differentials: 


rot d 
y=f'(x)=F 
noon d? 
y =f" (x)= e 
d® 
yf) = fim) (x) = — 


All these formulas except the first one are only applicable if 
x is an independent variable. 

For the sake of convenience the derivative 
d™ 
“dx 


d"y 
dx" 


y. For example, we 


is sometimes 





written in the symbolic notation 
write & (2x*—x-+ 1) = 48x. 


QUESTIONS 


1. How are the velocity of motion, the linear density, the heat 
capacity and the reaction rate defined? 

2. What do we call the rate of change of a function? 

3. State the definition of the derivative of a given function. 
Apply this notion to the magnitudes mentioned in Questions.] 
an 

4. What is the tangent line to a curve at a given point? 

5. What is the geometrical meaning of the derivative of a given 
function y=f (x) in Cartesian coordinates? 
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6. State the differentiation rules for the results of arithmetical 
operations and give illustrative examples of their application. 

7. How do we differentiate a function of a function and the 
inverse of a function? 

8. Derive the differentiation formulas for all the basic elemen- 
tary functions. 

9. Describe the technique of using the logarithmic derivative. 

10. How do we differentiate an implicit function? Give examples. 

11. Describe the method of representing functions and curves 
parametrically. Give examples. 

12. How are functions specified parametrically differentiated? 

13. State the definition of the angle between two intersecting 
curves. What is the normal to a curve at a given point? 

14. Describe the technique of graphical differentiation. 

15. What is the geometrical meaning of the derivative in polar 
coordinates? Derive the corresponding formula. 

16. What do we call the differential of a function? How is the 
differential of a function expressed in terms of its derivative? 

17, Describe the geometrical interpretation of the differential 
of a given function y=f (x). 

18. Enumerate the basic properties of the differential of a func- 
tion. Describe the invariance property of the form of the first 
differential. 

19. What do we call a differentiable function? What is the 
necessary condition for the differentiability? 

20. Give examples of continuous functions which are nondiffe- 
rentiable. 

21. Write down the formula for an approximation to the value 
of a function using the differential of the function. Give illustra- 
tive examples. 

22. Write down the formulas expressing the limiting absolute 
and relative errors in the computation of the value of a function 
in terms of a given limiting absolute error of the argument. 

23. State the definition of the derivative of the nth order of 
a given function. 

24. How do we compute the derivatives of higher orders of 
explicit, implicit and parametrically represented functions? 

25. State Leibniz’ rule for differentiating a product of functions. 

26. What is the differential of the nth order of a given function? 
How is it expressed in terms of the corresponding derivative with 
respect to the independent variable? Js the form of a higher-order 
differential invariant? 


Chapter IV 





APPLICATION OF DIFFERENTIAL 
CALCULUS TO INVESTIGATION 
OF BEHAVIOUR OF FUNCTIONS 





§ 1. Theorems of Fermat, Rolle, Lagrange and Cauchy 


56. Theorems of Fermat and Rolle. We begin with some funda- 
mental theorems of differential calculus. 

Fermat’s Theorem?. Let y==f(x) be a continuous function in 
a closed interval [x,, *,] assuming its greatest (or least) value 
at an interior point & of that interval: x, <<&<x,. Then, if the 
derivative f(x) of the function f(x) at the point § exists it is 
necessarily equal to zero: f’ (§)==0. 

Proof. For definiteness, let the function f(x) assume its greatest 
value at the point &; this means that 


F(x) <F (6) (*) 


for all x€[x,, x,].2 The value of the derivative at the point & is 
’ Ax)— 
FE) = lim e+ = f @) 
Ax -»>0 


where the increment Ax can be positive or negative since € is an 
interior point of the interval. 
Let us consider the ratio 
(er) —F€) 


According to condition (*), its numerator cannot be positive: 
f(&-+-Ax)—f (&)<0. Therefore, this ratio is nonpositive for Ax > 0: 


+49) —7® <9 |; 
ier h)~1@ <0 if Ax>0 


The limit of the ratio, as Ax—+0, Ax>0, is the right-hand deri- 
vative of f(x) at the point § (Sec. 52) and is also nonpositive: 


1 P, Fermat (1601-1665), a famous French mathematician. 

2 We remind the reader that a function continuous in a closed interval 
necessarily attains its greatest and least values on that interval. In this theorem 
it is supposed that the point & at which the greatest or the least value is 
attained lies inside the interval, that is, it does not coincide with its end points, 
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f-(&)<0 (see Sec. 29, I). But if Ax <0 the ratio is nonnegative: 
[G+ MI—10 + 9 if Ax<0 


Consequently, for the left-hand derivative we have [;(§)>0. 

By the hypothesis, the function /(x) has the derivative /' (x) 
at the point €, and therefore the right-hand and the left-hand 
derivatives must coincide. This being only possible if f; (&)=f/; (&) = 
=Q, it follows that f’(§)=0, which is what we wished fo prove. 

Let the reader introduce into this argument the necessary changes 

for the case when the function attains 

J rT OM ‘a its least value at the point &. 
A The geometrical meaning of Fer- 
mat’s theorem is clearly seenin Fig. 
64: the tangent to the graph of a fun- 
ction at its highest (or lowest) point 
is parallel to the axis of abscissas. If 

Ly Zp z the greatest or the least value of a 

function is achieved at an end point 

Pig. 64 of the interval of definition (for ins- 
tance, the function whose graph is 
depicted in Fig. 64 assumes its least value at the points x=z, 
and x=x,) the tangent at the corresponding point of the graph 
is not necessarily parallel to the axis of abscissas, that is the 
derivative at that end point may be nonzero. 

It should be noted that there are cases when a function attains 
its greatest or least value at a point where the derivative does 
not exist. For example, the function y=|x| assumes its least value 
(equal to zero) at the point x0 where its derivative does not 
exist. The investigation of the behaviour of this function and its 
graph are given in Sec. 52. 

Rolle’s theorem is a consequence of Fermat’s theorem. 

Rolle’s Theorem?*. If a function f(x) is continuous in a closed 
interval [x,, x,], is differentiable at all its interior points and 
assumes equal values at the end points of the interval then there 
is at least one point x=£ lying inside that interval at which 

‘(§)=0. 

. ae The end point values of the function being equal 
(fF (x,) =f (x,)), there are two possible cases here. 

(1) The function does not vary within the interval: f (x) =f (x,)= 
=f (x,) everywhere, then its derivative is identically equal to 
zero for all the values of x. 

(2) The function varies in the closed interval [x,, x,]. Since 
it is continuous it attains its greatest and least values in this 


1M. Rolle (1652-1719), a French mathematician. 
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interval (Sec. 35), and at least one of these values is assumed 
inside the interval [x,, x,], for if the greatest and the least values 
were both assumed at the end points the condition of the theorem 
would imply that they are equal and the function is constant. 
In Fig. 64 we see the case when the function attains its greatest 
value inside the interval at an interior point § According to the 
hypothesis, the derivative exists at all interior points of the 
interval, and hence at the interior point where the function assumes 
its greatest or least value as well. By Fermat’s theorem, the deriva- 
tive vanishes at that point, which 


is what we set out to prove. y 
Rolle’s theorem is interpreted 
geometrically as follows: y-VrF 


On the arc AB of the curve y= 
=f (x) (see Fig. 64) connecting the g me 
points A and B there is a point Fig. 65 
lying between the end points A 
and B of the arc at which the tangent is parallel to the axis of 
abscissas. 

If f (x,) =f (x.)=0 the theorem can be restated as 

between every two zeros of a differentiable function there is at 
least one zero of its derivative. 

M. Rolle himself originally proved this theorem for polyno- 
mial functions for this very case. 

If the condition that the given function is differentiable at all 
interior points of the interval is dropped Rolle’s theorem no longer 


holds. For instance, the continuous function y= j/ x? assumes 
equal values at the end points of the interval [—1, +1] (y,_-,= 


=Y,.,== 1), and at the same time its derivative y’ = does 





3i/% 
not vanish anywhere. In this example the conditions of the theorem 
are violated at the point x=0 lying inside the interval (—1, +1) 
since the derivative does not exist at this point!. The graph of 
this function is shown in Fig. 65. At the point (0, 0) it has the 
tangent perpendicular to the axis of abscissas, and the derivative 
does not exist at that point; the graph consists of two branches 
approaching the origin in such a way that they touch that common 
tangent at the point (0, 0). Such a point of a curve is called 
a cusp or a spinode. 

Rolle’s theorem can also be inapplicable when the function is 
not continuous in the closed interval [x,, x,]. For example, this 
is the case for the function y specified in the interval [0, 1] by 


1 This follows from the argument in footnote! on p. 162. 


122280 
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the conditions 
x for O<x< 1 
y=| 0 for x=] 


This function satisfies all the requirements of Rolle’s theorem 
except the condition of continuity: if is discontinuous at the right 
end point x=1 of the interval [0, 1). 

It is clearly seen that the assertion of the theorem does not 
hold: the derivative is equal to 1 at all the points of the interval 
(0, 1), and therefore there is no point at 
which it turns into zero. 

If the function itself is everywhere con- 
tinuous and the derivative does not exist 
at the end points of the interval but does 
exist inside it the theorem remains true. 
An example of this kind is the function 


y=V1—x? considered in the interval 
{—1, 1] where it is continuous while its 
Fig. 66 derivative does not exist for x=-+ 1. Let 
the reader check the validity of Rol- 

le’s theorem for this case. 

57. Lagrange’s! Theorem. Let us come back to the geometrical 
interpretation of Rolle’s theorem. The chord subtending the arc AB 
(Fig. 64) being parallel to the axis of abscissas, the tangent at 
the point M is parallel to the chord. It is 
clear that this property is retained when 
the chord subtending an arc is not paral- 
lel to the axis of abscissas. Suppose that 
AB is an arc of a continuous line y= f (x) 
having a nomvertical) tangent at each 
point (Fig. 66). Then there always is at least 
one point M on the arc AB at which the 
tangent is parallel to the chord subten- 
ding this arc. Fig. 67 

If the above conditions on the arc AB 
do not hold such a point does not necessarily exist (see Fig. 67). 

Now, let the arc AB be specified by the equation y=f (x) 
where [ (x) is a differentiable function, the abscissas of the points 4 
and B being, respectively, x, and x, (Fig. 66). Since the slope 
of the chord AB is equal to a cu and that of the tangent 
line at the point M (there are two such points in Fig. 66: 4 
and M’) is equal to /’ (€) where € is the abscissa of the point M, 








y 





1J.L. Lagrange (1736-1813), an outstanding French mathematician ang 
astronomer. 
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the condition of the parallelism of the tangent and the chord 
implies the equality of their slopes. We thus arrive at the follo- 
wing proposition: 

Lagrange’s Theorem. If f(x) is a continuous function in a closed 
interval [x,, +,] differentiable at all its interior points there is at 
least one point x= & inside the interval such that 


SF (%2) —f (Xi). gs 
LE)— LE) oF" (6) 
We now proceed to prove this theorem analytically. To this end, 
let us take the auxiliary function 


F (x) =f (x)—Ax 


where A is the slope of the straight line N,N, parallel to the 
chord M,M, and passing through the origin (Fig. 68). Thus 
A is equal to the slope of the chord 
MM: 
4 — f (%2) — f (*1) 
X_—%1 

The function F(x) satisfies all the re- 
quirements of Rolle’s theorem in the 
interval [x,, x,]: it is continuous for 
x €[x,, x,] and differentiable for x € (x,, x,) 
(since the functions f (x) and dx possess 
these properties) and assumes equal va- 
lues at the end points of the interval: Fig. 68 





F (x,) =f (x,)—! a x, __ of —e (X4) 
and 

F (x,) =f (x,)—! oi X, _ *2f a (X2) 
The geometrical meaning of the auxiliary function F(x) is quite 
evident. The ordinate of the variable point of its graph is represen- 
ted by the line segment PR (Fig. 68) which is equal to the sum 
of the constant segment 


PQ=N,M,=N.M, 


and the segment QR. Consequently, the chord connecting the end 
points of the arc specified by the new function is parallel to Ox. 

By Rolle’s theorem, there exists a point —€(x,, x,) such that 
F’ (&)=0. But F’ (x)=f' (x)—A, and therefore f’ (§)—A=0 whence 


| oe f (%2)— f (x1) = a (E) 


Xo—Xy 


which is what we had fo prove. 


[2° 
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It follows from Lagrange’s theorem that 
f (x,)—F (4) =F (6) 2 — 4), 4 SE <x, 


This relation is known as the formula of finite increments. It 
states that 

the increment of a differentiable function on an interval is equal 
to the product of the derivative of the function at an intermediate 
point by the increment of the independent variable. 

The formula of finite increments makes it possible to find the 
exact expression for the increment of a function in terms of the 
increment of the argument and the value of the derivative at an 
interior point of the interval. It has a_ significant theoretical 
importance and lies in the foundation of the proofs of a number of 
important theorems which will be discussed later on. 

58*. Cauchy's! Theorem. Cauchy's theorem is a generalization 
of Lagrange’s theorem. We begin with its analytical formulation 
and proof. 

Cauchy’s Theorem. If f(x) and @(x) are continuous functions 
in a closed interval {x,, x,] differentiable at all its interior points 
and if the derivative q’ (x) does not turn into zero in the interior 
of that interval there exists at least one point x==€ lying inside 
the interval such that 


F(X.) —F(X;) _ F’ (8) 
P (Xo) — P (X1)~ (8) 


It should be noted that @(x,)—@(x,) <0 since, if otherwise, 
there would exist, according to Rolle’s theorem, an_ interior 
point of the interval at which the derivative o’ (x) would vanish, 
which contradicts the hypothesis. 

Proof. Let us take an auxiliary function similar to the one 
used in the proof of Lagrange’s theorem: denoting the ratio 


f (x2) —f (x,) 
pGd=em) bY» we put 
F (x) = f (x) —Ag (x) 


The auxiliary function F(x) satisfies all the conditions of Rolle’s 
theorem, because its continuity and differentiability follow from 
the similar properties of the functions f(x) and q(x) and the 
coincidence of its values at the end points of the interval is 
readily checked: 


F(x) =f EU) gy (yy = Le) 9 Hy) 9 ey) 


P (%1) © (X_) — @ (X;) 
and 
F (x4) = fl cy _ Hs) @ (ea) = Hey) @ &) 


@ @ (x2) —@ (X;) 
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Consequently, by Rolle’s theorem, there is a point € in the in- 
terval (x,, x,) such that F’(&)=0. But F’ (x) =f' (x)—Ag’ (x), and 
therefore f’ (E)—Ag’ (E) =O whence 


_ F%)—F (ey) FE) 


LS 
—- 


~ @(%2)—9 (11) &) 


The theorem has been proved. 

In the particular caseatg (x) =x Cauchy's theorem gives the same 
result as Lagrange's theorem. 

Note that Cauchy’s theorem cannot be proved by a simple term- 
by-term division of the relations expressing Lagrange’s theorem 
for the functions | and p since the intermediate values & of the 
argument do not necessarily coincide in these relations. 

Let us show that Cauchy's theorem can be given the same 
geometrical interpretation as Lagrange’s theorem. For the sake 
of convenience, let us denote the independent variable by ¢ and 
consider the functions y=f(/) and x=@(t) as representing para- 
metric equations of a plane curve in the xy-plane. As the para- 
meter ¢ runs through the corresponding interval (¢,, ¢,] the variable 
point (x, y) describes a curve whose initial and terminal points 
are, respectively, [p(7,), f(f,)] and [p(¢,), f(f,)]. The Tae ae 

: ; J— Pt 
chord connecting these points is equal to the ratio odJ=0C,) 
The derivative of y (regarded as a parametrically represented 
function of x) with respect to x is a = oe. Consequently, the 
formula 


Hey—Ha) _ 
oo) pe “<< 4) 


again expresses the equality of the slopes of the chord subtending 


an are and of the tangent line drawn to that arc af an interme- 
diate point. 


§ 2. Investigating Functions with the Aid 
of First and Second Derivatives 


59. Testing Functions for Monotonicity?. The application of the 
differential calculus to the investigation of functions ts based on 
a simple relationship between the behaviour of a function and 
the properties of its derivatives and, particularly, of the first 
derivative. 


1 It is advisable to reread Sec. 13 before proceeding to study the subject 
matter of this section. 
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Theorem (Necessary Conditions for Monotonicity). 

(1) If a differentiable function f (x) increases in an interval its 
derivative f’ (x) is nonnegative: f’ (x)>0. 

(2) 1f a differentiable function f (*) decreases in an interval its 
derivative f’ (x) is nonpositive: f’(*)<0. 

(3) If a differentiable function f (+) does not vary in an inter- 
val (i.e. is equal to a constant) its derivative is identically equal 
to zero: f' (x)= 0. 

Proof. (1) Let f (x) be a differentiable and increasing function 
in a given interval; this means that f(x+Ax) > f(x) if Ax>0 
and f(x-+ Ax) < f(x) if Ax <0 for any x belonging to this inter- 
val. It follows that the ratio 


Ay _ f(«+4x)—f (x) (*) 
Ax Ax 


is positive irrespective of the sign of Ax, and therefore its limit 
as Ax—+0, that is the derivative of f(x), is a positive number 
or zero. 


(2) If f(x) decreases the ratio 5% is negative and its limit isa 


negative number or zero, that is f’ (x)<0. 

In (1) and (2) it is supposed that the function f(x) possesses 
a derivative at every point. Left the reader draw a graph repre- 
senting a function which is monotone and continuous but has no 
derivative at separate points 
(see Sec. 52). 

(3) If f(x) is constant its 
derivative is known to be 
equal to zero: f' (x)=0. 

The geometrical meaning of 
this theorem is elucidated by 
Fig. 69. When the variable 

Fig. 69 point M (x, y) traces the graph 

of the function from left to 

right, i.e. as the abscissa increases, it moves upward, along Oy, 
if the function increases; then, as a rule, its tangent line forms 
an acute angle a with Ox, and tan a>0. If the variable point 
M (x, y) moves downward then, as a rule, the angle a between 
the tangent and the axis of abscissas is obtuse, and tana <0. 

It should be stressed that the derivative of a monotone function 
may vanish at some separate points. For instance, the cubic 
function y= x? increases throughout Ox but its derivative y’ = 3x? 
turns into zero at the point x=0 although at all the other points 
it is positive. Geometrically, this means that the tangent to the 
graph of a monotone function may be parajiel io Ox at some 
points, 
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Thus, in an interval of monotonicity of a function its derivative 
cannot change sign to the opposite. 

This proposition allows us to judge upon the sign of the deri- 
vative of a monotone differentiable function in a given interval 
by its increase or decrease in this interval. But when we begin 
to investigate a given function its behaviour is usually not known, 
and therefore it is much more important to establish the converse 
of the above proposition which enables us to study the character 
of the variation of a function in a given interval by reducing 
the problem to the simpler question of determining the sign of 
its derivative. 

Theorem (Sufficient Condition for Monotonicity). 

Let f(x) be a continuous function in a closed interval [a, 5] 
possessing the derivative f'(+) at all the interior points of that 
interval. Then: 

(1) If the derivative f’(x) is everywhere positive inside the 
interval the function f(x) increases in the interval [a, 5]. 

(2) If the derivative f’ (+) is everywhere negative inside the 
interval the function f (+) decreases in the interval [a, 5]. 

(3) If the derivative f' (x) is everywhere equal to zero inside 
the interval the function f(x) does not vary in the interval (a, 5] 
(i.e. it is constant). 

Proof. Let us choose in the given closed interval [a, 5] two 
arbitrary points x, and x, such that ax<x,<x,<6 and apply 
the formula of finite increments to the interval [x,, ,]: 

F (%.)—F (x) =F (8) Oa—), a LES, 
Since x,<x,, the difference x,—x, is positive, and the sign of 
the difference f(x,)—f(x,) is completely specified by the sign of 
the derivative f’ (&). If the derivative /’ (x) is everywhere positive 
we have f’(&)>0, and, consequently, f(x,)—/(x,) > 0, that is 


f (x2) > F(x) for x, > x, 


which means that the function f(x) increases}. 

If the derivative is everywhere negative we have f’ (&) <0, and, 
consequently, f(x.) <f(x,) for x, >.x,, that is, the function de- 
creases. 

Finally, if the derivative is everywhere equal to zero we have 
i’ (§)=0, and, consequently, f (x,)=/(x,) for any x, and x,, which 
means that the function f(x) is constant. 

This proposition provides a simple analytical test for monoto- 
nicity of a function in a given interval. For example, take the 


function y=+x*—2x*—6x4+3. To check that in the interval 
1 The argument in this proof shows that at the points a and 6 the derivative 


may not exist. It should also be noted that a and 6b may, respectively, be equal 
to —o and +o. 
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—l<x<3 it decreases it is sufficient to verify that its deriva- 
tive y’ =2x3—4x—6 is negative for —1<x< 3. The latter does 
in fact take place since y’ =2(x+-1)(x—3), and the factor (x+1) 
is positive for all the values of x in this interval while the factor 
(x—3) is negative. 

Geometrically, it appears evident that if the derivative of a 
function takes zero values at some separate points but retains 
constant sign at all the other points the function is also mono- 
tone in the given interval. For instance, the function y=x—sinx 
increases in every interval since its derivative y’ =1—cosx is 
everywhere positive except the points x= 2kn at which it vanishes. 

For functions increasing or decreasing in the broad sense (see 
page 41) we can readily state a test providing necessary and 
sufficient conditions for monotonicity: 


A continuous function [(x) defined in an interval [a, b] and 
differentiable at all its interior points is nondecreasing (nonincrea- 
sing) if and only if the derivative f' (x) is nonnegative: f' (x) >0 
(respectively, nonpositive: f’ (x)<0). 

60. Extrema of Functions. 

I. A value of x separating an interval of increase of a function 
from an interval of decrease (see Fig. 70) is an important element 
of the behaviour of the function. 
At such a point the function f[ (x) 
changes the character of its beha- 
viour: as the independent variab- 
le passes through that point (from 
left to right, as we agreed), the 
function f(x) passes from increase 
to decrease (see graph | in Fig. 70) 
or from decrease to increase (graph 
II in Fig. 70). In the former case 
(see the point x’ in Fig. 70 separating an interval of increase 
from an interval of decrease) there exists a neighbourhood of 
the point x’ such that the value f(x’) is greater than all 
the other values of the function f(x) within this neighbourhood. 
In the latter case (see the point x” in Fig. 70 separating an 
interval of decrease from an interval of increase) there is a 
neighbourhood of the point x” such that the value f(x’) is less 
than all the other values of the function f (x) in this neighbourhood. 
Thus f(x’) and f(x’) are, respectively, the greatest and the least 
values of the function in these neighbourhoods. Now let us state 
the general definition. 

Definition. A point x, is called a point of maximum of the 
function f(x) if f(*,) is the greatest value of the function f(x) 
in a neighbourhood of the point +x,,. 
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Similarly, 

A point x, is called a point of minimum if f(x,) is the least 
value of the function f(x) in a neighbourhood of the point x,. 

The points of maximum and minimum are called points of 
extremum of the function. Accordingly, we say that f(x) has a ma- 
ximum or a minimum (or, generally, an extremum) at such a point. 
We also say that f(x,) is a maximum or a minimum or, generally, 
an extremal value of the function [ (x). 

When speaking of a maximum or a minimum aft a point x, 
we usually mean a strict extremum. In such a case, there exists 
a neighbourhood of the point of extremum x, for all whose points 
(except the point x, itself) there holds the strict inequality 


f (x) << f(x,) for the point of maximum 


or the strict inequality 
f (x) > f(x,) for the point of minimum 


If the signs > and < in these inequalities are replaced, res- 
pectively, by > and < the point x, is called a point of nonstrict 
extremum. 

A function considered in an interval can have several extrema, 
and it may turn out that a minimum value of the function ts 
greater than a maximum value 
(see Fig. 71). Therefore a 
minimum or a maximum of a 
function is spoken of as a 
relative extremum (relative 
maximum or relative mint- 
mum) when the values of the 
function are compared within 
a small neighbourhood of the 
corresponding point. In cont- 
rast to it, when speaking of Fig. 71 
the greatest or the least value 
of a function for the whole interval in which it is considered 
we use the term absolute extremum (absolute maximum or abso- 
lute minimum). 

On the graph of a function, to the points of extremum there 
correspond “tops” and “cavities” (see the points M’, M’, M, and 
M; in Fig. 71). 

Usually we deal with functions having only a finite number of 
extrema in a given finite interval; as a rule, in what follows we 
shall consider functions of that kind. 


An example of a function of a different kind is y=xsine: 
in every interval containing the point 0 it is continuous (if we 
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additionally put y,._,=0) and has an infinite number of poists 
of extremum. Its graph can be constructed schematically if we 
resort to the hint concerning the construction of the graph of the 


function y=sin— on page 102. 


Now we proceed fo establish a necessary condition (test) {o: 
an extremum. 

Necessary Condition for Extremum. If a function f(x) has an 
extremum at a point x, ifs derivative at that point either is equal 
to zero or does not exist. 

Indeed, if the function attains a maximum at the point x, its 
value at this point is the greafest in a neighbourhood of the 
point x,. By Fermat’s theorem, at the interior points of the inter- 
val of definition where a differential function attains its greatest 
value the derivative of the function vanishes. The argument is 
completely similar in the case of a minimum. 

Geometrically, this means’ that the tangent to the graph oj 
a function is parallel to Ox at its “tops” and “cavities” (see Fig. 71). 

A function can also have extrema at some of the points where 
it is nondifierentiable. Examples of that kind are demonstrated 
in Fig. 72. At the points M, and M, the graph shown in the 
yf | figure has tangents perpendi- 





cular to the axis of abscissas. 
As was mentioned, a pointof 
this type is called a cusp or 
a spinode. A feature of such 
a point is that, as x appro- 
aches the abscissa of the point, 
the derivative f’ (x) tends to 
- oo on one side of the point 
Fig. 72 and to —co on the other 
side. At the points M, and 
M, the slope of the tangent changes in jump-like manner, and 
the graph does not have a definite direction of the tangent at 
these points; such points are termed corner points of the curve. 
For the values of x equal to the abscissas of corner points the 
right-hand and the left-hand derivatives of the function f (x) 
(see Sec. 52) have different values. 

Jt should be noted that fhe necessary condition for extremum 
is not sufficient: the fact that the derivative at a given point 
turns into zero (or does not exist) does not necessarily imply 
that this point is a point of extremum. For example, the deri- 
vative of the function y=~x* is y’=3x?; it vanishes at the point 
x=0 but this point is not a point of extremum of the function 


(see Fig. 73a). Similarly, the function y=}/x (for which 
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== x0) has no derivative at the point «=0, but 
x 


Fig. 73b shows that in this example as well the point x=0 is 
not a point of extremum. It is readily seen that in both examp- 
les the point x=O does not separate intervals of monotonicity of 
different senses: both on the right and on the left of this point 
the derivative has the same sign. 

To find out whether a given point where the derivative turns 
into zero or does not exist is a point of extremum we should 
resort to sufficient conditions (tests) for extremum to which we 
proceed now. 





Fig. 73 


Sufficient Condition for Extremum in Terms of the First Deri- 
vative. Let f(x) be a continuous function in a neighbourhood of 
a point x, possessing a derivative everywhere in this neighbour- 
hood except possibly at the point x, itself; then: 

If the derivative f’(x) is positive for *<.x, and negative 
for + >, the point x, is a point of maximum. 

If the derivative f’ (x) is negative for x<C x, and positive for 
*>-x, the point x, is a point of minimum. 

Here, according to the necessary condition for extremum, it is 
supposed that at the point x, itself the derivative either is equal 
to zero or does not exist. 

Proof. Let f’ (x) >0 for x<x,. This means that on the left of 
the point x, there is an interval of increase of the function f (x) 
adjoining the point x,. If f’ (x) <0 for x >, then on the right 
of the point x, there is an interval of decrease of the function 
adjoining the point x,. Consequently, x, is a point of maximum. 

he other case when the derivative changes its sign from — 
to -+ as x passes through the point x, from left to right is inve- 
stigated quite similarly. 

Thus, briefly: if, as x passes through the point x, (from left to 
right), the derivative changes sign the point x, is a point of ext- 
remum. 
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If the derivative changes sign from +- to — there is a maximum 
at the point x,; if it changes sign from—to--there is a minimum 
at the point xp. 

It is clear that if the derivative f'(x) does not change sign as 
x passes through the point x, there is no extremum at the point x,. 
For instance, let f’ (x) >0 both for x <x, and for x>x,. Then 
the function increases both on the left and on the right of the 
point x,, and therefore it cannot assume at this point its greatest 
value compared with all the values in a neighbourhood of the 
point x,. We have just discussed examples of this kind, namely, 


the behaviour of the functions y=x? and y=j/x in the vicinity 
of the point x=0O (see Fig. 73 and the 
J explanation given above). 

Remark. It should be noted that if it 
is only known that the derivative changes 
sign at a point, it is impossible to judge 
upon the existence of an extremum because 
it is necessary to know additionally that 

yd the function is continuous at that point 
itself. For instance, take the function 


y=—- Its derivative y=— changes 


sign as x passes through the point x=0: 

Fig. 74 y’>0 for x<0 andy’ <0 for x> 0; con- 

sequently, the function increases on the 

leit of x=0 and decreases on the right of x=0. At the same 

time, x=0 is not a point of maximum of the function since it 

has an infinite discontinuity at that point. This situation is cla- 
rified in Fig. 74. 

II. Scheme for investigating functions by means of the sufficient 
condition for extremum in ferms of the first derivative. Let us 
indicate a sequence of operations for finding the points of extre- 
mum and the intervals of monotonicity of a function on the basis 
of the test proved above. Consider a function y =f (x) continuous 
in a given (finite or infinite) interval and possessing a derivative 
everywhere except possibly at some separate points. For the sake 
of simplicity, we shall suppose that if these points are deleted 
the derivative {’ (x) is continuous in the remaining intervals. 

(1) First of all, we should find the points of the interval, 
where the given function is considered, at which the derivative 
is equal to zero (these are called stationary points), that is the 
real roots of the equation f’ (x)=0, and also the points at which 
the derivative does not exist. Let us arrange all these points in 
an increasing sequence and denote them x,, x,, ..., %X,: 


0 zr 


Ky Ka i Ky 
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We have thus determined the set of all points at which the func- 
tion f(x) may have extrema. They are sometimes termed critical 
points (this set contains both the stationary points and the points 
at which the derivative does not exist). 

We shall additionally suppose that if the interval in which 
the function is investigated is finite it only contains a finite num- 
ber of critical points. If the interval is infinite there may be an 
infinitude of critical points. For example, the function y=sinx 
when considered throughout Ox has infinitely many stationary 
points which are the roots of the equation y’=cosx=0, i.e. the 


points kaa +n where &=0, +1, +2, .... It is apparent that 


the function y=sinx has an extremum at each of these points. 

(2) Next we split the whole interval [a, 6] in which the func- 
tion is considered, by means of the points x,;, into the subinter- 
vals (a, X,), (%1) Xe)> «+ +> (Xp-ar Xn)> (Xn, 8). In each subinterval 
the derivative has constant sign. For, by the hypothesis, the deri- 
vative is continuous in each subinterval, and hence, if it changed 
the sign, f’ (x) would turn into zero at some new point (see Sec. 35), 
which is impossible since all such points have already been found 
(they serve as the end points of the subintervals). 

Thus, these subintervals are the intervals of monotonicity of 
the function. 

(3) Now we must determine the sign of the derivative in each 
subinterval, for which it is sufficient to determine it at an arbit- 
rary point of every subinterval. The sign of the derivative speci- 
fies the character of variation of the function in each interval of 
monotonicity, that is its increase or decrease. The specification 
of the change of sign of the derivative as x passes through the 
boundaries of the intervals of monotonicity, that is through the 
points x,, indicates which of these points are points of maximum 
and which points of minimum. It may also turn out that some 
of the points x; are not points of extremum. This is the case 
when the function has the same character of monotonicity in two 
adjoining subintervals (x;_,, x;) and (x;, x;,,) separated by the 
point x,;, i.e. when the derivative has the same sign in them. 
Then both subintervals form an entire interval of monotonicity 
of the function. In this case x; is not a point of extremum of 
the function (for instance, for the function y=x° the point x=0 
belongs to this type). 

(4) The substitution of the critical values x=<x; into f(x) yields 
the corresponding values of the function: 


F (x1), FXa)s 0, Xn) 


As has been already mentioned, not all of them are necessarily 
extremal. 
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li the values f(x,), 7 (%), ..-, f(*,) have been computed é72 
the end-point values /(a) and [(6) have also been found the che- 
racter of variation of the function becomes clear without investi. 
gating the sign of the derivative. For, since we know that the 
function has no extrema within each of the subintervals (a, x,}, 
(x,, %), ..-, (%,, 6) and thus is monotone on them, the compz 
rison of the values of the function at the end points of each sub- 
interval indicates directly whether the function increases or de- 
reases on that subinterval. 

It depends on the concrete circumstances which of the techni- 
ques should be used. It is sometimes more convenient to consice: 
the sign of the derivative in the subinfervals, but since usually 
we are interested in the values of the function at the critice! 
points the second approach may prove preferable. 

It is advisable to compile a table of the following type: 









a a<xcx, xy a a a ae ee + X%ye<xr<db 5 | 























g f (a) y increases a) y decreases | f (3) y decreases | f (6) 























For the sake of simplicity this table is formed for the illustra. 
tive case when there are only two critical points in the interval (a, 8]. 

The sign of the derivative in each subinterval can be determi- 
ned by computing the value of the function f’ (x) at an arbitrary 
point of every subinterval. If the derivative is represented es 
a product of a number of factors it is sufficient to determine the 
signs of these factors wilhoul computing their values since thes 
signs specify the sign of the derivative (see Example 2 below). 

Such a table makes it possible to draw a sketch of the greph 
of the function. 

Iij. Examples of investigating functions. 

(1) Basic elementary functions. Although the behaviour of the 
basic elementary functions was already described with the aid oi 
their graphs (see Chapier I) the application of the first derivative 
makes it easy to investigate analytically the simplest properties 
oi these functions. 

Power function: y=x*, x > 0. Its derivative y’ =ax7" js posi- 
tive for x>0O if a>0 and negative if a <0. Consequently, on 
the positive half-axis Ox the function either everywhere increases 
(if a >0) or everywhere decreases (if a < 0). 

Exponential function: y=a*. The sign of its derivative y’ =a*Ina 
coincides with that of Ina@ since the function a* itself is every- 
where positive. Hence, y’>0 if a> 1 and y' <0 ifa<]. Thus. 
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the exponential function is monotone throughout Ox: it increases 
in the former case and decreases in the latter. 
Logarithmic function: y= inx. The function is only defined for 


x>0. For these values of x its derivative y' == is positive, and 


hence the function y=Inx is everywhere increasing. 

Similarly, resorting to the first derivative we can readily deter- 
mine the character of variation of all the other basic elementary 
functions. 

(2) Let us consider the function 


y = 3x8 4-4,.5x2—4x-+ 1 
It possesses a continuous derivative throughout Ox. On computing 


the derivative 
y! = 9x? + 9x—4 = (3x— 1) (3x-+ 4) 


we see that it is equal to zero for xy and for rex. Both 


factors on the right being negative for x eae, the derivative 
is positive for these values of x, and thus the function increases. 
In the interval —tex< z the derivative is negative, and 
the function decreases. Finally, for >= the derivative is again 


positive, and the function increases. Consequently, x=—+ is 
a point of maximum and xa=t a point of minimum, and there 


3 
are three intervals of monotonicity: the function increases in the 


interval (— 0, —3| , decreases in the interval |—5, 3| and 


again increases in the interval z +00}. 

On computing the values of the function at the points of extre- 
mum we can compile a table characterizing the behaviour of the 
function. When compiling it we should take into account that 
hoe be ie 45 4, 4\_ 

lim y= lim x (3+"—2 +35) = + 


X—>+ © 


and, similarly, lim y—=—oo, 
Pe tel) 






y increases | + 0 


+ 
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2 2 
— paar —, = —_— — —_—=. e 
x | 22X< | 3 | 7 <x <0 0 ewe tet 
y\~0.21| y increases |y,,x 0.39] y decreases | Y¥minp=O | y increases!~ 1.03 
y’ + 0 — oo 























characterizing the behaviour of the function we see that in the 
first interval the derivative is positive and the function increases, 
in the second interval the derivative is negative and the function 
decreases and in the third interval the derivative is again positive 
and the function increases. By the way, this becomes clear from 
the comparison of the values of the function assumed at the cri- 
tical points with the end-point values: 


j [a 2 
~ 3 


The greatest value of the function on the interval [—2, 0.5] is 
approximately equal to 1.03 and it is attained at the right end 
point of the interval while the least value is equal to 0 and is 
reached at the point x=0. 

Later on (see page 203) we shall continue the investigation of 
this function to obtain some additional information about its 
behaviour. 

(4) The methods of the investigation of the behaviour of func- 
tions can be applied to proving inequalities. For instance, let us 
prove the inequalities 


2x <sinx<x for O<x<5 


To this end, we introduce the function y specified by the con- 
ditions 


=, for x=£0 
1 for x=0 
Its derivative 


y= = (x— tan x) 





being negative in the interval (0, 5) (since x<tanx), y is a 
decreasing function in that interval. Hence, for O<x<F, the 


values of the expression sme are less than the value 1 of the 
function y reached at the point x=0 and exceed the value 


13—2280 
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9 sin > 1 
= = — of that function attained at the point xz! 
vy ; 
SINX 
ae 


This implies the desired inequalities. 

61. Investigating Functions with the Aid of Second Derivatives. 
The Greatest and the Least Values of a Function. 

], With the aid of the second derivative f"(x) of the function 
f(x) under investigation it is possible to establish another suff- 
cient test for extremum which sometimes proves simpler and mote 
convenient than the one in the foregoing section. In what follows 
we assume that in a neighbourhood of a given point x, the func- 
tion f(x) itself and its first and second derivatives are continuous. 

Sufficient Condition for Extremum in Terms of the Second De- 
rivative. If the first derivative vanishes at the point x, (f" (x,)=0) 
while the second derivative is different from zero (f’(x,) 0), 
*, is a point of extremum. Furthermore, 

if f" (¥,)<C0 the point x, is a point of maximum, 

if f(x.) >0 the point x, is a point of minimum. 

Proof. Let f’(x,)=0 and f’(x,) >0. By the hypothesis, the se- 
cond derivative is continuous, and therefore its sign is retained 
in a neighbourhood of the point x,. It follows that the function 
f’ (x) increases in this neighbourhood because its derivative 
(f’ (x))’ =f" (x) is positive. Since f’(x,)=0, the derivative f’ (x) 
assumes values less than f’(x,)=0O on the left of the point x, 
and is therefore negative: f' (x) <0 for x <x,. Similarly, on the 
right of the point x, its values are greater than f’ (x,)=0, that 
is positive: f’ (x) >0O for x > x,. Hence, as x passes through the 
point x, from left to right, the function f’ (x) changes sign from 
— {to +, and therefore, according to the foregoing test for extre- 
mum (in terms of the first derivative), x) is a point of minimum 
of the function f (x). 

An analogous argument shows that if [’(x,) <0 the function 
f' (x) decreases and changes its sign from + to — as x passes 
through the point x, that is the point x, is a point of maximum 
of the function f (x). 

If both f’ (x,)=0 and f’(x,)=0 the latter test is inapplicable, 
and one should resort to the former. For instance, the first and 
the second derivatives of the function y=x* turn into zero at the 
point x=0. Therefore, the second test is inapplicable while the 
first one indicates that there is a minimum at that point since 
the derivative y’=4x® changes sign from — to + as x passes 
through the origin. At the same time, the function y=x* whose 
first and second derivatives also vanish at the point x=0 has no 


§ 2. Investigating Functions with the Ald of Derivatives 195 


extremum at the origin; indeed, its first derivative y’ =3x? does 
not change sign as x passes through the point x=0. 

But when applicable, the second test proves extremely conve- 
nient since it does not require the determination of the sign of 
the function f’ (x) at points different from the point at which the 
given function is tested for extremum, and this makes it possible 
to judge upon the existence of the extremum by the sign of the 
function f’ (x) at the same point. 

Examples. (1) Let y= ax?+6x-+c. Since the derivative y’ = 2ax+b 


is equal to zero at the point xa—z, and y”’=2a, the function 
y has a maximum at that point x= —< if a< 0 and a minimum 
if a>0O. 


This example demonstrates the importance of theoretical inves- 
tigations for practical problems of mathematics. It shows that the 
study of a concrete function is simplified and that the amount 
of calculations is reduced as we use more sophisticated theoreti- 
cal means of mathematical analysis. For instance, the investigation 
of the quadratic function presented in Chapter I required a special 
argument and rather lengthy calculations since we could not use 
the differential calculus while the present consideration is quite 
simple. 

(2) Let us come back to Example 2 on page 191 in which the 
function y=3x°+4.5x?—4x+-1 was considered. Its derivative 


y'=9x°+9x—4 is equal to zero at the points x= —+ and 


k=. The second derivative has an extremely simple expression: 


y= 18x-+9. It is readily seen that y,__4<0, that is x= —+ 


is a point of maximum, and that y’_1 > 0, which means that 
3 


Ls es 
x= is a point of minimum. 


II. The greatest and the least values of a function. After the 
extremal values of a function y=f(x) considered on a closed 
interval [a, 6] have been found we easily determine the greatest 
value M and the least value m of this function in that interval. 
For this purpose the values of the function at the points of extre- 
mum should be compared with each other and with the end-point 
values. For the greatest (the least) value of the function on the 
interval [a, 6] is either one of its maximum (minimum) values or 
a end-point value. Some of the possible cases are shown in 

ig. 77, 

Fk is also clear that when a function y=f (x) is monotone in 
a closed interval [a, 56] its greatest value is f(6) and the least 


13” 
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value is f(a) if the function increases and, conversely, the grea- 
test value is f(a) and the least {(6) if the function decreases. 

It often occurs that a given function has only one point of 
extremum in an interval. In this case the value of the function 
at that point is the greatest on the interval in the case of maxi- 
mum and the least in the case of minimum. 


; POD 
a 6 a 6 @ 6 @ 6 @ 62 


Fig. 77 


II]. Some problems involving the determination of the greatest 
and the least values. Suppose that there are {wo magnitudes con- 
nected by a functional relationship, and it is required to find the 
value of one of them (belonging to an interval that can be finite 
or infinite) for which the other magnitude assumes its feast or 
greatest value among all the possible values. To solve such a 


Y Y 
wv of S wv 


b-22 
Fig. 78 


problem we must first find the expression of the function describ- 
ing the relationship between the magnitudes in question and then 
determine the least or the greatest value of this function on the 
given interval. 

Examples. (1) Let us determine the least length / of the fence 
enclosing a rectangular lot of land with given area s adjoining 
a wall (see Fig. 78). 

Denoting by x one of the sides of the rectangle we readily 
obtain 

S = x (f—2x) 
whence 


{= 2x-4+— 
The problem now reduces to finding the least value of this func- 


tion as x ranges from 0 to oo. Since /—+co both for x—0 and 
for x—+oo, the least value is among the minima of the function 
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in the interval (0, co). Let us find the derivative: 
l' = 2—= 


It follows that in the interval in question there is only one sta- 


tionary point x= ee at which the function has a minimum 


since the second derivative aes is positive at that point. Hence, 


the minimum value 


‘s- 5 
(ere goes — 
2 
serves simultaneously as the lJeast value of the function on the 


entire interval (0, oo). Consequently, the length of any fence 
enclosing a rectangular lot of land with a given area s adjoining 


a wall cannot be less than 2V 2s, and it is equal to this value 





only when the smaller side of the rectangle ( which is equal to 


Yia=t 25 is half the greater side (which is equal to 


2V%—2- 42s =V 2s . Thus, in these circumstances the most 


economical fence is the one whose greater side is twice the small- 
er one. 

(2) Consider a free fall of arain drop (air resistance is neglected) 
of initial mass m,. Suppose that it evaporates uniformly so that 
the decrement of its mass is proportional to time of fall f, the 
proportionality factor being &. It is required to find how long it 
takes the kinetic energy of the drop to achieve its greatest value. 

The kinetic energy @ as function of time of fall ¢ is given by 
the expression 


aa i? (Mo Ft) (et? 

— Qo 2 
where g is the acceleration of gravity. The problem thus reduces 
to finding the greatest value of this function for ¢> 0. 

We have 


d R ‘ 3 

t= —E (at) + (mo — Re) gt = gt (—> At +m) 

Mo 
2 9 a 

+ >0 for 0<t<Z% and a <0 for (>>. It follows that 


and it is clear that = =0 for f= 0 and for {== . Furthermore, 
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for i= ne the kinetic energy a attains a maximum which coin- 


cides with its greatest value since there are no other maxima. 
Thus, the greatest value is 





If the drop falls on the ground in time T< alt the kinetic energy 
increases during the whole time of motion, and its greatest value 
is reached at the moment the drop falls on the ground. 

62. Convexity and Concavity of a Curve. Points of Inflection. 

I. Considering an arc of a curve of the second order, that is 
of an ellipse (whose particular case is a circle), a parabola or a 
hyperbola, we readily observe that such an arc lies entirely on 
one side of the tangent line drawn at any point of the arc. On 
the other hand, for the graph of the function y=sinx (the sinu- 
soid) this property holds for the arcs corresponding to the inter- 
vals [—x, 0] and [0, x] of the axis of abscissa: but does not 
hold for the arc corresponding to the entire interval [—z, a]. 
For if we draw the tangent to the sinusoid at the origin the leit 
and the right parts of this curve are on different sides of the 
tangent. 

These considerations lead us to the following definition: 

Definition. An arc of a curve is said to be convex if it Iles 
entirely on one side of the tangent drawn through any point of 
the arc. 

It is of course supposed here that the tangent can be drawn at 
each point of the arc, that is there are neither corner points nor 
cusps on it. 

According to this definition, any arc of a second-order algebraic 
curve and the arcs of the sinusoid corresponding to the intervals 
{[—zx, 0] and [0, a] are convex whereas the arc of the sinusoid 
corresponding to the whole interval [—vz, x] is not. The definition 
of convexity is demonstrated in Fig. 79: the arc AB in Fig. 79a 
is convex while the arc CD in Fig. 795 is not since, for instance, 
it does not lie on one side of the tangent line passing through 
the point M. 

This definition of convexity of an arc is coherent with the 
notion of a convex polygon and a convex broken line defined in 
elementary geometry: a polygon is said to be convex if it is placed 
entirely on one side of every straight line in which its any side 
lies, and anonclosed broken line is considered convex if the polygon 
appearing as its end points are joined by a line segment ts convex. 

Now we proceed to test for convexity a curve which is the 
graph of a continuous function y=f(x) whose first and second 
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derivatives are also continuous. If such a curve is convex we dis- 
tinguish between the cases of an arc convex upward and an arc 
convex downward (see, respectively, Fig. 80, / and //). Namely, 
an arc of a curve specified in the xy-plane by an equation y =f (x) 
is said to be convex upward if it entirely lies below the tangent 


A (a) (6) 


Fig. 79 


drawn through each point of the arc. Similarly, it is said to be 
convex downward if it entirely lies above its tangent at every point. 

We also speak about concavity of curves: an arc convex upward 
(downward) is said to be concave downward (upward). 





Fig. 80 Fig. 81 


Finally, a convex upward (i.e. concave downward) arc is so- 
metimes briefly called convex while a concave upward (i.e. convex 
downward) arc is simply referred to as concave’, In what follows 
we shall use the latter variant of the terminology. 

An important characteristic of a curve are the points separating 
its convex and concave arcs; for instance, in Fig. 81 the point C 
separates the convex arc AC from the concave arcCB. 

We shall always suppose that any arc of a curve under consi- 
deration corresponding to a finite interval of the axis of abscissas 
only contains a finite number of such points *. 


1 It should be noted that the notion of a convex function introduced in 
modern mathematics corresponds to a function y=/f (x) whose graph is convex 
downward. 

2 An example of a curve of a different kind is the graph of the function 


y=x sin (see page 185), 


200 Ch. IV. Application of Differential Calculus 


Definition. A point of a curve separating its convex arc from 
a concave arc is termed a point of inflection. 

At a point of inflection the tangent intersects the curve; in the 
vicinity of such a point the curve lies on both sides of its tangent 
drawn through that point. 

Up to now we spoke of the graph of a function y=] (x) 
possessing a derivative, thal is of a curve at whose every 
point there is a tangent not perpendicular to the axis of abscissas, 
But it should be noted that a point separating a convex arc of 
a curve from a concave one may be such that the tangent at that 
point is perpendicular to the axis of abscissas or such that the 
tangent does nof exist. The first of these possibilities is demon- 
strated by the behaviour of the graph of the function y=3/x in 
the vicinity of the origin (see Fig. 735 on p. 187); in such a case 
we speak of a point of inflection with vertical tangent. 

Let the reader draw a curve with a corner point separating its 
convex and concave arcs; we shall not include corner points of 
this kind into the class of points of inflection. There may of course 
exist a corner point at which the character of convexity of the 
curve does not change (see Fig. 67 on p. 178). 

II. Testing a curve for convexity and concavity. As before, we 
consider a curve y==/(x) where the function f(x) is continuous 
together with its first and second derivatives f’ (x) and f" (x). 
There is a simple relationship between the properties of the second 
derivative f’ (x) and the convexity or concavity of the curve y=} (x) 
which we shall establish without a rigorous proof by resorting only 
to some simple geometrical considerations. These considerations 
are based on the following proposition. 

On an interval of decrease of the first derivative the graph of the 
function is convex and on the interval of increase of the first deri- 
valive tf is concave. 

For, if the derivative f’ (x) decreases, the slope of the tangent 
line to the curve also decreases as the variable point of the graph 
traces it from left to right; then the tangent line turns as if it 
“pressed down” the curve preventing it from lifting above the 
tangent. Therefore the arc must Jie below its every tangent and 
thus is convex. This situation is clearly demonstrated by theexample 
of the arc AC of the curve depicted in Fig. 81. On the contrary, 
if the derivative f’ (x) increases the slope of the tangent increases 
as well, and the tangent turns as if it “lifted up” the curve pre- 
venting it from descending below the tangent. Therefore the cor- 
responding arc must lie above its every tangent and thus is con- 
cave (see the arc CB in Fig. 81). 

Now we can take advantage of the basic theorem establishing 
the connection between the character of variation of a function 
and the sign of its derivative; as a function under consideration 
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we take [’ (x) whose derivative is (f’ (x))’ =f" (x). If f’ (x) > 0 the 
derivative f’(x) increases and if f’(x) <0 it decreases. We thus 
arrive al the following theorem: 

Theorem. Jf the second derivative f” (x) is everywhere negative 
within an interval the arc of the curve y= f(x) corresponding 
to that Interval Is convex. If the second derivative f” (x) is eve- 
rywhere positive in an interval the corresponding arc of the curve 
y= f(x) is concave. 

As at the end of Sec. 59, it should be noted that if the second 
derivative f’(x) has constant sign, for instance, if it is positive, 
everywhere except at some separate points where it vanishes, the 
function f’(x) remains increasing, and the corresponding arc of 
the graph of the function y=/(x) is concave, For instance, the 
second derivative of the function y==.x' (whose graph is a parabola 
of the fourth order) is y”=12x*; this derivative is everywhere 
positive except at the point x=0 where it turns into zero whereas 
the graph of the parabola is everywhere concave. 

The theorem stated here elucidates the test for extremum of a 
function based on investigating its second derivative. indeed, if 
f' (x9) =90 and f"(x,) <0 the graph of the function has a horizon- 
tal tangent line at the point x, and is convex in the vicinity of 
that point; therefore x, is a point of maximum. Similarly, if 
f’ (x,)=0 and f’(x,) > 0 the tangent to the graph of the function 
y=f(x) at the point x, is horizontal, and the graph itself is 
concave; therefore the point x, is a point of minimum. 

III. Tests for the determination of points of inflection. A point 
of inflection of the graph of a function is a boundary between its 
convex and concave arcs. It follows from the above argument 
that the abscissa of a point of inflection (see the point x, in Fig. 81) 
separates two adjoining intervals of monotonicity of the first deri- 
vative f’ (x) and is therefore a point of extremum of the first deri- 
vative. Consequently, the application of the necessary condition 
for extremum implies that 

if x, is the abscissa of a point of inflection then f”(x,)==0. 

This proposition provides a necessary test (condition) for the 
point of inflection. 

But by far not every root of the equation f" (x) =0 is the abscissa 
of a point of inflection. For example, the first and the second 
derivatives of the function y=x‘* are y’=4,x? and y’ = 12x?. 
Although yz.,=0, the point (0, 0) is the vertex of the parabola 
y= x* and does not serve as its point of inflection. 

In order to find out whether or not a value x, of the argument 
for which the second derivative vanishes is the abscissa of a point 
of inflection we should investigate the variation of the sign of 
{he second derivative as x passes through this point, that is to 
find out whether the second derivative changes sign. This argument 
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Jeads to the following sufficient test for the point of inflection. 

If the second derivative f” (x) changes sign as.x passes through x, 
(from left fo right) then x, is the abscissa of a point of inflection. 
If if changes sign from — to -+ there is an interval of convexity 
on the left of the point x, and an interval of concavity on the 
right of it, and, conversely, if it changes sign from -+- to —, an 
interval of convexity follows an interval of concavity as x passes 
through x,. 

In conclusion we note once again that when determining points 
of inflection and intervals of convexity and concavity we use the 
same rules as in the case of the determination of points of extre- 
mum but apply these rules not to the given function itself bul 
to its first derivative. Our investigation shows that to an interval 
of increase of the first derivative there corresponds an interval of 
concavity of the graph of the function and to an interval of decrease 
of the first derivative an interval of convexity; accordingly, the 
abscissa of a point of extremum of the first derivative is that of a 
point of inflection of the graph of the function. 

Examples. (1) The second derivative of the function y=x5-+x 
is y"=20x°, and yr.»=0. We have y’<0 for x <0 and y’>0 
for x >0. Consequently, the origin is a point of inflection of the 
graph of the given function, the interval of convexity lying on 
the left of it and the interval of concavity on the right. 

(2) Let us take the function y=.x'+5x*. Here y” = 20x? (x 4-3), 
and y°=0 for x=—3 and for x=0. As x passes through the point 
x==—3 the second derivative changes sign. and thus x=—3 is 
the abscissa of a point of inflection. When x passes through the 
point x=Q the second derivative retains constant sign, and the- 
refore the origin is not a point of inflection; the graph of the given 
function is concave on both sides of the origin. 

In our foregoing investigation we supposed that the function f(x) 
in question was twice differentiable throughout the interval in 
question. If this condition is violated it is necessary to investigate 
f' (x) and f’ (x) in the vicinity of those separate points at which 
the derivatives do not exist. At these points as well the character 
of convexity of the graph of the function may change. An example 
of this kind is the graph of the function y= j/x (see Fig. 736) 
for which the point (0, 0) is a point of inflection. 

In most typical cases the points of extremum a, 6, c, ... and 
the abscissas of points of inflection a, B, y, ... alternate (see Fig. 71). 

Note that there is a difference in the terminology: a point of 
extremum of a function is a point lying on the axis along which 
the independent variable is reckoned while a point of inflection is 
a point lying on the graph itself. This is accounted for by the fact 
that an extremum is a relative notion dependent on the system 
of coordinates chosen since at the point of a curve corresponding 
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to an extremum the tangent line is parallel to the axis of abscissas, 
and if another coordinate system is taken whose axes are turned 
through an angle relative to the former axes this property of the 
tangent is not retained. At the same time, a feature of a point 
of inflection is that the tangent intersects the curve at that point, 
and this property is characteristic of the curve itself and is inva- 
riant with respect to any change of the coordinate system; the 
property of a as to be a point of inflection of a curve is retained 
under all the displacements of the curve (as rigid body) in the plane. 

IV. Examples. (1) The graphs of the basic elementary functions 
can readily be tested for convexity and concavity. 

For instance, the graph of the power function y=x®% is concave 
on the positive half-axis Ox for a <0 and for @>1 and convex 
for 0<a< 1. Indeed, in the first two cases the second derivative 
y" =a (a—1)x%-* is positive and in the third case negative. 

The graph of the exponential function y= a* is concave for any 
a>0O throughout Ox since y”=a* ln? a> 0. 

The logarithmic curve y=log,x is convex for a> I and concave 


fora < 1 because the second derivative y” = — is negative in 


the former case and positive in the latter. 
Since we have 


tot 
In a x? 


(sin x)” = —sinx 
the convex arcs of the sinusoid lie above the axis of abscissa and 
the concave arcs below it; the points of inflection of the sinusoid 
are those at which it cuts Ox. 
(2) Let us dwell in more detail on the function 


y= xe, —2<x*<0.5 


(see Sec. 60, IIJ, Example 3). The investigation of the intervals 
of monotonicity and points of extremum already performed shows 


that this function has one point of maximum x=—-z and one 


point of minimum x=0 within the interval [—2, 0.5]. Now we 
proceed to determine the intervals of convexity and concavity and 
the points of inflection. For this purpose we compute the second 
derivative: 


= (2% ) er set oe (ex)’ we FP 122 0 
3 V/ x 3i/ x 9x / x 

The factors e* and x j/x=j/<x‘ being positive, the sign of ¥ coin- 
cides with that of the quadratic trinomial 9x?-+12x—2. This 
wat Mie —1.48 








trinomial has zeros at the points x, = and 


_ V 6—2 
38 





~ 0.15. It is apparent that ek in the interval 
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(—2, x,),y°<0 in the interval (x,, 0), y°<0 in the interval 
(0, x,) and y">0O in the interval (x,, 0.5).4 Consequently, the 
graph of the function is concave in the interval (—2, x,), convex 
in the intervals (x,, 0) and (0, x,), and concave in the interval 
(x,, 0.5) (see Fig. 82). 

To construct the graph of 
the function more accurately 
let us determine the ordinates 
of the points of inflection; the 
substitution of x, and x, into 
the expression of the function 
yields Yrr—y.4s07 0.30 and 
Yx= 0.13 A 0.32. We see that the 

Fig. 82 graph in Fig. 82 is conside- 
rably distinct from that in 
Fig. 76 which was constructed without taking into account conver- 
ity and concavity of the curve and its points of inflection. For 
further improvement of the graph it is advisable to find, in 
addition, the slopes of the tangents at the points of inflection. 
For this purpose it is necessary to substitute x, and x, into the 
expression of the first derivative; on calculating we obtain 





Uris 70.16, Yr 0.18 ~ 1.80 


It should also be noted that outside the interval [—2, 0.5] we 
have considered the function has neither points of extremum nor 
points of inflection. 


§ 3. L’Hospital’s Rule. General Scheme 
for Investigating Functions 


63, L’Hospital’s? Rule. 

]. Basic cases. In addition to the rules of passing to the limit 
discussed in Chapter II] we shall present here one more rule known 
as L'Hospital’s rule which is extremely simple and convenient. 
In what follows we shall also apply it to the investigation of the 
behaviour of functions. This rule can be stated as 

L'Hospital's Theorem. Let f(%) and (x) be two functions 
tending simultaneously to zero or to infinity as x — x, (or as 
x¥—+0oo). If the ratio of their derivatives has a limit (finite or 


1 It is impossible to consider the whole interval [x,, x,} without splitting 
It since ft contains the point x=0 at which the derivatives do not exist. 

* G.F.A. L'Hospital (1661-1704), a French mathematician, a contemporary 
of Leibniz and Newton. He was the first to publish a book on differential 
calculus (in 1696). 
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infinite) the ratio of the functions also possesses a limit which is 
equal to the limit of the ratio of the derivatives: 
o£ (x) gs F'(%) 
fim Fay im Fe) 

We shall not give the general proof of this theorem and shall 
only confine ourselves to some simple considerations and examples 
elucidating the essence of the proposition’. 

To begin with, let us prove that if the functions f(x) and @ (x) 
tend to zero as x +x, and if their derivatives at the potnt x, exist 
and 9’ (x,)5£0 then 

lim L@) _ Do) (*) 


X~Xe Pp (x) = Q’ (Xo) 


It is supposed here that the functions f(x) and (x) are defined 
and continuous in a neighbourhood of the point x, and that the 
denominator g(x) does not vanish in this neighbourhood except 
at the point x, itself. 

We have [(x,)=(x,)=0, and therefore 


f (x) —F (Xp) 
F(x) F(x)—f ) X—Xo 


X— Xo 


Passing to the limit as x—+x, and using the theorem on the limit 
of a quotient we obtain 


° xX) xX Xo ee 
im 9G) ~ , PW oe 
x-~X, *—~%0 


whence, by the definition of the derivative, 
: F(x) F (Xo) 
aac! P(x)" (Xo) 
L’Hospital’s rule is applicable to one-sided limits as well. 
Examples. 


: sinx (sin x)rmo 
Oe = io 
I 


° In (1-+% T+x x= 


1 In the statement of this theorem we have not stipulated some additional 
conditions on functions f(x) and m (x) guaranteeing the applicability of Cauchy’s 
theorem to them (see the ‘prog of formula (**) given below); as a rule, in 
practical examples these conditions are fulfilled. 


205 Ch. IV. Application of Differential Calculus 


We see how easily the limits that we found in the foregoirz 
sections can now be determined but it should be noted that here 
we use the derivatives of the functions sinx and In(1 +.) which, 
in their turn, are obtained on the basis of the computation of 
the limits of the ratios ~ and ars) as x —»+0. 


xt—5x16 2-2-5 __ 








(3) iu foe pa—3 | 
-  Sindx S5cos5n 5 
(4) lim on Qx Qeos2n 2 


It may turn out that the derivative @’(x,) is equal to zero et 
the point x,. Then of course formula (*) is inapplicable, and we 
should resort to the general form of L’Hospital’s rule: 

im 12) — tim £2 v 
jm oe i y &) ") 

The proof of formula (**) is more complicated than that of for- 
mula (*). It is based on Cauchy’s theorem (Sec. 58), and the rea- 
der who skipped this theorem may omit the proof given below 
and proceed directly to the examples. 

Let us again write down the ratio of the functions in the form 


f(x) __ F()—F (x) 


G(x) G(x) —F (x0) 
and apply to it Cauchy's theorem (to this end we should additio- 
nally assume that the derivatives /’ (x) and 9’ (x) exist in a neigh- 
bourhood of the point x, and that ’ (x) does not turn into zero 
anywhere except at the point x, itself). Cauchy’s theorem implies 


fe) _ F@ 

G(x) (8) 
where & is a point lying in the interval between x, and x. If now 
x—+x, the point — contained between x, and x also tends fo the 
point x,. By the hypothesis, the limit of the ratio of the deri- 
vatives exists, and hence we obtain 


lim L® — tim L@ 


zx, ¥ (*) t+x,F 
oS replacing the letter € on the right by x we arrive at formu- 
a(**); 

If the existence of the limit of the ratio of the derivatives is 
not stipulated formula (**) may be inapplicable although the li- 
mit of the ratio of the functions themselves may nevertheless exist 
(examples of this kind are given below). The matter is that if 


the limit lim fe) exists as x tends to x,in an arbitrary manner 
x2x,7 (x) 





§ 3. L’Horpital’s Rule 207 


then of course the limit lim ES exists as well, but the converse is 
E+ % ¢ 

not true since & may assume not all but only some specific values 

when x—+x,. This situation is analogous to the fact that although 


the limit lim sin does not exist (for x tending to 0 in an ar- 


x0 


bitrary way), the limit lim sin 





= lim sinan=0 exists (x= 


I 
(==) n—+0 
ott 
: 
Si ey () as ft-+ wl}. 
TU 


~, yo X—XCOSX -  J—cosx+xsinx iste : 
(5) lim Sane = jim >: In the limit on the right 
the numerator and the denominator, in their turn, also tend to 
zero. In such cases L’Hospital’s rule can be used repeatedly as 
many times as mecessary: 


-  I—cosx--xsinx 4. Qsinx+xcosx 1. Scosx—xsinx _ 

cee ae ee 
Formula (**) also remains valid when the ratio of the derivatives 
tends to infinity: in this case the ratio of the functions tends to 
infinity as well. This is demonstrated by the following example. 


sin x : cosx 


I—cost 2.9 Sinz 








>  [—cosx_ ;- 
(8) ETE sin es 
When L’Hospital’s rule is used repeatedly it is advisable to 
perform beforehand all the possible simplifications of the given 
expression, for instance, to cancel by common factors and to use 
the limits already known. 








arctan x —arcsin x _. +x | — x? 
(7) lim T eane ee lim aaey Vs 
ere anx—sin<x Pe ——cos x 
cos 
Y { —x?—1—x? cos? x 


YG pa ees 
x-+0 1—cos x (1-- cos x-++- cos?.x)(I-+-x*) V1 — x? 


The limit of the second factor is clearly equal fo 3 on apply- 
ing L’Hospital’s rule to the first factor we finally receive 


V1—x : 
3 +40 sin x 3 y495iNnx\ YP] — x 


Let us prove that formula (**} remains valid for x—+oo on 
condition that the functions f (x) and p(x) are defined and diffe- 
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rentiable for sufficiently large values of |x|. Indeed, the substitu- 

tion rao reduces the problem to the case already investigated 

since x-—+co implies z—+0 and vice versa. Thus, we have 
fe) _ yj 


) MF) ig Pe) (-#) 
pre@) 220g (Ly ero g(L)(—4) 
On cancelling by (—=) and again replacing — by x we obtain 


tim £ = lim £@ 


x2 oP) ria (&) 
It should be noted that the rule is applicable in all cases when 
tends to infinity, that is for x—++-co, for x—+—oo and for 
X—+oo (see Sec. 25). 
If for x—+x, (or for x—+00) both functions f(x) and 9(x) si- 
multaneously tend to infinity formula (**) also remains valid but 
the proof becomes more sophisticated and we do not treat it here. 


l 








Inx . x . I 
8) lim —-= lim —-= lim —-=0 for a>0 
( Pas xe x+y WO : Xoo 4 cm 2X7 
. = a* -  a*ina -  a* (Ina) 
(9) lim == lim 3a ee = lim ene 2 
x aAxt— 
Xr +O x—>+@ X>+Q 


if n is a positive integer and a> 1. By the way, for a>1 this 
limit is also equal to oo for any n. 

Examples 8 and 9 indicate that, as x—+-+ 00, the logarithmic 
function Inx increases slower and the exponential function a* fas- 
ter than any power function x* (with positive a). 

In conclusion we give an example in which the ratio of functi- 
ons has a limit whereas the ratio of their derivatives does not 
tend to any limit; we have 


‘ i , j 
jim pone lim (14534) =2 


x © X—-> © 
but at the same time the function 
(x-+-sinx)’  1+cosx 


(xo 
constantly osciflates assuming the values lying between 0 and 2 
as x-—+oo and hence has no limit. This example does not contra- 
dict L’Hospital’s rule; simply, the latter is inapplicable to this 
case. 
II. Some other cases. In the problems considered above we dealt 


with limits of ratios aa when f(x)—+0 and p(x)—+0. Conditi- 
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onally, such limits are denoted by the symbol = whose meaning 
is clear. Similarly, the limit of such a ratio as f(x)—+co and 
@(x)—+0o is denoted =. 

L'Hospital’s rule often makes it possible to determine limits in 


: 0 ; ar 
some cases different from ry and = . Here we shall consider limits 


conditionally denoted as (1) 0-00, (2) co—oo, (3) 1°, (4) 00 and 
(5) 0°. These expressions, i.e. 0-00, co—oo, 1%, 00°, 0°, and also 
2 and — only serve for a symbolic indication of a characteristic 
peculiarity of the limit of a function in question. Namely, they 
show that the function whose limit we are interested in (as the 
argument x varies in a certain way, i.e., x—+x, of x—+0o) is, 
respectively: 

(1) the product of a function tending to zero by a function 
tending to infinity; 

(2) the difference of two functions simultaneously approaching 
plus infinity; 

(3) a function tending to unity raised to a power which is a 
function tending to infinity; 
; (4) a function tending to infinity raised to a power which tends 
O zero; 

(5) a function tending to zero raised to an infinitesimal power !. 

We shall not dwell on the detailed theoretical analysis of the 
techniques used for evaluating such limits; they all are based on 


the reduction to the two basic cases > or—, and the examples 


below will show the reader how this reduction is performed prac- 
tically. It should only be noted that in Cases (3), (4) and (5) we 
first take the logarithm of the given expression, then find the li- 
mit of that logarithm and, finally, determine from the latter the 
limit of the original function, which is allowable because of the 
continuity of the logarithmic function. 

Examples. (1) The limit A= lim x*inx(n > 0) belongs to the 


x—~O0 
case 0-00. The transformation to the form 


A =lim “4 
x-+>Q 


x" 
reduces it to the case —. Finally, the application of L'Hospi- 


1 The solution of problems of finding limits of the types > ' = , 0-0, o— 
— ©, 1", «2° and 0° is referred to as the evaluation of indeterminate forms. 


14-2280 


210 Ch. IV. Application of Differential Calculus 


tal’s rule results in 





A= lim —~— = lim (—=) =0 
x+> 0— ——- x+0 n 
gitl 
(2) The limit A= lim (— im) corresponds to the case 


> | 
co—oo. On transforming it to the form 


xInx—x-+-] 
OS pet DIE 


we arrive at the case = . Now, using L’Hospital’s rule we finally 
obtain 





(3) Consider the limit A= lim (cos 2)¥ which belongs to the 


case 1°. Taking the joeantthan we reduce if to the limit A,= 
nee 





= lim In (cos oF which can be rewritten as A, = fim - we 
iia: arrive at the case o- L’Hospital’s rule sielite 
-  —tanx ] 
gta Ix 


I 
whence, since A,=Inlim (cosx)** =InA, we find Ame4t1=e ?= 
x—~>D 


Ve. | 
(4) The limit A= lim (cot x)= belongs to the type oo° and its 


computation is reducible to the limit A,= Jim In(cot x)!"*. The 





; - Incotx 
latter car be written as A,= lim rE: (the case =) .On apply- 


ing L’Hospital’s rule we find 
] 
~~ cot x sin? x 


= lim sszeinz= — | 


A,= lim 
i 
P > 0 COS X SINX 


x 
whence A =e4:=e7?=— 
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(5) Now let us determine A= lim x*(the case 0°). Here we take 
x0 
the limit A, = lim In x*. On transforming it we obtain 
xr—~Q0 
A,= limxInx=0 
x—+0 


(see Example ! for n=1) and thus find A=e4'=e°= I. 

64. Asymptotes of Curves. When studying the behaviour of a 
function as its argument tends to plus or minus infinity we deal 
with the branches of its graph receding to infinity. Such branches 
are also encountered when we investigate a function in the vici- 
nity of its infinite discontinuity (see Sec. 33). The determination 
of infinite branches of the graph of a function is needed for a 
correct and more complete representation of the graph as a whole, 
that is, for describing the behaviour of the function throughout 
its domain of definition. 

We shall approach this problem from a geometrical point of 
view and introduce, in this connection, the general definition of 
an asymptote of a curve y 
(some particular types of 
asymptotes were dealt with 
in foregoing sections). Z L r 

Definition. A straight 
line T is called an asymp- 


’ i 

tote of a curve L if the Lr 

distance between the mo- . L L\| (4 
ving point of the curve L 4% & 9 z 


and the line [T tends to 
zero as the distance from 
this point to the origin Bigs e8 
increases indefinitely. 
One should distinguish between vertical and inclined asymptotes. 
(1) Let a curve y= (x) have a vertical asymptote. The equation 
of such an asymptote is of the form x= x,, and hence, according 
to the definition of an asymptote, there must be f(x)—+co for 
x—+x,. Conversely, if x, is a point of infinite (at least, one-sided) 
discontinuity of the function y=f (x) the straight line x =x, ser- 
ves as a vertical asymptote of the graph of the function y=f (x). 


Thus, if lim f(x)==0o the curve y= f(x) has the vertical 
z- xX, 


asymptote x= .x,. 

The concrete disposition of a branch of a curve receding to 
infinity relative to its vertical asymptote x=x, is studied by 
finding out whether f[(x) becomes positively or negatively infinite 
as x approaches x, remaining less than x,, that is from the left, 
or remaining greater than x,, that is from the right. What has 
been said is demonstrated in Fig. 83 where the possible cases are 


14% 
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shown. If may occur that the graph only approaches its asympte‘e 
ae one side. For instance, this is the case for the functios 
y=Inx. 

(2) Let a curve L having an equation y =} (x) possess an inclins2 
asymptote [ with an equation of the form y=ax+b{a+9). By 
the definition of an asymptote, the distance MW, from the point 
M of the curve L to the ZsyT- 
tote [ (see Fig. 84) tends to zo 
as x-+oo. Instead of the distz- 
nce MAN, it is more convenient io 
consider the line segment Af‘, 
that is the difierence between th: 
ordinate of the point M and the! 
of the point WV lying on the straighi 
line [ and having the same 2b: 

cissa as the point M. We have (s¢ 

Fig. 84) MN= as , 1e. MN,= MN cosa, where a is the angie 

between the asymptote and the x-axis, and therefore the distences 
MN, and MN tend to zero simultaneously. 

The ordinate of the point M being equal to the value of the 


function f(x) and that of the point N to the value of the linger 
function ax+-b, we have 


MN =|f (x)—(ax+6)| 
This means that if a curve y=f (x) has an asymptote y=ax+b 


then 
jim [f (x) —(ax+6)J=0 





Fig. 84 





and, conversely, if fhe difference f (x)—(ax-+-b) tends fo zero, as 
x—+00, the straight line y=ax+b is an asymptote of the curve 
x= f (x). 

Thus, the question of the existence and determination of 2 
inclined asymptote of a curve y= (x) reduces to the question of 
the existence and determination of two numbers a and 6 such that 


lim [f (x) —ax—b6b]=0 (*) 


If such numbers exist we have 
f (x) =ax+b+a (x) 


where a(x) is an infinitesimal as x—+oo. On dividing both sides 
of this relation by x and passing to the limit as x—+ oo we obtain 


lim 1G) _ lim (a+ : 5438) 


z+ ct ire 
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a (x) 


Now, since 2_.0 and - — 0, the number a is specified by 


the relation 
f() (**) 
x 


After a has been determined the number 0 is found by computing 
the limit 
lim [f (x)—ax]=b (***) 


It is apparent that, conversely, if the limits (**) and (***) 
exist and the numbers a and b are found the basic condition for 
the existence of an inclined asymptote is fulfilled, and thus, 


If the ratio its) tends to a finite limit @ as x—+0oco and if 


the difference f (x+)—ax has a finite limit & as x —+0o the curve 
y =f (x) possesses the inclined asymptote y==ax +-b. 
In particular, if the function f(x) tends to a finite limit as 
x—oo, that is 
lim f(x) =6 


then, obviously, a=0, and the curve y=f(x) has a horizontal 
asymptote (regarded as a special case of the inclined asymptote) 
parallel to Ox, namely, y=b. If both a and 6 are equal to zero 
the x-axis itself serves as a horizontal asymptote. 

If at least one of these limits does not exist the curve y=f (x) 
has no inclined (including horizontal) asymptotes. 

For example, taking the curve y=x+Inx we find 

Inx 


lim 2!8* _ him (14-54) =1, ie. a=! 


z—-> @ x © 


At the same time, 
lim (x+Inx—1-x)= 00 
and hence there is no inclined asymptote in this case. 

Note that in the latter example we have the asymptotic relation 
x+Inx~x for x—+0o (see Sec. 37). Generally, it follows from 
formula (**) that if a340 then f(x) ~ ax for x—+oo. As we see, 
such an asymptotic relation by far not always guarantees the 
existence of an asymptote y=ax-+5. 

The asymptotic behaviour of a function may be of different 
character when x becomes positively or negatively infinite, and 
therefore the cases x—+-+0o and x—+—oo should be treated 
separately. It may happen that a graph possesses an asymptote 
as x—++-oo and another asymptote-as x—+— oo or only one of 
them. In a particular case the limits (**) and (***) obtained, 
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respectively, for x—++ oo and for x—+—oo may coincide, end 
then both asymptotes merge to form a common straight line. 
On finding an asymptote y=ax-tb we can investigate the sign 
of the expression @ (x) =/ (x)—ax—b for large values of |x] ent 
thus determine the mutual disposition of the branch of the curve 
receding to infinity and its asymptote. If x becomes sufficiently 
large in its absolute value, then, depending on the sign of 
a (x)= f(x)—ax—b, the branch in question lies entirely above 
its asymptote (if a@>0) or below it (if a <0) or intersects it 


infinitely many times (if the sign of a alternates indefinitely). 
Examples. (1) Let Y=s-7- The graph of this function hes 


two vertical asymptotes: s=—1 and x=1. To determine its 
inclined asymptote we compute the limits 





Zz 
x?—] 


=) 





: x 
a= lim = 


x—->D 





=] and b= lim 


—1| = lim 
qr D x= wt 


xe 
x (x?— I) 
Thus, the bisector of the first quadrant y=~x is the only inclined 
asymptote the graph possesses. 

Generally, if a function in question is a rational fraction the 
limits a and & can be looked for as x tends to infinity in an 
arbitrary manner (see Example 5 in Sec. 29). 

(2) Let y=x"e-* (n > 0). The graph has no vertical asymptote. 
Example 9 in Sec. 63, ] shows that lim x«"e~*=0, and, cons- 


Ze t+ Q 
quently, a=0 and b=0O. Thus, the graph has the x-axis as its 
asymptote for x ++ 00. As x+—oo, the graph has no asymptote 
since lim ~2—=oo. On the contrary, the function y=x*e* 


(n >0) has an asymptote as x—+—oo (which is again the x-axis) 
and has no asymptote as x —+-+- 00. 

We can now complete the investigation of the function y=j/xe 
(treated in Secs. 60, III and 62, IV) for its entire domain of 
definition, ie., throughout Ox, by determining its asymptotes for 
xX—+-+-0o and x—+—oo. The above example shows that the x-axis 
is an asymptote of the graph as x—+—oo whereas for x—-+ 0 
there is no asymptote. Therefore, the graph is of the shape depi- 
cited in Fig. 82. 


(3) The curve y= 





sin x 
x 
infinitely many times. Lef the reader construct the graph of this 

function. 
(4) Let us determine the asymptotes of the graph of the function 


° at 
y=x arctanx. Since 4=arctanx tends to as x—++0o and 





has the asymptote y=0 which it cuts 
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to —> as x+— oo we should compute the limits tim (y—F x) 
and lim (y+F«) : 
The application of L’Hospital’s rule results in 
arctanx— + = 
Bin (s—$)= tn Eg, BE 
x x? 
and, similarly, lim (y+$x)=—l. Hence, there are two asymp- 
totes: y=5 x—1 which is approached as x—+-++ co and y =—> x—l 
which is approached as x—+—oo. To represent the whole graph 
more correctly we shall consider the y 
first and second derivatives of the 
given function, 
The first derivative is 
ee x 
gy =arclanx-+ 739 
Both terms on the right are positive > 
for x >0, and, consequently, y’ >0, 
and the function increases on the z 


interval (0, oo). For x < 0 these terms 
are both negative, i.e. y’ <0, and the Fig. 85 
function decreases on the interval 
(—oo, 0) (the latter result is also implied by the fact that the 
function is even). Thus, x=0O is a point of minimum, the value of 
the function at this point being y,_,=0. 

The second derivative 

n ! 1— x? 2 


Y= Tee pep ay 


is everywhere positive, which means that the graph is concave at 
all its points. These considerations lead to the schematic graph 
of the function y=xarctanx shown in Fig. 85.? 

For sufficiently large values of | ”| the function xarctanx can 
be approximately replaced by linear functions (as we say, can be 
linearized): 


xarctanxe>x—l for x > 0 


2 We leave it to the reader to check that the graph does not intersect Its 
asymptotes. 
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and 


xarctanx w— > x—1 forx<0 


65. General Scheme for the Investigation of the Graph of a 
Function. Let us now elaborate a general scheme convenient for 
studying functions and curves. 

For a given function y=f(x) this scheme reduces to four sta- 
ges at which we determine, in succession, the following elements 
of the behaviour of the function: 

I. (1) The domain of definition of the function. 

(2) Its points of discontinuity and intervals of continuity. 

(3) The behaviour of the function in the vicinity of the 
points of discontinuity and its vertical asymptotes. 

(4) The points at which the graph cuts the axes of coor- 
dinates. 

(5) The character of symmetry of the graph, that is whether 
the function is even or odd (or neither). 

(6) The periodicity of the graph. 

Ii. The intervals of monotonicity of the function and the points 
of extremum together with the extremal values of the function. 

Ili. The intervals of convexity and concavity and the poihts 
of inflection. 

1V. The behaviour of the function at infinity and its Inclined 
(and, in particular, horizontal) asymptotes. 

At the first stage we give a general description of the peculia- 
rities of the function and of its graph. In this investigation one 
should bear in mind the essence of the problem leading to the 
function under consideration. For instance, if may turn out thal 
it is allowable to take a narrower interval of varfation of the 
independent variable than the domain of definition of the fun- 
ction. It is sometimes convenient to realize the fourth stage 
simultaneously with the first one at which the general character 
of the behaviour of the function is studied. 

It sometimes suffices to give a verbal description of the chara- 
cteristic elements of the behaviour of the function, but a more 
precise specification taking into account all the peculiarities is 
obtained more economically and visually if the functional rela- 
tionship is represented graphically. Therefore, in the realization 
of these stages tt is advisable to accompany it by a gradual con- 
struction of the graph of the function. First of all, one should 
mark on the axis of abscissas the characteristic points which are 
the points of discontinuity, the zeros, the points of extremum and 
the abscissas of the points of inflection. The points of the graph 
corresponding to these values of the argument are plotted in the 
xy-plane. 
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In the intervals between these characteristic points the beha- 
viour of the function does not change sharply and it varies 
gradually, but to specify the course of the variation more preci- 
sely it is advisable to take some ordinary points within these 
intervals, to compute the corresponding values of the function 
and to plot the new points of the graph. The greater the number 
of such intermediate points, the more complete the representation 
of the graph given by the line drawn through all the constructed 
points in the xy-plane. ; 

Examples. (1) Let us investigate the function y= 775: 

I. The function is defined and continuous throughout Ox except 
the point x=—1 at which it has an infinite discontinuity. Con- 


sequently, the straight line x=—1 is a vertical asymptote; 
furthermore, 

lim y=—oo and lim y=-+0o 

X—+>-]) X>—! 

x<-l x>-!) 


The only zero of the function is the point x=0. 
II. The first derivative is 
,_ X*42e _ x (x-+2) 
oF y Uap 


It turns into zero for x=O and for x=—2; in the interval 
(—oo, —2) it is positive and in the intervals (—2, —1) and 
(—1, 0) negative (the function is not defined at the point x=—1 
itself) while in the interval (0, oo) it is again positive. Conse- 
quently, the function increases in the first interval, decreases in 
the second and third intervals and increases in the fourth inter- 
val; x=—2 is a point of maximum, the maximum value of the 
function being —4; the point x=0 is a point of minimum, and 
the minimum value of the function is equal to zero. 
III. Now we find the second derivative: 








2 
Y= Ta 


It does not turn into zero anywhere out changes sign from (—) 
to (+) as x passes through the point x=—1. Thus, the second 
derivative is negative in the interval (—oo, —1) and positive 
in the interval (—1, oo). In the former interval the graph of the 
function is convex and in the latter concave. | 
IV. Since 
: y 4; x 
ae ia 
and 
j me ee ak ee ee 
at 


xe~> @ 
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there exists an inclined asymptote: y=x—1. The difference 
f l 
eWay e— lt; 


being positive for x>—lI and negative for x < —1, the graph 
lies above the asymptote y=x—1 on the right of the straight 
line aa and below the asymptote on the left of the line 
x=—l. 

If we put, approximately, 


Y= Ty YX 


the absolute error is a=| po | and the relative error is fae. 


For |x|> 10 the relative error does not exceed 1%. Thus, for 
{x} > 10 the function Y=TTy can be practically replaced by the 
linear function y=x—1, which simpli- 
fies the problem. 

Finally, taking into account the 
results obtained we readily construct 
the graph (see Fig. 86) providing a cor- 
rect description of the character of va- 
riation of the function throughout Ox. 
The application of the methods of ana- 
lytic geometry shows that the curve 
Y=i45 is a hyperbola. si 

(2) Let us study thefunctiony=e ! 

I. The domain of definition and the 
interval of continuity coincide with Ox. 

Since y> 0 for all the values of x, 

Fig. 86 the entire graph lies above the axis of 
abscissas. The function is even, and 
its graph is symmetric about Oy. 

As x-—+oo the function tends to zero, and therefore the axis 
of abscissas is a horizontal asymptote. 

II. The first derivative is y’=—xe *. In the interval (—oo, 0) 
it is greater than zero, and the function increases, while in the 
interval (0, oo) the derivative is less than zero, and the function 
decreases. At the point x=0 there is a maximum, the maximum 
value ¥,.,= 1 being the greatest value of the function. 

The information obtained is sufficient for constructing schema- 
tically the graph of the function, which immediately shows that 
there are points of inflection. We are going to find them now. 
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x! 

III. Let us compute the second derivative: y"=e ? (x?—1). 
The roots of the equation y”=0 are the points x=+-1. The sign 
of the second derivative is completely specified by that of the 
second factor entering into its expression: the derivative is posi- 
tive in the intervals (—oo, —1) and (1, oo) and negative in the 
interval (—1, 1). Hence, in the first two intervals the graph of 





Fig. 87 


the function is concave and in the third interval (lying between 
them) it is convex, x=-+1 being the points of inflection. The 
value of the function at the points of inflection coincide and are 
equal to yy-+, =e7%® ~ 0.6065. 

The final sketch of the graph is given in Fig. 87. The function 
considered in this example plays an important role in the theory 
of probability. 
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66. Differential of Arc Length. Let us begin with the well- 
known notion of the circumference of a circle; by definition, it 
is equal to the limit of the perimeter of the regular inscribed 
polygon of the circle as the number 
of its sides increases indefinitely. The 
arc length of any other curve is 
defined analogously: 

The arc length is the limit (pro- 
vided it exists) fo which the length 
of the polygonal line inscribed in the 
arc tends as its segments are refined 
indefinitely. 

In the integral calculus we shall 
show that if a given function y =f (x) 
and its derivative f’(x) are conti- Fig. 88 
nuous in a closed interval [a, 6] the 
above limit exists for the arc AB (see Fig. 88) corresponding to 
that interval, i.e. this arc has length. From the definition it of 


course follows that any arc AM where M€AB also has length. 
The length of the arc AM depends on the location of the point M 
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and is a function of the abscissa x of this point which we thei 
Gencte by s(x): 


AM =s(x) 


The problem of practical computation of the arc length, the! i: 

of the function s(x), corresponding to a given equation y=} fx: 

will be considered in Sec. 102. Here we shall confine ourselves 

to finding the differential of this function referred to <3 th: 
differential (or element) of arc length. Since 

ds=s' (x) dx 

if is convenient to begin with the determination of fhe cecive- 

tive of the function s(x), that is of the limit of the ratio ci tk 

Jength of the arc MM’, corresponding to the interval (x, x~ Axl, 

to Ax: 

. ds 9. ARI 

Ss (xj === lim 

A)=F oy 

It is assumed that both the function f(x) and its first derive- 

tive f'{x) are continuous, which guarantees the absence of corn 

points and cusps on the are AB oj ihe line y=j(x). A curve ci 

that kind is said to be smooth. Now we assume without pro? 

the following geometrical fact: the limit of the ratio of the arc 

length of a smooth curve to the length of its chord as the we 


(*) 





sin% 4 


studied in Sec. 30. 

On the basis of the properties of equivalent infinilesimels (se 
Sec. 35, II}, the are MM’ in the limit (*) can be replaced by 
the chord MM’ =V Ax? = Ay* equivalent to it 2s infinitesimel. 
Therefore, 

dz 


; VY Ax?— Ay P ; { Sy*? x 
—= lim ee ge lim Tt} = =} [—+y 
cx LAr —~»G EZX—~ 0 Ax 
whence 


ds=)V 1~+y"dx. 
On transforming this expression we arrive at the following simple 
formula jor the diferential of arc Jength which cen be easily 
memorized: 
ds=V dr + dy? 
It now follows that 
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the differential of arc length is equal to the length of the cor- 
responding segment of the tangent line at the initial point of the 
arc (see the segment M7 in Fig. 88). se 

Observe, that, although the length of the chord MM’ and that 
of the segment of the tangent MT are both equivalent to the 
infinitesimal arc length MM’, the segment M7 is proportional 
to dx whereas the segment MM’ is not, and therefore the diffe- 
rential of arc length is the length of the segment of the tangent 
to the arc but not the length of the chord subtending that arc. 

67. Curvature. 

I. The first derivative f' (x) of a function f(x) is a simple 
characteristic of the curve y=f (x) specifying its direction (more 
precisely, the direction of its 
tangent). It turns out that the 
second derivative f” (x) is closely 
related to another quantitative 
characteristic of the curve known 
as its curvature which characte- 
rizes the degree of the “bending” 
of the curve. 

In what follows we always Fig. 89 
assume that the functions we 
deal with and its derivatives f’(x) and /"(x) are continuous. 

Consider an arc M,M, (Fig. 89). The angle (measured in ra- 
dians) between the tangents drawn at the end points M, and M, 
of the arc M,M, is termed the angle of contingence of that arc. 

The angle of contingence @ characterizes, to a certain extent, 
how the arc M,M, bends since it is the angle through which the 
tangent turns as the point of tangency moves from the initial 
point M, of the arc to the terminal point M,; the greater the 
angle of contingence, the greater the bending of the arc. At the 
same time, an angle of contingence of a given magnitude may 
characterize two arcs whose degrees of bending are essentially 
different. For instance, in Fig. 89, / the angle of contingence 
corresponds to the greater arc (whose bending is less) while in 
Fig. 89, // it corresponds to the smaller arc (whose bending is 
greater). Therefore, in order to characterize properly the degree 
of the bending of a curve it is natural to relate the angle of 
contingence to unit arc length. 

Definition. The ratio of the angle of contingence of an arc to 
its length is called the average curvature of that arc: 


K~= mm 
On the other hand, for different parts of one and the same arc 
the average curvature may be different, and to avoid the ambi- 
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guity and obtain a more precise characteristic of the bending of 
the arc we introduce the notion of the curvature at a given 
point M, proceeding from the fact that, the smaller the arc M,M,, 
the more precise the quantitative characteristic of the bending 
of the arc in the vicinity of the point M, given by the average 
curvature: 

Definition. The curvature K of a curve at its point M, is the 
limit (provided it exists) of the average curvature K,, of the arc 
M,M, as the terminal point of the arc M, tends to its initlal 
point M,: 

= == | on ee 
J a Koc in M, MoM, 

In particular, for a circle of radius r we obtain (see Fig. 90): 

I 

~ MoM, =? 6 
Thus, the average curvature of a circle is constant, and hence its 
curvature is also constant at each point and is the reciprocal of 
its radius. This is completely coherent with our intuitive know- 
ledge of the character of the 
bending of a circle. 





Fig. 90 


Let us proceed to find the expression for the curvature of a line 
specified by an equation y=f(x) in Cartesian coordinates (the 
corresponding construction is shown in Fig. 91). On the given 
curve we take the points M and M’ whose abscissas are, dale 
vely, x and x-+Ax, and denote by @ and a-+-Aa the angles of 
inclination of the tangents at the points M and M’ to the axis 
of abscissas, the arc length of MM’ being As. Since the angle of 
contingence g of the arc MM’ is equal to | Aa],? we have 

Aa 
_ | Ax 
~ | As 

“Ax 

1 We have Aaw> 0 for a concave arc and Aa <0 for a convex arc, That \s 
why we write p=| Ac]. 


Aa 
Koo= |e 
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The condition M'’—+M is equivalent to Ax—-0, and therefore 


da} | da 
‘ dx dx 
K= lim K = | — | = | ———_ 
ar+o ~~ | os Vi+y" 


(see Sec. 66). From the equality tana=y’ we obtaina=arctany’, 
whence 


da __y" 


dx t-+y' 





and, consequently, 











(i+y)V tty” (Lt y’2)"/s 


Formula (*) specifies the curvature as a function of the abscissa 
of the moving point of the curve. If the curve is represented by 
parametric equations x=q@(t), y=/(¢) we have (see Sec. 54, III) 


» f° (th p’ ()—f’ 0) g" (¢) 
eas 7) aa 





whence 
K= | Poe’ O-ProOrw 
[e+ fF? (yy 


or, in the contracted notation, 


yx’ — yx" (**) 
(x'Fy"tyfs | 


Formula (**) expresses the curvature as a function of the value 
of the parameter ¢ corresponding to the variable point of the 
curve. If f= x formula (**) turns into (*). 

The curvatures of a circle and of a straight line are constant; 
as follows from formula (*), the curvature of a straight line is 
equal to zero, which is coherent with the intuitive idea that 
the straight line does not bend. In the general case, the curva- 
ture of a line varies from point to point. ; 

Example. Let us determine the curvature of the parabola y= x* 
at its variable point. We have y-=2x and y°=2, which yields 


2 , 
K = Wipe In particular, the curvature of the parabola at 
its vertex is equal to 2. 


Il. Radius, centre and circle of curvature. Evolute and evolvent. 
Let us draw the normal to the line L (shown in Fig. 91) at the 
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point M (in the direction of its concavity) and lay off from the 
point M the line segment MN =p along this normal where p is 
the reciprocal of the curvature K: 


PK 


Definition. The line segment MN is termed the radius of 
curvature, the point N is the centre of curvature and the 
circle of radius MN with centre at the point N is called the circle 
of curvature of the line L at its point M. 

The curvature of the circle of curvature obviously coincides 
with that of the given line at the point M. 

For the radius of curvature we obtain the formula 


= ote 
=| y 


The radius of curvature like the curvature itself serves as the 
measure of the bending of the given curve: the smaller the radius 
of curvature at the given point, the greater the bending of the 
curve at that point. For a straight line we assume, conditionally, 
that at every point its radius of curvature is infinite; the same 
refers to any point of a curve at which the curvature turns into 
zero. Later on we shall elucidate the role of the radius of cur- 
vature of a line in the investigation of a curvilinear motion in 
mechanics (see Sec. 71). 

It can be shown that if an infinitesimal arc of a curve is replaced, 
in the vicinity of a given point, by the corresponding arc of 
its circle of curvature there appears an error of a higher order 
of smallness than that in the replacement of the arc by the cor- 
responding segment of its tangent line. Thus, the arc of the circle 
of curvature is a better approximation to a small arc of acurve 
than the segment of its tangent. 

With each point M of a curve L there is associated the centre 
of curvature N corresponding to the point M. 

Definition. The focus of the centres of curvature L’ of a given 
curve L is called its evolute, the curve LZ itself being called the 
evolvent of its evolute L’. 

Below we present without proof some techniques for an approxi- 
mate construction of the evolufe of a given evolvent and of the 
evolvent of a given evolute. 

(1) Every normal to the evolvent is a tangent to the evolute 
at the corresponding centre of curvature; this means that the 
evolute envelopes the whole family of normals to the evolvent, 
and hence, to construct, approximately, the evolvent it is suff- 
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cient to draw a large number of normals to the evolvent L 
and to draw the envelope of these lines which thus is the 
evolute L’ (see Fig. 92). 

(2) If a flexible unstretchable taut 
thread is wound off from the contour of 
a given convex line L’ (serving as an 
evolute) the end of the thread (and, 
generally, its every fixed point) descri- 
bes anevolvent (see the line L in Fig. 
92). (The evolvent is also termed 
the involute). Winding off a taut 
thread is equivalent to rolling a 
straight line (without sliding) upon Fig 92 
the given curve L’: every fixed point 
of this straight line describes an evolvent L of the curve L’. It 
follows that a given evolute L’ possesses an infinitude of evolvents 
L. At the same time a given curve regarded as an evolvent has a 
single evolute. 
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68. Space Curves. As was shown in Sec. 46, a curve lying in 
the xy-plane can be specified by parametric equations x= <x (f), 
y=y(t). Analogously, a space curve can be represented paramet- 
rically by means of equations 


x=x(t), y=ylt), z=2(?) (*) 


As the parameter ¢ varies, the moving point M(x, gy, z) whose 
coordinates are specified by formulas (*) describes a curve. 
If all the three equations (*) are linear, that is, 


x=mt+ta, y=nt+b, z=pt+c 


we obtain parametric equations of a straight line well known from 
analytic geometry. On eliminating the parameter ¢ we arrive at 
canonical equations of the straight line: 


m n p: 


The tangent line to a space curve at its point M is defined as 
in the case of a plane curve, that is, as the limiting position of 
the secant passing through the point M and another point M’ of 
that curve placed closely to the former on condition that the point 
M’ tends to the given point M (see Sec. 40). 


1 Jn §5 it is supposed that the reader is familiar with fundamentals of 
linear algebra and solid analytic geometry. 


15—2280 
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Let us derive canonical equations of the tangent to a curve, 
specified by parametric equation (*), at its point M,(x,, %, 2) 
corresponding to a value f=1f, of the parameter. We shall assume 
that each of the functions (*) possesses a derivative for {={, and 
that these derivatives do not vanish simultaneously. 

The equations of the secant passing through the points 


Mo (Xo, Yo. 2.) and M’ (x,+Ax, y,+Ay, z,+Az) 
can be written in the form 


“Ax ~ Ay bz 
On dividing all the denominators by the corresponding increment 
At of the a and passing to the limit as Af —0 we receive 
the desired equations 


xX—~Xg Y— Yo 2—Zo (* *) 


x'(fo) (le) (bo) 


where x,=x(f,), Yory(t,), and z,~=z(t,). As has already been 
mentioned, it is supposed that at least one of the derivatives x’ (!,), 
y’ (t,) and z’ (t,) is different from zero. If this condition is violated 
the point (%), Yo, Zp) is called a singular point of the curve; we 
shall not treat such points. 

A straight line perpendicular to fhe tangent and passing through 
the point of tangency M,(x,, Yo 2.) is called, as in the case of 
a plane curve, a normal to the given curve at that point. It is 
obvious that, in contrast to a plane curve (whose tangents and 
normals are lying in the given plane), a space curve has an inf- 
nitude of normals at its every point; all the normals at a given 
point Jie in a common plane passing through that point of tan- 
gency perpendicularly to the tangent line. 

Definition. The plane perpendicular to the tangent line fo a given 
curve at a given point of tangency is called the normal plane 
of the curve at that point. 

According to the well-known perpendicularity condition of ana- 
lytic geometry, the equation of the normal plane as plane perpen- 
dicular to the straight line (**) and passing through the point 
M,(%: Yo, 25) is written as 


x’ (to) (Xx —~ Xo) +9" (fo) (Y—Yo) £2’ (f-) (Z—2) =0 
Example. Let a curve be specified by the equations 





x=@—I1, y=+42, z=3t—l 


It is required to form equations of the tangent line and of the 
normal plane of this curve at the point M,(0, 3, 2) corresponding 
to the value ¢=1 of the parameter. We have xj,=2, yy), =2 
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and 2;.,;==3, and hence, the equations of the tangent are 
SiR lasek Pe 


while the equation of the normal plane is 
2x -4+2y+3z—12=0 


For our further aims we need the differentiation formula for the 
arc length of a space curve specified by equations (*). It is comp- 
letely analogous to the corresponding formula for a plane curve 
(see Sec. 66). As before, we shall deal with smooth curves for 
which the functions (*) possess continuous derivatives not vanishing 
simultaneously. For such a curve the ratio of the length As of the 
arc contained between the points M(x, y, z) and M’'(x+ Ax, 
y+Ay, z+Az) to the length of the chord joining these points 
tends to unity as the point M’ approaches the point M. The 


length of the chord being YAx? + Ay?+ Az?, we can write 
si a eg 
Vary dy? p ae 
On dividing the numerator and the denominator by the increment 
At of the parameter corresponding to the increments Ax, Ay, Az 
of the coordinates we receive 
As 
At 


—————_—_———————————————— — | 

Ax \2 Ay \2 Az \2 
V (a) + (a) + (a) 

Now, passing to the limit as At—+0, we obtain 
ds 
ges En se 
that is, 
ds=Vietpy"42%dt or ds=Vdet+dy?+ dz 


As was shown above the direction vector T of the tangent line 
to the curve at the point M has the projections {x’, y’, z’}, where, 
for the sake of brevity, x’ designates x’(¢) etc. The direction 
cosines of the vector T are 


x' ? 


y 
COS 6 FO, 7, cos B = ———— 7, 
V x” +y" +2’ V x” y?+2" 
Vy xP yt 2" 


15* 
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Using the formula for the differential of arc length we can restilz 

the formulas for the direction cosines in the form 
x d d 
cosa ==, cosp=—2, cos p= 

69. Circular Helix. As an example of a space curve let us cor. 
sider a line specified by the following kinematic conditions: a point 
M is in a uniform motion with constant velocity vo, in a circls 
of radius a while the circle itself undergoss < 
uniform parallel displacement in the direction pe:- 
pendicular to its plane with constant velocity g,. [n 
this motion the point M describes a curve lying 
entirely on the corresponding circular cylinder 
(Fig. 93). This curve is known as a screw line o7 
a cylindrical (or circular) helix. If the point 4, 
when watched from the direction in which the circle 
is translated, is seen as rotating counterclockwis 
(clockwise), the curve is called a right-hand (lejf- 
hand) screw line. 

Let us derive the equation of the screw line oa 
condition that Oz is the axis of the cylinder, the 
parallel displacement is in the positive direction 
along Oz and the parameter ¢ is the time of motion, the point 
M being in the position (a, 0, 0) af the initial time moment f=0. 

The angular velocity of the rotary motion of the point A being 


equal to —!, the abscissa and the ordinate of M at the time moment 





. u - O ° 
t are, respectively, x=acos—-¢ and y=asin-—t. The z-coordinale 


of the point M is equal to the altitude of the point above the 
xy-plane at time moment f/f, 1.e., z=v,f. If, in place of time f, 
we take as the parameter the polar angle of the point P (which 
is the projection of the point M on the plane Oxy) then, since 


g=—+t, the equations of the screw line can be written in the form 
*%=a cosg, Y=a sing, z=cq@P where c=—a>0 
1 


These equations specify a right-hand helix; the equations of a leit- 
hand helix only differ from the above in the minus sign in the 
coefficient c. 

After the angle » is given an increment of 22 the point M returns 
to the original generator of the cylinder, the distance travelled 
along Oz being equal to h=2zc. The latter quantity is called the 


lead or the pitch of the helix. Substituting c=z into the equations 
we arrive at the following form of parametric representation of 
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the helix, involving the pitch, convenient for practical purposes: 


xX=acosg@, y=asing, z= a 
Here both coefficients of the equations (a and h) have a simple 
geometrical meaning (see above). 
A screw line possesses a number of interesting properties. We 
shall indicate two of them: 
(1) The equation of the tangent to the screw line at a point 
M, (Xo Yo: 2,) iS written as 
X—*o_ _ YT Ho __ 2% 
—ASiINGgo ACOSDPo h 
Qn 
where g, is the value of the angle m corresponding to the point M,. 
It follows that 
h h 
39S SSS = 


mar (Ly Vem 





‘which means that the cosine of the angle y between the tangent 
and the z-axis, and therefore the angle y itself, retain constant 
values at all the points of the screw line. The generators of the 
cylinder being parallel to Oz, the screw line intersects the generators 
of the cylinder at a constant angle dependent solely on the radius 
of the cylinder and on the pitch of the screw line. 





Fig. 94 


(2) Let us fix a generator of the cylinder (on which the given 
screw line lies) in a plane passing through it and then develop 
(roll out) the cylinder upon that plane confining ourselves to a portion 
of the cylinder with height equal to the pitch of the screw line 
(such a portion contains one “coil” of the screw Jine; see Fig. 94). 
Under this transformation the base of the cylinder and its cross- 
sections parallel to the base go into parallel line segments of length 
2na while the generators go into the segments of length fA perpen- 
dicular to the former segments. The development of the cylinder 
changing neither the angles between the lines lying on it nor the 
lengths of the lines, the screw line itself must go into a line 
intersecting the parallel line segments in the plane at a constant 
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angle. Such a line in the plane being only a straight line, +: 
conclude that in the construction performed the screw line is trent 
formed into the diagonal of the rectangle with sides 22a and f. 
Fig. 94 demonstrates visually the above determined value of itz 
cosine of the angle +; at which the screw line intersects the gezz- 
rators of the cylinder. 

Let us take two arbitrary points M, and M, on the part of tf: 
screw line we have considered. The length of the arc of the screx 
line joining these points is equal to the length of the line segment 
M; My, into which this arc goes as the cylinder is rolled out on tke 
plane. Thus, a screw line is a curve of shortest length between tn 
points of a cylinder. 

A curve on an arbitrary suriace through two its points having 
the shortest possible length compared with all the other curse 
connecting these points and lying on the surface is called a gecdesic 
of that surface. For instance, the geodesics of a plane are the 
straight lines in that plane, and for a sphere the geodesics are the 
arcs of its great circles. Our investigation shows that a geodesic 
of a right circular cylinder is a screw line. 

70. Vector Function of a Scalar Argument. 

I. Vector function. Hodograph. It is known from vector algebrz 
that any vector A whose projections on the coordinate axes ere 
equal to x, y and z can be written in the form of the resolutica 
along the coordinate axes 


A=xi+yj+zk 


where i, j and k are unit vectors of the coordinate axes. If the 
projections x, y, z are constant numbers we say that the vector A 
is constant. Now suppose that the projections of a vector are func- 
tions of a parameter ¢ varying within a given interval: 


z=x(t), y=yl(t), z=2(f) 


Then we say that the vector A itself is variable: to each yalue fc! 
the parameter there corresponds a definite (vectorial) value of A: 


A(f)=x(@)it+y@jitz@)k 


Definition. If to each value of a parameter ¢ varying ina given 
interval there corresponds a definite vector A (£) we call A (#) a vector 
function of the scalar argument t. 

As in vector algebra, we deal with free vectors; this means thet 
two vectors having equal moduli and going in one direction or, 
which is the same, having equal projections on the coordinate axes, 
ate identified and regarded as equal. 

It is convenient to place the point of application of the given 
yector A(f) at the origin; then, as ¢ varies, the terminus of the 
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vector A(t) (having the coordinates x (f), y(t), 2(t)) traces a curve 
L for which the relations 


x=x(t), y=y(t), z2=2 (2) 


serve as parametric equations. 

The vector A(?) being nothing but the radius vector r of the 
moving point M of the curve L, we can specify this curve by means 
of the single vector equation 


r=x()ity@i+z(k 


Definition. The curve Z described by the terminus of a variable 
vector A(f) issued from the origin is called the Aodograph of the 
vector function r= A(f). 

The origin is then called the pole of the hodograph. 

If the vector A(¢) possesses a variable modulus while its direction 
remains unchanged its hodograph is a ray issued from the pole or 
a segment of such a ray. If the modulus of the vector is constant 
(| A (¢) |= const) while its direction may vary the hodograph is a curve 
lying on the sphere with centre at the pole of the hodograph and 
radius equal to the modulus of the vector A (f). 

Vector functions of a scalar argument are most often encountered 
in kinematics when the motion of a material point is studied. The 
radius vector of a moving point is a function of time: r=A (f); 
its hodograph is the trajectory of motion, and the equation r =A (f) 
is the equation of motion (see Sec. 71). 

II. The limit and the continuity of a vector function. The basic 
notions of mathematical analysis are defined for vector functions 
A(f) of a scalar argument by analogy with scalar functions. 

Definition. A vector B is said to be the limit of a vector 
function A(t) as f— f,, which is written as 


lim A (¢)==B 
b> fy 


if for all the values of # lying sufficiently close to ¢, the modulus 
of the difference of the vectors |A(#)—B| becomes arbitrarily 
small. 


I A(t¥=x()ity(t)j+z@)k and B=ai+bj-+ck then 
[A (t)—B|=YV [x (¢)—a]* + [y ¢) —b}? + [2 ¢)—c}? 


It is clear that the condition that |A(#)—B| tends to zero as 
t—+t, implies x(¢#)—+a, y(f)—+6, z(t)—»+c. The converse, obvio- 
usly, is also true. Thus, we can briefly state that the projections 
of the limit of a vector function A(t) are equal to the limits of 
its projections, 
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Definition. A vector function A(f) is said to be continuous for 
a given value ¢ of the parameter if it is defined in a neighbour. 
hood of the point ¢ and if 


lim [A (£-+- At)—A(f)|[= lim |AA(f)|=0 
At + 6 Af + 0 


The geometrical meaning of the difference AA(f) is clearly 
demonstrated in Fig. 95: in Fig. 95a it is equal to the vector 





MM’ and in Fig. 955 to the vector MM”. Let the resolution of 
the vector A(f) into components along the coordinate axes be 


A()=x (ity ()i+z27Mk (*) 
Then 
A(¢+At)=x(¢+Athity(¢+Aitz(€+Afk 
and, according to the rules of vector algebra, 
AA (t) =A (f+ At) —A (¢) = Axi + Ayj + Azk (**) 
where Ax=x(t+At)—x/(t), etc. Since 
[AA (f){=YV Ax? + Ay? + Az? 


the condition [AA (#)|—+0 implies that Ax—0, Ay—0, Az—0. 
The converse is also obvious: if Ax, Ay, Az tend to zero then 
| AA (¢)] tends to zero as well. This means that the continuity of 
a vector function A(t) is equivalent to the continuity of its pro- 
jections x(t), y(t), z(t). It is evident that the hodograph of a 
continuous vecior function r=A (t) is a continuous curve. In what 
follows we shall additionally suppose that this curve has a tangent 
at its every point (see Sec. 68). 
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III. The derivative of a vector function. To state the definition 
of the derivative of a vector function A(t) with respect to its 
scalar argument ¢ we form the ratio 


AA (t) _A(t--At)—A(?) 
Apo AR 


Geometrically, this ratio is represented by a vector going in the 
direction corresponding to the increase of ¢ (this direction is indi- 
cated by the arrow in Fig. 95). For, if Af >0, the direction of 


the vector “AO = M Q’ coincides with that of the vector AA (¢) = 


= MM", which means that it goes along the direction of the hodo- 
graph corresponding to the increase of the parameter ¢. If At <0, 
the vector AA(t)=MM” is in the opposite direction, and, on 
dividing by the negative number Af, we obtain the vector MQ’ 
which is again in the direction of the increase of f. 


Now we proceed to consider the limit of the ratio “A as 


At—+0. 
Definition. Tke derivative of a vector function A(t) is the 
limit (provided it exists) 


AA (f)__ ar _ 4A (ft) 
Fv ae (ae 


By the definition of the limit (see IT), the derivative of a vector 
function is itself a vector. It is denoted by A’ (?) or ao. As 
for the direction of the vector A‘(¢), observe that (see Fig. 95), 
as At—+0, the point M’ (or M”’) tends to the point M, and the- 


refore the secant MM’ (or MM”) approaches the tangent at the 


point M. Thus, the derivative A’ (t) is the vector MT tangent to 
the hodograph of the vector function A(t) and going in the direc- 
tion corresponding to the increase of the parameter t. 

If the modulus of a vector function A(t) is constant (whereas 
its direction may vary) its derivative A’(¢) is a vector perpendi- 
cular to the vector A(t). Indeed, in this case the hodograph lies 
on a sphere, and therefore the derivative A’(¢) as vector tangent 
to the hodograph is perpendicular to the radius vector A (t). 

Thus, the derivative of a vector of constant modulus is perpen- 
dicular to that vector. 

Now we proceed to the practical determination of the deriva- 
tive A’ (ft) of a given vector function A(?). Let the vector fun- 
ction A(f) be specified by its resolution 


A(@ty=x(HDity(Qj+z2k 
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Then, according to (**), we have 
AA(f) Ax. , Ay, , & 
ar ar tari tae k 


On passing to the limit as Af—+0 and using the rule for finding 
the limit of a vector function we arrive at the resolution of the 
derivative A’(f) along the unit vectors of the coordinate axes: 


A’ (t)=x' (ity Oji+z (Hk 
It follows that 
JA’ (t)}=V x"? (#)+-y'? (f) +27 (8) 


Now, recalling the expression for the differential of arc length 
ds (Sec. 68), we can rewrite the latter equality in the form 


' ds 
[A | =3 


Hence, the modulus of the derivative of a vector function | A’ (t)| 
is equal to the derivative of the arc length of the hodograph with 
respect to the argument t. It should be stressed that the modulus 
of the derivative |A’(¢)| is not equal to the derivative of the 
modulus ([A(¢)|)’. This can be illustrated by the example of 2 
variable vector of constant length: the modulus of such a vector 
is a constant number and its derivative is simply equal to zero 
whereas the derivative of the vector itself is a new vector per- 
pendicular to the former. 

Taking advantage of the expression of the derivative A’(t) we 
can easily show that all the basic differentiation rules for scalar 
junctions are extended almost without any changes to vector 
functions: 

(1) [Ay (4) + A, (4)|’ = Ay (4) + A, (4); 

(2) [FAO =P QAM -+F (DA 
where f(f) is a scalar function; in particular, [CA (t)]’=CA’(t) 
where C is a constant scalar. 

The differentiation rules for the scalar and vector products 
A, (t)-A, (¢) and Aj (t)xAj(f) of two vector functions A, (t) and 
A,(/) are also completely analogous to the corresponding rules 
for the product of scalar functions: 


(3) [A, (#)-A, (¢)]’ =A, (¢)-A, (4) + A, (2)-A: (4); 
(4) [A, (t) XA, (4)]’ =[A; (f) XA, (2) -+ [Ai (4) XA; (4). 
(In Rule 4 it is important to retain the order of the vectorial 


factors.) 
The proof of all these rules is left to the reader. 
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By means of successive differentiations we readily find the de- 
rivatives of higher orders of a vector function. For example, 


A” (t)=x" (t)i-Ly” (t)j+2" (tk 
and so on. 

71*, Applications to Mechanics. Differentiation of vector fun- 
ctions of a scalar argument (see the foregoing section) has an 
important application to particle mechanics in the investigation 
of the velocity and of the acceleration of a curvilinear motion of 
a point. (In Secs. 38, I and 54, I we considered the problem of 
determining the velocity and the acceleration of a rectilinear 
motion of a point.) 

Let ¢ be time of motion, and let the hodograph of a vector 
function r=A(?f) be the trajectory of a moving point M. We 
shall denote by s the distance from a fixed initial point of the 
trajectory to the moving point M reckoned along the trajectory 
and taken with the sign -+- or — depending on whether the 
point M is moved from the initial position in the positive or 
negative direction chosen (in an arbitrary way) along the tra- 
jectory. The location of the point M on the trajectory is then 
completely specified by the magnitude s which is a curvilinear 
coordinate of the point M. The equation s=s(¢) expresses the 
law of motion along the trajectory. 

By definition, the velocity of the point M at a given time mo- 
Hey! t is the derivative of the vector function r=A(t) with respect 
oO time: 


d ' 
vara A (¢) 


Consequently, the velocity of the moving point is a tangent vector 
to the trajectory at the corresponding point going in the direction 
of motion (that is, in the direction corresponding to the increase 
of f). 

The modulus of the velocity is expressed (see Sec. 70, III) by 
the formula 


Ivi=lA’ O|=3 


that is, it is equal to the derivative of the curvilinear coordinate 
S with respect to time t. : 
S 


If the motion is rectilinear the scalar magnitude — completely 


specifies the velocity. It is this quantity that we called the ve- 
locity of rectilinear motion of a point. 

The vector 
_dv_ dr 


Wai dia 
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is called the acceleration of motion. We-shall transform this expres- 
sion of the acceleration w. To this end, let us denote by 1, unit 
tangent vector to the hodograph (Fig. 96). Then 


vV=|v|-t aoe 

1 df 1 
On differentiating this product (see Rule 2) we obtain 

d’s ds dt 

= ee 

W=Gr 1 of dt 


Now let us consider the derivative a Since t, is a unit 


vector (|t,|=1) its derivative is perpendicular to it, i.e. if goes 
along a normal to the curve (this particular 
normal is called the principal normal of the 
curve). Denoting unit vector of the principal 
normal by v, we can write 


dey _ [dey 
di | dt 

Fig. 96 indicates that |At,] is the length of 
the chord subtending the arc QR=|t,/Ag= 
=Ag of the circle with radius [At,|, Ap being 
a central angle of this circle equal to the angle 
of contingence of the arc MM, of the hodo- 


graph (see Sec. 67). By the equivalence of an infinitesimal arc 
and its chord, we have 
-|% 
dt 


Vy 








Fig. 96 


dey 
dt 








Next we transform the expression of 2 
dp | _|de ds) _ ds x 
di| |ds dt| dt 

dp 


where K=}—-| is the limit of the ratio of the angle of contin- 


gence to the arc length. As in the case of a plane curve, the 

magnitude AK is referred to as the curvature of the space curve 

r=A(t), and its reciprocal p=_ is the radius of curvature’. The 
dt, 





substitution of the expression of —~ into the formula expressing 
the acceleration w yields 
( ) 
d? dt 
= ost + aes 


1 In our course we do not derive the formula for the curvature K of 2 spece 
curve. 


§ 6. Complex Functions of a Real Argument 237 


The first component on the right-hand side w= Sr, is called the 
tangential acceleration, its modulus is equal to the second deri- 
vative of the curvilinear coordinate with respect to time, and its 
direction coincides with that of the tangent to the trajectory of 


ds \* 
, (i) _ ve 
motion. The second component Wy = Vy = = 





v, is called the 


normal (or centripetal) acceleration; it goes along the principal 
normal to the trajectory, its modulus being equal to the square 
of the magnitude of the velocity divided by the radius of cur- 
vature. 

The plane passing through the tangent and the principal nor- 
mal at a given point of a curve is called the osculating plane. 
In the general case, the osculating plane of a space curve varies 
from point to point. For a plane curve the osculating plane is 
common for all its points and coincides with the plane of the 
curve. 

The latter formula for the acceleration shows that the vector w 
always lies in the osculating plane. 

If the motion is rectilinear we have w,=0, and the accelera- 
tion is completely specified by the scalar magnitude =. 

If the motion is uniform, that is if the absolute value of the 


velocity lvj=S is constant, the component w, of the accelera- 
tion turns into zero, and only the centripetal acceleration 


_ IvP 
Wr eae ae 


can be different from zero. In particular, if a point moves uni- 

2 
formly in a circle of radius R, we have p=R and |w,|= alba 
In this case the acceleration w is directed toward the centre of 
the circle (in the general case of an arbitrary curvilinear motion 
the component w, is directed toward the centre of curvature which 
is defined for space curves by analogy with plane curves; the 
above consideration and the latter fact account for the term 
“centripetal acceleration”). 
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72. Complex Numbers. We begin with a brief review of the basic 
properties of complex numbers and the rules for arithmetical ope- 
rations on them which are familiar to the reader from elementary 
mathematics. 
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The number 
Z=xX+1y 
where x and y are any real numbers and i the so-called imagi- 
nary unit (#=—1) is called a complex number, x being its rec! 


part and y the imaginary part. By definition, two complex nuz- 
bers are equal if and only if their real and imaginary parts coiz- 
cide. Thus, the equality 


xy +1yy =X, ly, 
is equivalent to the two equalities 
%,=%*, and 4,=9; 


The equality z=x-+iy=0 is equivalent to the conditions r=0 
and y=0. 

The complex number z=x-+-iy can be represented by 2 point 
in the xy-plane (Fig. 97) whose abscissa is the real part of z and 
ordinate the imaginary part of z. In this representation the ezis 
of abscissas is called the real axis (co: 
the axis of reals) and the axis of ordi- 
nates the imaginary axis (the axis oj 
imaginaries), the plane Oxy itself being 
referred to as the complex plane. The 
representing point of a complex numbé: 
z is referred to as the point z. 

A complex number can also be reger- 

Fig. 97 ded as represented by the vecto: ep- 

plied to the origin with terminus 2 

the representing point of that complex number; the projections 

of this vector on the coordinate axes x and y are, respectively, 

the real and the imaginary parts oi the complex number z. This 

geometrical interpretation of complex numbers as vectors will be 
used in the following section. 

If y=0O the complex number z=x+i0=~» is a real number 
represented by the corresponding point of the real axis; if x=0 
the number z=O+iy=y is called pure imaginary and is repre- 
sented by the point (0, y) lying on the imaginary axis. 

The location of the point representing a complex number z can 
also be specified by the polar coordinates r and q (Fig. 97). In 
this specification the magnitude r=) x?+y* is called the modu- 
lus (or the absolute value) and q the argument of the complex 
mumber z; they are respectively denoted as 


r=|z| and p~=Argz 





The magnitude Argz is defined fo within an integral multiple 
of 27, i.e. 2kn where & is an integer. If the angle ¢ is chosen 
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between the limits —a and =< it is called the principal value 
of the argument and is denofed as arg z. 

ii z=x+iy then x—iy is termed the conjugate complex number 
oi z and is denoted by z. The points z and z are obviously sym- 
metric with respect to the real axis {i.e. to the axis of abscissas). 
lt is apparent that [zj=—|z| and arg|[z|=—— argz. 

Using the transformation formulas from Cartesian coordinates 
io polar coordinates (x=rcos¢, y=rsing) we can represent any 
complex number different irom zero in the so-called trigonometric 
jorm: 

zZ=x+iy=r(cos@+i sino) 

The arithmetical operations on complex numbers are carried out 
according to the following rules: 

(Ql) @. iy) +, $iy,) = (4, +%,) +0 (9, +9) 
that is, the sum of two complex numbers is 2 complex number 
whose real and imaginary paris are, respectively, the sum of the 
real paris and the sum of the imaginary parts of the summands. 


In the geometrical representation this rule corresponds to the 
well-known rule of vector algebra jor the addition of vectors. 

(2) (, + iy,)— (x, +iy,) = (%,—%,)+i (u,—¥,) 
This means that, 2s usual, the subtraction is regarded as an ope- 
ration inverse to the addition, and the relation written here simply 
expresses analytically the ordinary rule for the subtraction of 
vectors. The difierence of two complex numbers z,—z, is repre- 
sented by the vector with origin at the point z, and terminus at 
the point z,. Hence, |z,—z,}] is the length of the line segment 
joining the points z, and z,. 

(3) (4, byy) pF EY.) = Xe Ya) EEE Ye FFs) 
Taking the factors in the trigonometric form we readily derive 
the relation 

r, (cos g, isin G,) 7, (cos @, -+ 7 Sin @,) = 
=r,r, [cos (¢,+ ¢,) + fsin(p, + 9,)] 

Thus, as complex numbers are multiplied, their moduli are also 
multiplied while the arguments are added together. 

This rule is readily extended, in succession, to an arbitrary 
number of factors. If there are n equal factors we obtain the rule 
lor raising a complex number fo the nth power: 


[r (cos ¢ +-i sin g)]”? =r" (cosngp-+i sin ng) 
where n is a positive integer. This result is known as De Moiv- 
re’s formula?. 


1 De Moizre, A. (1657-1754), an English mathematician. 
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The product of a complex number z by its conjugate z isa 
positive real number equal to the square of the modulus of z (the 


moduli of z and z are equal): z2z==(x-biy)(x—iy)=x+y'= 


=|zP=|z]. 
(4) Artin, _ Orb iy) (2 'Ye) XXq + YiY9 ea —XYot Xo; 
Xg+iys (Xe (Ye) (X2—fYe) x+y ae ar a Ly 


on condition that x,-+ iy,540. The division is an operation inverse 
to the multiplication. Taking the dividend and the divisor in 
the trigonometric form we obtain 

r; (cos i sin r ese 

SF EE ar [cos (p, —,) +7 sin (p,—9,)] 
Consequently, as a complex number is divided by another (nonzero) 
complex number, the modulus of the dividend is divided by that of 
the divisor and the argument of the divisor is subtracted from the 
argument of the dividend. 

The analysis of the formulas presented here shows that the rules 
expressed by them can be stated in the general form as 

the arithmetical operations on complex numbers are performed 
according to the ordinary rules for operations on the binomials 
(x-+-iy) after which i? is everywhere replaced by —1. 

The general laws governing the arithmetical operations on real 
numbers and the properties of these operations are extended to 
complex numbers without any changes. It should be noted that 
if all the complex numbers involved in an arithmetical operation 
are replaced by their conjugates the result of the operation is the 
complex conjugate of the former result. Indeed, if the signs of y, 
and y, are changed to the opposite the signs of the right-hand 
sides of all the four formulas (1), (2), (3) and (4) also change. 
This property taking place in each of the four basic arithmetical 
operations, the same applies to its arbitrary combinations. 

73. Definition of a Complex Function. Differentiation. 

I. Suppose that we are given a vector function of a scalar 
argument whose projection on the z-axis is identically equal to 
zero for all the values of the parameter ¢. Then 


A (f)=x(f)i+y(t)j (*) 
and the curve r=A(t) (the hodograph of this function) entirely 
lies in the plane Oxy. In this case it is convenient to consider 
the vector r=xi-++yj as representing geometrically the complex 
number z=x-++-iy and, accordingly, to speak, instead of the vector 
function r(t)=x(f)i+y(t)j, of the complex function z(t)= 
= x(1)+-iy(t) of the real variable ¢.+ 


1 Complex functions of a complex argument are studied in the theory cl 
functions of a complex variable (e.g. see [3], [16], [19]). 
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Definition. If with each value of a real parameter f¢ there is 
associated a definite complex number 


z(t) = x (t) + y (f) (**) 
where x (tf) and y(#) are functions assuming real values, 2 (#) is 
called a complex function of the real argument ¢. 

As a rule, the parameter ¢ ranges within an interval (finite or 
infinite) . 

The hodograph of a complex function z(f)=x(t)+iy(f) is, by 
definition, the curve with parametric equations x=x(t), y=y(f); 
thus, the hodographs of the vector function (*) and of the complex 
function ae coincide. 

The definitions of the limit and of the continuity of a complex 
function of a real argument are completely analogous to the 
corresponding definitions for a vector function, and we leave it to 
the reader to state them. We only note that the continuity of a 
complex function z(f) =x (f) +iy(t) is equivalent to the continuity 
of its real and imaginary parts x(f) and y(t). The hodograph of 
a continuous function z({¢) traced as the parameter ¢ varies from 
t, to t, is a continuous line joining the points z(¢,) and z(f,) in 
the complex plane. 

Examples. (1) For the function 2(f)=f-+ it? (—oo< ft <-+ 00) 
we have x=¢ and y={f?. The hodograph is the parabola y=x?, 
When ¢ varies from —oo to -+ 00 the moving point of the parabola 
traverses it so that the upper (infinite) region bounded by the 
parabola always remains on the left. 

(2) Let us take the function z(#)=cosf+isint (0</< 2n). 
Since |z(/)|=Vcos?t-++sin?f=1, the hodograph of this complex 
function of the parameter ¢ is the circle of radius 1 with centre 
at the origin. As f increases from 0 to 2x the variable point 
describes the circle once in the counterclockwise direction. If the 
parameter ¢ only varied within the interval (0, x] the hodograph 
ae be the upper half-circle with initial point z=I1 and terminal 

oint z=—1]., 

(3) The hodograph of the complex function z(4)=1-+icost 
(0<t<2n) is the line segment parallel to the axis of imagina- 
ries joining the point z,=1+i7 to the point z2,=1—i; as ¢ runs 
through the given interval this line segment is described twice; 
first downward and then upward. 

II. The derivative of a complex function of a real variable. 

The derivative of a complex function z(f) is defined in the 
ordinary way, that is, as the limit of the ratio of the increment 
of the function Az=z(t+At)—z(t) to the increment of the 
independent variable Af: 

2’ (t)= lim of 
At — 0 at 


16—2280 
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In its turn, the derivative 2’ (f) is a complex function of the same 
argument. In the geometrical interpretation, the representing vector 
of the complex number 2’ (f,) is parallel to the tangent line to 
the hodograph of the function z(t) at the point of the hodograph 
corresponding to the value f=, of the parameter. 

Repeating without changes the argument used in the derivation 
of the formula for the derivative of an arbitrary vector function 
of a scalar argument we obtain for a given complex function 
z(f)=x(t)+iy(t) the differentiation formula 

2’ (t) =x" (t)-+ iy’ (t) 

This formula indicates that a complex function z (t) =x (t)+iy(t) 
can be differentiated as an ordinary linear combination in which i 
is regarded as an ordinary constant factor. This simple rule is of 
course justified only after the definitions discussed in this section 
have been introduced. It can also be easily verified that all the 
differentiation rules for real functions are generalized without any 
changes to complex functions. 

In conclusion we note that the product of complex functions is 
computed according to the multiplication rule for complex numbers. 

74, Exponential Function. Euler’s Formulas. In this section we 
state the definition of the exponential function with imaginary 
exponent z=e" and study its properties. This function plays an 
extremely important role both in mathematics and in its applica- 
tions to various applied sciences such as electrical engineering, 
the theory of vibrations and the like. 

Definition. The complex exponential function e" with imagi- 
nary exponent is specified, by definition, by the relation 


e'== cos t+-isint (*) 


where the parameter £ may assume any real values. 

Relation (*) is known as Euler’s formula. 

The justification of this definition (which may at first glance 
seem obscuret) lies in the fact that all the operation rules for 
the ordinary exponential function y=e* (including the differen- 
tiation formula) remain valid for the function e’ thus defined. 

Before checking these rules Jet us dwell on some properties of 
the function e’ directly implied by its definition. From the result 
established in Example 2 of Sec. 73 it follows that the modulus 
of the function e’ is equal to unity; this is also implied by the 
fact that the right-hand side of formula (*) is nothing but the 
trigonometric form of the complex number with modulus equal 
to | and argument equal to ?: 


le“[=1, Arg eff=t 


1 Later on (Chapter XI) we shall arrive at the same definition on the basis 
of some completely different considerations. 
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The hodograph of the function 2=e' is unit circle with centre 
at the origin (see Fig. 98). For ¢=0 we obtain the point z=], 


for t=+ the point z=i, for =x, the point z=—1, etc. Thus, 
Pas Six 
e2=j, e=-—], e2 =—I 


As the parameter ¢ increases from 0 to 2n the variable point 

z=e'f moves in the unit circle counterclockwise and returns to 

the original position z=1 for ¢=2n: 
eet —cos2n+isin2n=1 


If ¢ is given further increase to run from 
2n to 4x the point e again traverses 
the circle and so on. Therefore it be- 
comes clear that the function z=e'' is 
periodic with period T =2n. For, we have 
ef (42) — cos (¢ + 2n) +-i sin (f+ 2n) = 
=cost+isint =e! 


Note that if m is an integer then 
evnm — ] and emtvaa—] 


The basic operation rule for the real 
exponential function states that if x, and x, are two real numbers 
then e*e*s=e*:+*,, Let us check that this rule also remains valid 
in the case of imaginary exponents. Indeed, according to the 
trigonometric form of the multiplication rule for complex fun- 
Ctions, we can write 


efeffy — (cost, +isin?,) (cost, +isin?,)=cos(t,+1t,)+ 
+isin(t,-+4,) =ef +4) 
Where ¢, and f, are any real numbers (positive or negative or zero). 


Euler's formula allows us to write complex numbers in the 
so-called exponential form: if |z|=r and Argz=@ then 





z=r (cos @-+isin g) = re? 
The multiplication rule shows that if z,=r,e’ and z,=r,e’™ then 
212, = refsr eos = ryr,e' (Pi + Qe) 


The product of a complex number z=re‘? by the factor e'@ is 
ze — re'(9+a), The geometrical interpretation of this fact is that 
the multiplication by e@ makes the vector represent ae the complex 
number z rotate about the origin through the angle a. In parti- 

If 
J 


> we see that the multiplication by e tai 


cular, putting @= 


16* 
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results in the rotation of the representing vector of the number z 
through 90° in the counterclockwise direction. 

The natural requirement that the multiplication rule should be 
extended to complex functions leads to the following definition of 
the exponential function with an arbitrary complex exponent a+if 
whose real and imaginary parts @ and 6 are arbitrary real numbers: 


e(a+éB) f  ealetBl — et (cos Bt +- isin Bf) (**) 
This relation implies 
| ete + #8) t) — pat, Arg e+ #8)! — Bf 


For instance, the number e to the power 2+-3i is found thus: 
e?t3f — e? (cos 3+-i sin 3). 

Now we proceed to differentiate the function e“!. The differen: 
tiation rule for complex functions of a real independent variable 
implies 

(ef')’ = —sint-+icost =i (cost--i sin t) =ie’t 


Thus, the complex function et is differentiated as if i were an 
ordinary constant coefficient. 

The geometrical representation of the differentiation of e reduces 
to the rotation of the vector z=e‘ through 90° in the counter- 
clockwise direction. 

Generally, the application of formula (**) shows that 


[ela+7B) t)’ = (a+ if) ela+b)t 
This means that the formula 
(eM)! = eM 


is valid in all cases, that is for any (real or complex) number 4. 
Euler’s formula 
e't—cost+isint 


expresses the exponential function with imaginary exponent in 
terms of the trigonometric functions sine and cosine. Substituting 
—t for ¢ into this formula we obtain 


e-!f —cos(—t)+ (sin (—t) =cost—isint 


This shows that e‘* and e-‘' are two conjugate complex numbers. 
Now we readily express the trigonometric functions cos? and 
sin’ in terms of the exponential functions e’* and e-‘: 


itt pit It eit 
e é ° ei —€ 
cosf= i Te sin f = —> (***) 





The last two relations are also referred to as Euler’s formulas. 
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75, General Properties of Equations. The need for solving equa- 
tions is encountered in various problems both of purely mathe- 
matical and of applied character. For instance, when investigating 
a function y= } (x) we should solve the equations f(x)=0, f’ (x) =0 
and f’{x)=0 in order to determine, respectively, the zeros, the 
points of extremum and the abscissas of the points of inflection 
of the function. These equations by far not always admit of a 
precise solution, and therefore their roots are often found appro- 
ximately. We see that such questions (and many other problems) 
require approximate methods of solving equations. Before procee- 
ding to study them we shall discuss general properties of equations 
some of which are already familiar to the reader. 

I. Algebraic equations. Factorization of polynomials. Given a 
polynomial 

P (x) = gx" +-a,x"-1 +... +4, 
with real or complex coefficients (a,5£0), the equation 
a,x" +a,x"-1+-...+a,=0 (*) 
is referred to as an algebraic equation of the nth degree. 

The fundamental theorem of algebra asserts that any algebraic 
equation of degree n>0O has at least one (real or complex) root. 
But this theorem does not provide any practical means for finding 
the root and only guarantees its existence (the proof of this theorem 
: te beyond the framework of our course and we do not present 
It here). 

On dividing a given polynomial of the nth degree P(x) by an 
arbitrary binomial x—a we obtain a polynomial of the (n—1)th 
degree Q(x) in the quotient and a number R in the remainder. 
This can be written as the identity 


P (x) =(x—-@)Q(x)+R 

The way this identity has been derived does not allow us to resort 
to it for x=a@ since we cannot divide by zero. But we can pass 
to the limit in it as x—+a, which results in P(«@)=R. Thus, 
the remainder appearing in the division of a polynomial P(x) by 
a binomial x—a is equal to the value of that polynomial at the 
point x =a (this proposition is known as Bézout’s theorem *). 

If a is a root of the equation P(x) =0 then R=P(a)=0 and 

P (x) = (¥—a@) Q (%) 
Let x, be a root of equation (*); then 


P (x) = (x—x,) Q, (x) 
1 Bézout, E (1730-1783), a French mathematician. 
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where Q, (x) is a polynomial of the (nx—1)th degree. It is readily 
observed that its leading coefficient (i.e., the coefficient in x*~) 
is equal to that of the polynomial P(x), that is, to a,. 

If the degree of Q,(x) is different from zero, that is, if this 
polynomial is not identically equal to the constant a), the fun- 
damental theorem can be applied repeatedly. Let x, be a root of 
Q, (x); then Q, (x) =(x—~x,) Q,(x) where the degree of the poly- 
nomial Q,(x) is equal to n—2, its leading coefficient again being 
a,. The expression for P(x) now takes the form 


P (x) = (x—) (x —%-) Q, (x) 


On repeating this process mn times we arrive at the factorization 
of the polynomial P(x) into linear factors: 


P(x) =ay(x—x,) (x—x,) ... (x—%;,) 


In this sequence of similar operations there may appear coincident 
roots among X,, %, ..., X,. If aroot in this sequence is repeated & 
times it is spoken of as a k-fold root or a root of multiplicity k. 
If k=1 the root occurs only once and is called simple. 

Let the root x, have multiplicity &,, the root x, multiplicity &,, 
etc. Then the factorization can be rewritten in the form 


P (x) =a, (x—x,)" (x—x,)*.. .(x—x,)*r (**) 


where r is the number of pairwise distinct roots, and the sum of 
the multiplicities of all the roots is equal to n: 


k,+k,+ hn 


The latter relation can be read as every algebraic equation of the 
nth degree has exactly n roots on condition that each of the pair. 
wise distinct roots is counted as many times as its multiplicity. 

What has been said applies to equations (*) with arbitrary 
complex coefficients. Let us now suppose that all the coefficients 
A>, a,, ..., @, are real numbers. Then the complex roots of equa- 
tion (*) (provided that they exist) are grouped into pairs of con- 
jugate complex numbers. This property is a consequence of the 
remark at the end of Sec. 72. For, if the coefficients of the given 
polynomial P(x) are real numbers its values computed for two 
conjugate complex values of x must be a pair of conjugate comp- 
lex numbers (P (a—iB)=P (a+iB)), and it follows that if P (a+ip)=0 
then also P(a—iB)=0. It can readily be shown that any two 
conjugate complex roots a+iB and a—ip have the same multi. 
plicity. By the way, this implies that any polynomial of odd degree 
with real coefficients possesses at least one real root. 

Combining in factorization (**) the factors corresponding to a 
chosen pair of conjugate complex roots a+ if of multiplicity / 
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and performing the multiplication we receive 
(x—a— 1B)! (x—@ + IB)! = (x? — 2x a? +B?) = (x? + px q)! 


where p=—2a and g=a?-+f?. The discriminant p?— 4g of this 
quadratic trinomial is of course negative since its roots are complex. 

On performing the same transformation for all the factors con- 
taining conjugate complex roots we arrive at the factorization of 
the polynomial P(x) into real linear and quadratic factors: 


P (x) =a, (x—%,)*.. (x? + pi%+q,)""... 


where R,’s are the multiplicities of the real roots and J/,’s of the 
conjugate complex roots. It is apparent that (k,+...)+2(1,+...)=a. 

These factorizations will be used in the next chapter. 

This analysis implies some simple consequences important for 
our further aims. 

1. If P(x) tis a polynomial identically equal to zero for any values 
of x, that is, P(x)=0, all its coefficients are zero: 


aj=a,=...=a,=—0 


For, if we had a,0 the polynomial P(x) would possess not 
more than n distinct roots, if we had a,=0 and a,+0 the num- 
ber of distinct roots would not exceed n—1 and so on whereas 
the condition P(x)==0 means that the number of such roots is 
infinite. It also follows that if a polynomial of the nth degree 
has more than n roots it is identically equal to zero. 

2. If the values of two polynomials coincide for any values of x, 
that is 


Ax" +a x®-1 +... fa, =O ox™ +O xP 14+. +8, 


then their degrees and their coefficients in like powers of x coincide. 
Indeed, on transposing all the terms of the identity to the left-hand 
side we obtain (for definiteness, it is assumed that n > m): 


Agx"-+ ... + Gy maiyX7 1 + (Ay, —m—9o) x” + tee 
soe + (@q—-1— Oy 1) ¥ + (A,—5,y) = 0 


Now it follows from the first consequence that, on the one hand, 
A) =A,=...=A,-m-1=9, i.e. the leading term of the first poly- 
nomial is a,_,«”, and, on the other hand, a,_,=0), ..., 4,-1= 
=b5,-,, €,=6,. These two conditions show that the polynomials 
coincide identically. 

There are two simple cases in which an equation with arbitrary 
coefficients is readily solved: n=1 (a linear equation) and n=2 
(a quadratic equation), both cases being studied in elementary 
mathematics. For the cases n=3 and n=4 (accordingly, equations 
of degrees 3 and 4 called cubics and quartics) there also exist 
general formulas for the roots (known as Cardano’s solution of 
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fhe cubic and Ferrari’s solution of the quartic!) but they are 
extremely lengthy and complicated, and it is difficult fo use them 
in practice. As for the equations of the fifth degree and higher, 
it is proved that there exist no general formulas expressing their 
roots in terms of the coefficients of the equations by means of a 
finite number of arithmetical operations and operations of extract- 
ing roots (in this connection it is said that in the general case 
such equations are not solvable by radicals?). Some concrete examp- 
Jes of equations that are not solvable by radicals are also known. 
There are only some particular cases (most of which are treated 
in elementary mathematics) when the solution by radicals is pos- 
sible (as a rule, this is the case when the left-hand side of the 
equation can readily be written as a product of polynomials of 
lower degrees). 

This discussion once again indicates the importance of appro- 
ximate methods of solution. 

IJ, An equation R(x)=0O where R(x) is a rational fraction of 
the form os where P(x) and Q(x) are polynomials (see Sec. 11) 
is a rational equation. To solve it we must determine the roots 
of the algebraic equation P(x)=0 and choose among them those 
for which the denominator Q(x) does not vanish. 

An trrational equation, that is one involving x under a radical 
sign, is usually reducible to an algebraic equation by raising both 
sides of the equation to an appropriate power. This of course may 
lead to the appearance of extraneous roots, and therefore, after the 
roots of the resultant algebraic equation have been found, one 
should choose only those which satisfy the original equation. 

III. Transcendental equations. An equation f(x)=0O is said to 
be transcendental if f(x) is a transcendental function (see Sec. 11). 
Examples of such equations are logarithmic, exponential and tri- 
gonometric equations. Such an equation usually requires a special 
investigation to find out whether it possesses roots and what their 
number is. 

76. Testing a Root for Multiplicity. Let us dwell in more detail 
on the properties of multiple roots (that is, having multiplicity 
higher than unity) of algebraic equations. Let a polynomial P(x) 
possess a k-fold root «. Then factorization (**) in Sec. 75 can be 
written as 





P (x) =(x—a)’ Q(x) where Q (a)~0 


1 Cardano, G. (1501-1576), an Italian scientist. Ferrari, L. (1522-1545), en 
italian mathematician. 

2 The proof of this assertion was given by the famous Norwegian mathe- 
matlician N.H. Abel (1802-1829) and the great French mathematician E. Galois 
(1811-1832). 
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The derivative P’ (x) (which is also a polynomial) is 
P! (x) = (x—a@)-? [RQ (x) + (x—@) Q! (x)] = (Xa)? Qy (x) 


where 
Q, (x) = RQ (x) + (x—a) Q’ (x) 


Clearly, Q, (a)=Q(a)=0, and therefore the derivative P’ (x) has 
the number a as its (k—1)-fold root. If k=1 then P’ («)<0, and « 
is not a root of the derivative. Proceeding in this way we con- 
clude that P’(x) has a as its (e—2)-fold root and so on. Accor- 
dingly, for the derivative P“-»)(x) the number a is a simple root 
(of multiplicity 1), and for the Ath derivative P“ (x) this number 
is no longer a root. 
Pie if @ is a root of multiplicity & for a polynomial P (x) 
en 
P(a)=0, P’(a)=0, ..., P%-Y(~)=0 and 
P™ (a) 0 (*) 


It can be proved that, conversely, if relations (*) are fulfilled 
the number « is a k-fold root! of the polynomial P (x). j 

Let the reader show that if « is a simple root of a polynomial 
equation P(x)=0 the graph of the function y= P(x) intersects 
the axis of abscissas without tangency and that if a is a two-fold 
root the graph touches the axis of abscissas and in a sufficiently 
small neighbourhood of the point of contact a it lies entirely on 
one side of the x-axis (this means that @ is a point of extremum 
of the function y=P(x)). Similarly, for a three-fold root a the 
point (a, 0) of the axis of abscissas is a point of inflection of the 
graph, the tangent line at this point coinciding with the axis of 
abscissas. The case of a root a of multiplicity &>3 can also be 
interpreted geometrically in like manner. 

77. Approximate Solution of Equations. In this section we shall 
confine ourselves to some approximate procedures that are directly 
related to the content of this chapter, that is, are connected with 
the techniques applied to investigating the behaviour of functions. 
We begin with the remark that if there is some information about 
the behaviour of a function y=/(x) this is usually sufficient for 
the determination of the intervals within which the graph of the 
function cuts the axis of abscissas, that is, in which the roots of 
the equation f(x)=0 are located. The function f(x) is supposed 
to be continuous, and therefore, if it has different signs at some 
points x, and x, it follows from the properties of continuous func- 
tions (see Sec. 35) that there is at least one zero of the function 
in the interval [x,, ~,]. 


1 A k-fold root (a root of multiplicity Rk) is also termed a k-fold zero or a 
zero of multiplicity R. 
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Suppose that we have managed to determine an interval [x,, x,| 
of that type which is so small that there is only one root of the 
equation {(x)=0 in it; we shall call such an interval [x,, x,] e 
interval of isolation of the root. The fact that a chosen interval 
is an interval of isolation can usually be checked with the aid 
of the derivative /’ (x): if it retains constant sign the function [({x) 
is monotone in thal interval and its graph cuts the axis of abs- 
cissas only once. 

Thus, we shall proceed from the assumption that a root x, of 
a given equation [(x)=0 has been in a certain way isolated with- 
in an interval [x,, x,] (x, <.x,). Each of the numbers x, and y, 
can be regarded as an approximation io the root x,, namely, x, 
as a minor approximation and x, as a major approximation, the 
difierence x,—x, serving as the limiting absolute error of these 
approximations. The approximate methods presented in this section 
are all based on a reduction of a given interval of isolation {x,, x,| 
of a root x, of a given function [(x) to a new interval of isola- 
tion [x;, x2] such that 


These techniques are thus based on the passage to a narrower in- 
terval of isolation. The new end points xj and x} are better ap- 
proximations to the root x, than the former values x, and x,. The 
application to the inlerval [x), xj] of the same method or of another 
technique of the same kind leads to still better approximations 
x; and x, of the root x,, etc. 

We shall discuss the three simple techniques known as the 
cut-and-try method (also spoken of as the method of trials and errors}, 
the method of chords and the method of tangents (also known 2s 
Newton’s method) and combined methods using combinations of these 
approaches. 

t should also be noted that it is sometimes more convenient 
to rewrite the given equation f(x)=0O in an appropriately chosen 
form @, (x)= @,(x) achieved by transposing some terms of the equa- 
tion from left to right, which often facilitates the determination 
of an approximation to the sought-for root. If the graphs of the 
functions «, (x) and ,(x) are known the abscissas of their points 
of intersection are nothing but the roots of the original equation. 
For instance, on rewriting the equation In x-+x—2=0 in the form 
Inx=2—x and constructing the corresponding graphs we readily 
conclude that the original equation possess a single root contained 
between 1 and 2. 

I. Cut-and-try method. This method is the simplest although not 
the best of the methods of constructing successive approximations 
to a root of an equation. 


§ 7. Solution of Equations 251 


Let [x,, x,] be an interval of isolation for a root x, of an equa- 
tion f(x)=0. If the root is simple the values of the function at 
the end points of the interval must be of different signs; for defi- 
niteness, suppose that /f(x,) <0 and f(x,) >0. Let us choose an 
arbitrary value x= x’ belonging to the interval [x,, x,] and test 
it by substituting into the expression of the function f(x); if 
f(x’) <0 we can replace x, by x’ to obtain the narrower interval 
of isolation [x’, x,]; if f(x’) > 0 we similarly arrive at the narrower 
interval of isolation [x,, x’] by replacing x, by x’ (it is unlikely 
that we obtain f(x’)=0; in such a case we of course find the 
exact value of the root, but for our aims this rare case is of no 


interest). 
Applying the cut-and-try method indefinitely we get an infinite 
sequence of points x’, x”, ... which, as can be proved, has the 


root x, as its limit. This makes it possible to determine an appro- 
ximate value of the root with an arbitrarily small error by ap- 
plying the cut-and-try procedure an appropriate finite number of 
times. 

Example. Let us take the equation 


f (x) = x8 + t.1x?-+ 0.9x—1.4=0 


Since f’ (x) = 3x?+2.2x+0.9 >0 for all the values of x, the func- 
tion f(x) is monotone increasing, and hence its graph cuts Ox only 
once. Besides, {(0)=—1.4 and f(1) =1.6, which means that there 
is a single real root located within the interval [0, 1]. 

Let us compute f(0.5)=—0.55 and then f(0.7)=0.112. This 
shows that [0.5, 0.7] is a reduced interval of isolation of the 
sought-for root. Next we find 


f(0.6) = —0.25, { (0.65) =—0.076 and f(0.67) = —0.002 


These approximations clearly approach the root; it lies in the 
interval {[0.67, 0.7]. To improve the major approximation we can 
test the value x= 0.68, which yields f (0.68) = 0.034. We have thus 
found the new interval of isolation (0.67, 0.68] which is 100 times 
as short as the original interval (0, 1]. If the number 0.675 is cho- 
panes an approximation of the root the absolute error is less than 
0.005. 


The cut-and-try method often involves more lengthy calculations 
than the methods of chords and tangents presented below since 
in the former method an improved value of the approximation is 
chosen, to a certain extent, af random whereas in the latter me- 
hae the choice is made in accordance with some standard proce- 
ures. 

II. The method of chords. Suppose that the conditions of the 
problem are the same as in the cut-and-try method. Let us con- 


nect the ends of the arc M,M, (see Fig. 99) of the curve y=} (x) 
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corresponding to the interval [x,, x,] by the chord M,M,,. In Fig. 99a 
it is clearly seen that the point of intersection x= x; ‘of that chord 
with Ox is closer to the point x, than to x,. Proceeding from the 
new (narrowed) interval oer x,} we obtain, in like manner, another 
point x; which is still closer to x, than x,. We thus receive a se- 
quence of points x,, x;, x}, ... which is increasing and tending to the 





Fig. 99 


sought-for root x,. In Fig. 996 we see an analogous sequence of 
points x,, x2, x3, ... which is decreasing and tending to the root x,. 
The equation of the chord M,M, is written as 


y—f (x) ¥— 
F(%2)—F(x1) xa 

Putting y=0 we find the expression for the abscissa x’ of the 
point of intersection of the chord with Ox: 





=< Xo—*% 
Xx! = Xy— a) ese) Or x’ = x,— F(%:) FG Tay (A) 
Formula (A) is valid for both cases depicted in Fig. 99a and b 
(and also for the case [(x,) >0, f(x,) <0) and provides the new 
approximation x’ to the root x, expressed in terms of the forego- 
ing approximations x, and x,. To obtain a mnarrower interval of 
isolation it is sufficient to substitute x’ for x, or x,. The question 
as fo which of the points x, and x, should be replaced by x’ can 
be decided by considering the behaviour of the function f (x x) (pro- 
vided there is some information about it) or, when this is impos- 
sible, by examining the sign of f(x’). 
Example. Let us apply the method of chords to the same equ- 
ation 
f (x) =x9-+ 1.1°+0.9x—1.4=0 


Putting x,=0 and x,=1 we find, by formula (A), 


x =1—F (1) pp ay © 0.467 
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Next we put x,=0.467 and x,=1 and find 


xl 0.617 
Similarly, 


xl 0.660, x!¥ ~ 0.668, x¥ ~ 0.670, xv! ~ 0.670 


The first three decimal digits in x¥ and x¥' coinciding, we conclude 
(as almost always in calculations of this kind) that the approximations 
found closely approach the true value of the root. To estimate the accu- 
racy let us test the value 0.671. We have f (0.671) ~ 0.0012, and, since 
j (0.670) < 0, the new interval of isolation of length 0.001 is {0.670, 
0.671]. Choosing 0.6705 as an approximation to the root we obtain 
an error not exceeding 0.0005 which thus is 10 times smaller than 
that in the application of the cut-and-try method, the amount 
of calculations being approximately the same in both cases. 





Fig. 100 


II]. The method of tangents. We shall suppose now that the 


arc MM, of the curve y=f (x) (see Fig. 100) corresponding to 
the interval of isolation (x,, x,] possesses a tangent at its every 
point and has no points of inflection, that is, f(x) does not change 
sign within the interval [x,, ~,]}. 

While the idea of the method of chords is to replace an arc 
by its chord, the method of tangents proceeds from the replace- 
ment of the arc by the corresponding segment of its tangent line. 
The tangent is drawn at the end point M, or M, of the arc, 
namely, at the one lying above Ox if the arc is concave (i.e. f” (x) > 0; 
see Fig. 100a) or below Ox if the arc is convex (i.e. f(x) <0; 
see Fig. 10005). 

These conditions guarantee that the point of intersection x; (or x,) 
of the tangent line with the x-axis is always between the root x, 
and one of the end points (x, or x,) of the interval of isolation 
[x,, x,]. The new interval [x;, x,] or [%. Xz] serves as a reduced 
interval of isolation of the root x,. If one of the conditions we 
have posed is violated the new interval of isolation may happen 
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to be wider than the original one, and then we fail to approach 
the root closer than before. If these conditions hold the repeated 
application of the method results in the appearance of a sequence 
tending to x, as limit. Thus, this method as well makes it pos- 
sible to determine the root with an arbitrary accuracy. 

Fig. 100 demonstrates two possible cases; let the reader draw the 
corresponding sketches for the other two cases. 

The equation of the tangent M,7 (or M,7) is 


y— f(x, )=P (4) (%—x,) (or y—F (%) =F (*,) (4—+,)) 
Putting y=0 we find the abscissa x; (or x,) of the point of in- 
tersection of the tangent with Ox: 


m2 fh (# xan-fi8) 


Example. Let us again take the equation 
f(x) =x9+ 1.1x?+0.9x—1.4=0 


Since [" (x) =6x-+2.2 >0 in the interval (0, 1], the tangent should 
be drawn at the point with abscissa equal to 1. Applying, in 
succession, formula (B), we get 


ge | 0.738, x= 0.738— 





f (0.738) 
f’ (0.738) 


x" ~~ 0.671, x!¥ ~ 0.671 





= 0.674, 


The method of computing the approximations clearly indicates that 
f (0.671) > 0. Since f (0.670) < 0, the new interval of isolation is 
0.670, 0.671] which was obtained when we used the method of chords, 
ut here the amount of calculations is still more reduced. 

JV. Combined methods. The term “combined method” indicates 
that different methods of solving equations are used simultaneously. 

We shall suppose that the conditions guaranteeing the possibi- 
lity of the application of all the three methods discussed above 
are fulfilled: the arc of the curve y=f(x) corresponding to a gi- 
ven interval of isolation [x,, x,] of the root x, of the equation 
f(x)=0 has a tangent at its every point, has no points of inflec- 
tion and f[(x,)/(x,) <0. If, for instance, we combine the methods 
of chords and tangents this results in two sequences of points 
tending to the point x, and providing minor and major approxi- 
mations. In the case shown in Fig. 100a the method of tangents 
gives the minor~approximations x;” to the root x, whereas the 
method of chords the major approximations xj”; in the case depic- 
ted in Fig. 1005 the situation is reverse. Such “two-sided” appro- 
ximations accelerate the process of determining the root with a 
preassigned accuracy. 
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The combined method can be of course realized by using the 
method of chords or the method of tangents together with the 
cut-and-try method as was in fact done above in the solution of 
the equation 

f(x) = x8 + 11x? +0.9x—1.4=0 


Let us apply to this equation the combination of the methods 
of chords and tangents. We have x, ~ 0.467 (see II) and x, ~ 0.738 
(see III). Formulas (A) and (B) now yield 


oe f (0.467) (0.738 —0.467) _ —_ 
; x, = 0.467 ———9-738) — (0.467) YS 0.658, Xn ~ 0.674 
an 


on f (0.658) (0.674 — 0.658) aly ne we, 
x = 0.658 — "5 a-674) —} (0.658) ~~ 0.670, X, 0.671 


We see that this time the interval of isolation [0.670, 0.671] whose 
length is 0.00] that of the original interval [0, 1] is achieved at 
the third step. 

In modern mathematics methods for approximate solution of 
equations are developed in one of its most important divisions 
termed computational mathematics. Besides the three methods and 
their combinations discussed in this section an extremely impor- 
{ant role is played by the so-called iteration method (e.g. see [12}). 
(The methods of chords and tangents can be interpreted as spe- 
cial modifications of the iteration method.) Emphasis has been 
laid upon the development of techniques for solving algebraic 
equations providing not only real but also complex roots; one of 
the most frequently used methods of this kind was initiated by 
N. 1. Lobachevsky. For these questions we refer the reader to [7], 
(12) and [13]. 

Modern electronic computers are successfully used to solve equa- 
tions with high precision, and there are various standard prog- 
rammes compiled for most frequently used approximate methods. 


QUESTIONS 


i. State and prove Fermat’s theorem. Explain its geometrical 
interpetation. 

2. State and prove Rolle’s theorem. How is it interpreted geo- 
metrically? 

3. State Lagrange’s theorem; interpret it geometrically and give 
its analytical proof. 

4*. State and prove Cauchy's theorem. 

5. State and prove the direct and the converse theorems on the 
connection between increase or decrease of a function and the 
sign of its derivative. What is the geometrical meaning of these 
theorems? 
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6. Sfate the definitions of points of extremum (points of maxi- 
mum and minimum) of a function, of an extremal value of a 
function and of absolute extrema (the greatest and the least va- 
lues). 
7. What is the necessary condition for extremum? Give examp- 
les demonstrating that it is not sufficient. 

8. What is the sufficient condition for extremum connected with 
the first derivative of a function? 

9. Describe the general scheme for testing a function for extrema. 

10. State the sufficient condition for extremum in terms of the 
second derivative and prove it. 

11. How do we determine the greatest and the least values of 
a function in a given interval? 

12. State the definitions of convexity and concavity of a func- 
tion. What is a point of inflection?, 

13. State and prove the theorem on the connection between the 
character of the convexity of the graph of a function y=f (x) and 
the sign of its second derivative /[” (x). 

14, State the sufficient test for points of inflection. 

15. Formulate L’Hospital’s theorem. Give examples of its ap- 
plication to various limits. 

16, What do we call an asymptote of a curve? 

17. Derive analytical tests for determining vertical and inclined 
asymptotes of a curve y=f (x). 

18. Describe the general scheme for the investigation of the 
behaviour of a function. 

19, Derive the formula for the differential of arc length. On 
what geometrical property of a curve is this formula based? 

20. What is the curvature of a line at its given point? Derive 
the formula for the curvature. 

rie Give the definitions of the radius, centre and circle of cur- 
vature. 

22. State the definitions of the evolute and the evolvent. Exp- 
lain the techniques for their approximate construction. 

23. Derive the equations of the tangent line and of the normal 
plane to a space curve. 

24. State the definition and derive the equations of a cylindri- 
cal helix. 

25. State the definitions of a vector function of a scalar argu- 
ment and of its hodograph. 

26. How do we define the limit of a vector function and ifs 
continuity? State the rule for determining its limit. 

27. State the definition of the derivative of a vector function 
of scalar argument and explain the geometrical meaning of this 
notion. Derive the formula for the resolution of the derivative 
into components along the coordinate axes. 
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28*, What is the velocity and the acceleration of a_ point? 
Derive the formulas for the tangential and normal accelerations. 

29, State the definitions of a complex function of a real argu- 
ment, of its limit and continuity. 

30. How is the derivative of a complex function defined? State 
the rule for determining the derivative. 

31. State the definition of the exponential! function with imagi- 
nary exponent. Describe its hodograph, prove its periodicity and 
derive the formula for its derivative. 

32. What do wecall the exponential form of a complex number? 

33. Derive Euler’s formulas expressing the trigonometric func- 
tions sine and cosine in terms of exponential functions. 

34. Describe how a polynomial can be factorized into linear 
and quadratic factors. 

35. State the definition of a multiple root of an algebraic equa- 
tion. How can a given root be tested for multiplicity? 

36. How are the intervals of isolation of the roots of an equa- 
tion determined? 

37. Describe the cut-and-try method, the method of chords, the 
method of tangents and the combined method for finding appro- 
ximations to the value of a root of an equation. 


Chapter V 





INTEGRAL CALCULUS 
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78. Antiderivative. When differentiating a function we solve the 
problem of finding the derivative of a given function. Now we pro- 
ceed to the inverse problem: given the derivative of a function, 
to find this function. As will be seen, the solution of the inverse 
problem is of great importance for mathematical analysis and its 
applications. We begin with the definition of the antiderivative. 

Definition. An antiderivative (a primitive) of a given 
function f(x) in a given interval is any function F(x) whose de- 
fivative is the given function: 


F’ (x) =f (x) 


Let us consider some examples elucidating the relationship 
between the given function and its antiderivative. 
Let y=x?. For which function does x? serve as its derivative? 


Obviously, for a ; 
(GY =0 
x3 


Therefore the function 5 is an antiderivative of x?. However, the 
function x? possesses other antiderivatives. Indeed, the derivative 
of 545, of * —100 and, generally, of F406, where C is an 
arbitrary constant, is also equal to x?. Hence, any function of 
the form 2+C is an antiderivative of 2°. 


Thus, the connection between the functions x? and E46, for 


any arbitrary constant ’C, is that the former is the derivative of 
the latter and the latter is an antiderivative of the former. 
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Similarly, for x>0, any function of the form In x+C is an 
antiderivative of =, any function of the form sinx+C is an 


antiderivative of cosx, efc. 

These examples indicate that a given function has infinitely 
many antiderivatives because the constant C can take on arbitrary 
values; on the other hand, a given function possesses, of course, 
only one derivative. 

Now let us formulate the key theorem on antiderivatives. 

Theorem. Every continuous function possesses an infinite number 
of antiderivatives, any two of them only differing by a constant. 

The most difficult thing is to prove that a given continuous 
function has at least one antiderivative. This fact is not proved 
here, but later on we shall give its geometrical illustration. 
In what follows we assume that any continuous function f(x) has 
an antiderivative F (x). But then, for any constant C, the function 
F(x) +C is also an antiderivative because 


[F (x) -+-C]! =F’ (x) =f (x) 


Thus, every continuous function f(x) has an infinitude of anti- 
derivatives. 

It remains to show that any two antiderivatives of the function 
f(x) differ from each other only in a constant summand. Let F (x) 
and @(x) be two antiderivatives of f(x) which are not identically 
equal to each other. We have 


F’ (x)=f (x) and @' (x) =f (x) 


Subtracting the latter equality from the former we obtain F’ (x) — 
— @’ (x)=0, i.e. [F (x)—@(x)]’=0. But if the derivative of a 
function (in our case of F (x)— 
—(x)) is identically equal to 
zero, the function itself is con- 











A 









stant (Sec. 59), and consequent- GU lg 

ly F(x) —@® (x) =C, where C, is Y 

a concrete constant, which is WY 

what we set out to prove. YY 
Thus, the expression F(x)-+-C -9[-g@-——q@ CF Pg 


where F(x) is a concrete antide- 
rivative of [(x) and C is an ar- Fig. 101 
bitrary constant embraces all the 
antiderivatives of { (x). Making C assume different numerical values 
we obtain different antiderivatives. 

Geometrical illustration of the existence of an antiderivative. 
Now we shall illustrate geometrically that any continuous function 
has an antiderivative. 


17" 
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Let us consider the graph of a continuous function y=/(x 
(see Fig. 101); we assume that f(x) > 0. Fix a point a and denote 
by S(x) the area of the figure bounded by the segment [a, x} a1 
the axis of abscissas, by the graph of the function y=} (x) and 
by two perpendiculars to the axis of abscissas at the points a and x. 
It is obvious that making x vary we change the area of the figure, 
which means that S (x) is in fact a function of x. Let us find the 
derivative of the function S(x). By the definition of the deriva. 
tive, we have 

(x)= lim 45 

= 4) aro AR 
Let x gain an increment Ax; the area S(x) then receives the cor- 
responding increment AS (Fig. 101). Geometrically, it apprears 


obvious that 
mAx < AS < MAx 


where m and M are, respectively, the least and the greatest values 
of the function f(x) in the interval (x, x--Ax]. For mAx is the 
area of the rectangle lying entirely inside the figure whose area 
is AS and MAx is the area of the rectangle enveloping this figure. 
Dividing all members of this inequality by Ax we obtain 


m<S<m 
The function f(x) being continuous, both m and M (which 
are the least and the greatest values of the function in the inter. 
val [x, x-+Ax]) tend to the value of the function at the point 4, 
that is to f(x), as Ax—+0. By the test for the existence of a limit 


given in Sec. 30, the ratio = tends to the same limit as Ar—0: 


Thus, S(x) is in fact an antiderivative of f(x). 

It can be shown in like manner that there exists an infinite 
set of antiderivatives. Taking as initial point not the point a but 
some other point a’ we obtain a new function expressing the area 
of the figure with base [a’, x] which differs from S(x) by the area 
of the figure with base f{a’, aj, that is by a constant summand. 

This argument which is almost entirely based on geometrical 
considerations carinot of course serve as an analytic proof of the 
theorem since the notion of the area of an arbitrary figure was 
not strictly defined beforehand. At the same time it shows that 
the operation of finding antiderivatives or, as we shall call it, 
integration is closely related to the problem of computing areas 
bounded by curves. 
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79. Indefinite Integral. Basic Table of Integrals. 

Definition. The operation of finding antiderivatives is called 
indefinite integration, and the collection of all antiderivatives 
of a given function f(x) is called the indefinite integral of 
f(x) and is denoted by the symbol 


| f(*) dx 


The function f(x) is called the integrand, the expression f (x) dx 
is the element of integration and the variable x is the variable of 
integration. 

It is supposed that the integrand f(x) is continuous for the 
values of x under consideration. 

According to what was shown in Sec. 78, we have 


| f (x) dx=F (x) +C 


where F(x) is an arbitrary (concrete) antiderivative of f(x) and C 
is an arbitrary constant. 

Indefinite integration is the inverse of the operation of differen- 
tiation. By means of differentiation we find the derivative of a 
given function and by means = y| 
of indefinite integration we 
find the antiderivatives cor- 
responding to a given deri- 


vative. The correctness : 


integration can always NN SSIS). 
checked by differentiating the ges 

result. The meaning of the 
symbol \ f (x)dx in the nota- 


{ion of the result of the ope- 
ration inverse to differentiation will be explained later on. 

To find the indefinite integral of a function means to find all 
its antiderivatives (for which it is sufficient to determine one of 
them). This is the reason why we speak of indefinite integration 
as it is not indicated which of the antiderivatives is meant. 

The graph of an antiderivative of a function f(x) is called an 
integral curve of the function y=/f(x). It is obvious that any 
integral curve can be obtained by a translation (parallel displace- 
ment) of any other integral curve in the vertical direction. There- 
fore, geometrically, the indefinite integral is represented by the 
set of all integral curves obtained by continuous parallel displa- 
cement of one of them in the vertical direction (Fig. 102). 

By the definition of the indefinite integral we have 


({ f (x) dx)’ =f(x) or, equivalently, d { f (x) dx =f (x) dx 


Fig. 102 
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and 


(P@)dx=F(X)+C or df X)=f(x)+C 


_ Hence, to within the constant of integration entering into the 

indefinite integral, when written consecutively, the symbols of the 
differential and of the indefinite integral cancel out. Throughout 
this section the terms “integral” and “integration” are understood 
in the sense of an “indefinite integral” and “indefinite integration’, 
the integrand, supposed to be continuous in the given interval. 

First of all we shall write down the integration formulas directly 
implied by the differentiation formulas for the basic elementary func: 
tions. Each of them is easily checked by differentiation. 

The Basic Table of Integrals. 


(1) (etde= E40, ee. 
(2) (= In[x]4+c. 

(3) \ardx = +0. 

(4) { e*dx = e* +-C. 

(5) | cos.x dx ==sin x +C. 

(6) { sinx dx =—cosx-+C. 


(7) | Seatane +. 
(8) |r = —cot x +0. 


(9) { Ta aresinx + C. 


(10) \ ppp arctan +C. 
(11) \ pean t+VH EN +e. 


(12) fear lea |+e. 


1 In this formula x can be in the interval (— ©, 0) or (0, 0) but cannot 
vary in an interval containing the point 0 because in such an interval the in- 
tegrand is no longer continuous. If x > 0 we have In|x|=Inx, and the deriva: 


tive Is re For x <0 we have In|x|=In(—¥x), and the derivative is again 





equal to = Thus, the formula embraces both cases, 
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Below are some more integration formulas connected with hyper- 
bolic and inverse hyperbolic functions (see Sec. 23): 


\ cosh xdx=sinhx+C, | 45, =tanhx+C, 
| sinh xdx—cosh x+C, \ 


dx = —coth*e+C, 
J = =sinh1x+C=In(x+-VEP +1) +6, 








cosh? x 
V t+ 


ej = cosh x+C=In (xt+Vx?—1)+C 


(The last two formulas lead to Formula (11) of the basic table.) 


{ Sestanhx+C=5 In +e 
The Jatter formula is valid for the interval —I <x< 1 which is 
the domain of definition of tanh~?x; Formula (12) is its modifi- 
cation and generalization. 

80. Simplest Integration Rules. 

Theorem I (On Integrating a Sum). The integral of a sum of 
a finite number of functions is equal to the sum of the integrals 
of these functions: 


(@+o+...f-wjdx=lude+lode+...F\wdx (*) 


where “4, V,..., W are functions of the independent variable x. 

An equality whose both members are indefinite integrals means 
that its left and right members are the collections of all the 
antiderivatives of one and the same function. Consequently, to 
check such an equality it is sufficient to verify that the derivatives 
of its left and right members are equal to each other. Therefore, 
applying to the right member of equality (*) the rule for differen- 
tiating a sum we obtain 


[ § udx-+(vdx+...+[wdx] = 
=((udr)'+ (ude) +...4+((wde) =uto+...+o 











which coincides with the integrand of the integral on the left-hand 
Side of the equality, i.e. with its derivative. The theorem has 
been proved. 

Theorem II (On Taking a Constant Factor Outside the Integral 
Sign). A constant factor in the integrand can be taken outside 
the sign of indefinite integration: 


{ cf(x)dx=c \ f(x) dx (c=const) 
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Indeed, the derivative of the right-hand side of the equality, i.e. 
(¢ ( f (x) dx’ = ({ f (x)dx)’ = cf (x) 


is equal to the derivative of the left-hand side, which is what 
we set out to prove. 
Example. 


| sin x—3 cos x) dx =2 | sin xdx—3 | cosxdx= 
=—2cosx—3sinx+C 
Though every intermediate integration contributes an arbitrary 
constant term to the final result we write only one such term 


since the sum of arbitrary constants is also an arbitrary constant. 
Theorem IJI (On the Invariance of Integration Formulas). Let 


f(x) dx= F(x) +C 


be any given integration formula and uw==q(x) any function 
possessing a continuous derivative. Then? 


| f (u) du=F(u)+C 


Proof. From (f(x)dx=F (x) +C it follows that F’ (x)=f (x). 


Now take the function F(u)=F[@(x)]; by the theorem on the 
invariance of the form of the first differential of a function 
(Sec. 51, I), its differential is 


aF (u) =F’ (u) du=f (u) du 
Hence 


{ fu) du= (dF (u)=F (uv) +C 


This rule is extremely important. It shows that the basic table 
of integrals is valid irrespective of whether the variable of inte- 
gration is an independent variable or any function of another 
variable possessing a continuous derivative with respect to that 
variable as thus itextends considerably the range of application 
of the table. 


For instance, take the integral { 2xe**dx. Observing that 2xdx 
is the differential d(x?) we rewrite the integral as 
{ oxe*" dx = ( e*'d (x?) = \ e"du 
1 More precisely, it must be additionally required that the values of the 


function «=q(x) should lie in the interval where the function f is defined ant 
continuous. 
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where «=x?. By Formula (4) of the basic table and Theorem III, 
the latter integral is equal to e“+C, and hence 


( Oxe* dx=e**+C 


This example shows that it is advisable to transform a given 
element of integration to an element of integration of a simpler 
integral, for instance, to one included into the basic table. 

It should be stressed that integration is a much more compli- 
cated operation than differentiation. Elementary functions are 
differentiated according to definite rules and formulas while inte- 
gration involves, so to say, an “individual” approach to every 
function. It requires much experience to find an appropriate trans- 
formation of the element of integration reducing the given integral 
to a tabular one. Here we give a number of examples intended 
to help the reader to acquire such experience. After studying 
these examples the reader should solve as many simple problems 
of this kind as possible before proceeding to the general methods 
of integration presented in the following sections. 


Examples. (1) Let us find { sin 5xdx. On multiplying and divi- 


ding the integrand by 5 and taking the factor = outside the inte- 
gral symbol we obtain 


sin Bx dx => sin 5x-Sde=— | sin 5x d (5x) 


Now, putting 5x=u we arrive at an integral included into the 
basic table: 


{ sindxdx=—\sin udu =— + cosu+C=—~=cos5x+C 
We similarly find 
fe de=— zl e-md (— 3x) = — 3 jerdu= 
=—Fe'4Ca=— pe + C 


(2) Consider the integral | (2x—1) dx. On multiplying and di- 
viding it by 2 and taking into account that 2dx—d(2x—1) we 


1 }t should be noted that such a transformation is by far not always possible. 
This is connected with a specific difficulty of the integral calculus: an antideri- 
vative of a comparatively simple function may be inexpressible in terms of 
elementary functions, that is, it may be a function of a more complex type. 
This question will be discussed in more detai] in Sec. 885. 
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receive 
V (ax — tyr dx =z) (2x—1)!99 d (2x—1) 


The change 2x—1=u now leads to 
J Ol 


! 
{ (2x1) dx = 5) ur du=o i 4+ C= 5, (2x— 140 


The advantage of the technique applied is readily seen if ve 
compare this procedure with the integration of the polynomial 
of the 100th degree appearing from Newton’s binomial formulz 
for (2x— 11%, 


(3) 
present the integral in the form 


|S Fei os dx=z ( (+1) Td (x2 41) 
Putting (mentally) x7-+l=u we — 








= dx. To this end, we te 





=1 wee ; 
\Seqe= 4+C=Vxe¥+14C 


After some training it becomes unnecessary to write down all 
the intermediate calculations whose greater part can be done 
mentally. 











(4) For the integral (= we obtain 
= x) Gap ara dx x | BF inj ae—t 1j4C 


Generally, if the ‘lanai: is a fraction whose numerator is the 
derivative of the denominator, the integral is equal to the logarithm 
of the absolute value of the denominator. 

Indeed, 

f(x) df (x) _ (du _ = of. 
(F2dr= Foy =) ga inlal+ C= Inf f(2)|+0 
For instance, 


x 1 ( 2xdx 1 
\arde=z ioe az in( +x7)+C 


{tan xdx =| dx = — In[cosx/+C 
oi etal 


SIN xX 











\ as dx = |n(e*+e-*)+C 


ex -. e7~* 
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(5) Taking the integral \ = 
we receive 


Tar 4x and noting thatxdxy= sd (x2) 


d I d (x? I 
\ a= x\j R= 3 ~~ arctan (x?) +C 

(6) On performing the division of ‘i numerator by the deno- 
minator in the integral (eae we obtain 1.5 in the quotient 


and 3.5 in the remainder. Consequently, 


Stay (I eee — 5x-+1.75 In] 2x—1/+C 


(7) Let us find the integrals \aSa 











= and (aga. We have 


xt 


x—a 


x+a 








4-C 


— In 





The second integral is found similarly: 
\ ta=qarctanZ+C 


x? +. a? 
An integral of the type lane can readily be reduced to 


these integrals; to this end, the denominator should be represented 
as a sum or a difference of squares. For — 


dx dx ] 
 apiepan | epee a amet +e 
and = 
in On eS 
\an- (x+2)2—3 2YV3 In x+2+ V3 £e 








(8) Consider \ epee Observing that the derivative of the 
denominator is 2x+4 we write the numerator in the form 
= (2x+-4)+1 and split the given integral into two integrals re- 


ducible to tabular ones as was shown above: 


x+3 Ox-+4 - 
\ sae = 2 rer dx4 |= = 
= din (x?4 42+8) +5 arctan2224¢ 
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ax 


ax : 
———— and | ———— are found by énz-5:. 


(9) The integrals | 
with Example 7: 


ete 


(When transforming the expression involving the logarithm < 
include the term —Ina@ into the arbitrary constant.) 

(10) The integral \ sin xeosxdx is iound with the eid of its 
yeil-known trigonometric formula: 


fa) 


: ] . : 
sin x cos x dx =5) sin 2x dx == > \ sin 2xd (2z) =—ton5 dx—C 


For this integral we can use another method: 


(sin xcos xdx= sin xd (sin x) =5 sin? x—C 


‘ } 
| sin xeos xdx=— \ cos xd (cos 2) =— = COs? x C 
a 


Ii may seem that for one and the same iniegral we have o5* 
three different expressions 


Es 
2 


oe 4 < ] ° 
sin? x-—C and — 7 cos 2-C 


} 

—Z cs 2x%-+-C, 
However, if can be easily checked that the difference between any 
two of them is constant. Thereiore ezch of these expressions ce 
cribes the set of ail antiderivatives of sin xcos x. 

e o q 
(11) The integrals { sin? x dx and \cos’xdx are readily ious 


: i P ; 1l—cot2x Suse 
with the help of the iormules sin’ x=——~— and cos*z= 


}—cos 2r 
=->-—— . For example: 


] ~ StaZe 


-2 —_ 1“ 1 3a ee, i 
Veos ndx =z \ (14008 2x) dz—= Zs 
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(12) For the integral ( cos?xdx we find, in succession, 
{ cos’ x dx = ( cos? xd (sin x) = ( (1—sin?’ x) d (sin x) = 


= | d (sin x) —| sin? xd (sin x) = sin x—= sin’ +C 
81. Integration by Parts and by Change of Variable. Since the 
operation of integration is inverse to differentiation, each differen- 
tiation rule generates the corresponding integration rule. The three 
integration rules proved in Sec. 80 correspond to the rules for diffe- 
rentiating a sum of functions, a product of a function by a con- 
stant and a composite function. 
I. Integration by parts. The method of integration by parts is 
implied by the formula for differentiating a product of two functions: 
Let u(x) and v(x) be functions of x possessing continuous deri- 
vatives. We have 
d(uv)=udu+vdu 
whence 
udu=d(uv)—vdu 


Integrating both sides of the latter equality, we receive 


( udv= ( d (uv) — | udu 
that is, 


{udu=uv—\odu (*) 


This is the formula of integration by parts which can be writ- 
ten at length as 


{ 1 (x) 0" (x) dx =u (x)0 (x)—J v(x) u! (x) de 


We do not write down the arbitrary constant appearing in the 
integration of d(uv) and include it into the arbitrary constant in 
the second integral on the right-hand side of equality (*). 

Integration by parts reduces to an appropriate representation 
of the element of integration f(x)dx as a product of two factors 
u(x) and uv’ (x)dx=dv and to two integrations: (1) the determina- 
tion of v from the expression for du and (2) the determination of 
the integral of vdu. It may turn out that these two integrations 
are easily carried out whereas it is difficult to find the original 
integral directly. 


Examples. (1) Consider the integral ( xe* dx. Let us take e*dx 
as du and x as u; we thus put: 


e~“dx=dv, x=u 
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whence 
u=\erdr=e* and du=dx 
By formula (*) we obtain 


| xe* dx = xe*— | e¥ dx = xe*—e* + C =e (x—1)+C 


The given integral has thus been reduced to tabular ones. It would 
be impractical to represent the element of integration as xdx=du, 


e*=u since this would lead to v= =, du=e* dx and 


2 


The resultant integral on the right-hand side of the last equality 
is even more complex than the original one. It is obvious that 
the jatter integral, in its turn, can be reduced, by an appropriate 
application of this method, to the simpler integral on the left- 
hand side which has been found above (to this end we put 
du=e*dx and u=x?), 


(2) Let us find | x Inx dx. We put 


x* ] 
\ xexdx= > &* — — \ x%e* dx 


xdx=dv and Inx=u 
whence 


Then 
(xine de= 4 Inx—>([xde=Inx—4 +C 


Here the desired result would not be obtained if we put 
Inxdx=dv, x=u because the integral \ In xdx is not simpler 
than the original one; it must itself be found with the help of 
integration by parts by putting dx=dv, Inx=u. Then v=x, 
du=& and \ Inxdx=xInx—x-+t+cC. 

Sometimes to obtain the desired result it is necessary to use 
integration by parts several times in succession. 

(3) Take the integral | x2cos x dx, Here we put 

cosxdx=du, x*=u 


and 
v=sinx, du=2Qxdx 


Fe--qula (*) yields 
(x? cos xdx==x?sinx—2 | xsin xdx 
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The last integral is again found with the aid of integration by 
parts. Finally we receive 
| x*cosxdx=x?sin x-+2xcosx—2sinx+C 


In practical work it is unnecessary to put down all the inter- 
mediate steps. 

Repeated integration by parts makes it possible to find the 
integrals 


( x™ sin x dx, ( x™ cos x dx, \ x™ e* dx 
where m is a positive integer, and hence the integrals 
( P (x) sin x dx, ( P (x) cos x dx, \ P (x) e* dx 


where P(x) is any polynomial as well. 

Repeated integration by parts sometimes leads to the original 
integral, and then we either arrive at a useless identity (if the 
repeated integration has been done improperly) or at an equality 
that enables us to find the sought-for integral. Let us consider 
an example demonstrating this technique. 


(4) We take the integral ( ex cosxdx and put 
ex~dy=dv, COSx =U 
whence 
v=e*, du=—sinxdx 
It follows that 
( e* cos xdx=e*cosx+ | e*sin x dx 
Let us again apply integration by parts. On putting? 


e~dx=dv, sinx=u, 
and 

u=e*, du=cosxdx 
we obtain 


\ e* sin x dx = e* sin x—] e*cos x dx 


and arrive at the original integral as a summand on the right- 
hand side. Substituting the expression thus obtained into the 
result of the first integration we receive 


\ e*cos xdx =e* cos x-+e* sin x— ( e* cos x dx 


1 If we take sinxdx as du here, the result will be a trivial identity 


(ex cos x dx= | e* cos x dx 
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On transposing the integral from the right-hand side to the leit 
we ultimately find 


\ ercosxde= yer (cosx¥-+sin x)-+C 


Experience enables one to see in which cases and in what way 
integration by parts should be applied. 

I]. Integration by change of variable (by substitution). Whea 
computing integrals we have already resorted to theorem III 
of Sec. 80 on the invariance of integration formulas. If we succeed 
in writing the element of integration in the form 


ff (x)] 9 (x) dx =f (u) du 
where u=q(x) and if the integral 


( f(u) du =F (u)+C 


of the expression on the right-hand side is known, the originel 
integral is equal to 


j fio (x)] 9’ (x) dx=F[p(x)]+C 


The main difficulty in the application of this technique lies in 
the transformation of the element of integration because the disired 
result and the function p(x) are not known in advance. We con- 
sidered various examples of such transformations in sec. 80 where 
in simple cases the change of variable u=q(x) was not written 
down and the final expression for the integral was found directly. 

In more complicated cases it is advisable first to choose a sub- 
stitution which seems to be applicable and then, after completing 
the transformation of the element of integration, to check whether 
we have succeeded in simplifying the integral. It may turn out 
that the new integral is not yet a tabular one, but if it can be 
reduced to such more easily than the original, the substitution is 
justified. — 

2 * sin 

For instance, the integral \ Te sin*x 


dx is reduced by the sub- 


stitution sinx=u, cosxdx=du to the integral | sardu. Qn 


}+tuf 
spe , d (u?) sig Ags 
writing the latter in the form Tree (the substitution u?=o 


is done mentally) we see that it is equal to arctan u?+C, and 
consequently, 


sin 2x ee 
‘ Teint ec dx=arcta (sin?x)+C 
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(The more complicated substitution sin?x—u would bring the 
given integral to a tabular one immediately.) 

Up to now we have used the method of substitution by replacing 
the variable of integration x by another variable u with the aid 
of a formula u=q(x). But it is also possible to make a substi- 
tution not by expressing uw in terms of x but, by taking x as a 
function of u, that is, by putting 


x=p(u), dx=rp' (u)du 
(it is supposed that (u) and 1’ (u) are continuous). Then 
f (x) dx =f [tp (u)] p" (u) du 


and 
\F(xddx= J Fp] p(w) au (**) 


If the integral on the right-hand side of (**) is found and expressed 
as F(u)+-C, the given integral can be found by returning to the 
variable x. To this end it is necessary to express u in terms of 
x from the equation x= (wu), i.e. to determine the inverse func- 
tion! and substitute it for uw in the expression of the integral on 
the right-hand side of (**). 

As before, the most difficult thing is to choose an appropriate 
substitution x=p(u). Here are some examples illustrating both 
types of change of variable. 

Examples. (1) Consider the integral \ x2j/4—3x8 dx. Let us 
put 4—3x?—u. On differentiating we obtain —9x?dx=du and 


ede=— — du. Therefore, 
4 
| 3)/4—38 dx =—z/ / ti du=—- n° +C= 
=— 7 (4—3x)//F—38 + 


(2) For the integral \ War we put Vet+l=u, ie. 
e*-+ 1 =u?, Then 








e*dx=2udu and dx EM a 
Consequently, 
\7=5 ~ J (u?—1)u =2(ae rain |+e 
es 


’ The function sp (u) is usually assumed to be monotone. 


18—9989 
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On returning to the variable x we finally obtain 
dx, | Ver +i—l 

\7aa- ‘ Ver+1+1 oe 

Sometimes together with the change of variable we should apply 


some other methods (for instance, integration by parts) to com- 
plete the solution of the problem. 


(3) Let us find the integral { xte*" dx, Here we put x°=w and 
obtain 3x?dx=du whence 


| x2xier dx= z\ ue" du 


The latter integral is already known (see I, Examble (1) where 
jt is found with the aid of integration by parts), and we obtain 


yee dx = ret (u—1)4+C= ze (8—1)+C 








Up to now we have used substitutions of the type u= g(x). 
Now we shall illustrate the application of substitutions of the 
type x=tp(u) by examples of trigonometric and hyperbolic sub- 
stitutions which are frequently used. 


(4) Let us find (VYI—¥ dx. Putting x=sinu, dx=cosudu 
and making the substitution we find 
\Vi=# dx = \ cos* udu= > (u+ x sindu)+C 


(see Example 11, Sec. 80). Returning to the variable x and noting 
that sin 2u=2sinucosu=2xV 1—.x? we obtain 


\Vi —x? dx= s (arcsinx-+ xV 1 —x?2)+C 
It should be noted that here the function x=sinw is only 


e o IU ° e 
considered on the interval | —= = where it is monotone. 


Then x varies within the interval [—1, 1], i.e. within the in- 
terval where the integrand is defined. 


(5) Let us consider the integral Vx FT dx. Here it is con- 
venient to apply the substitution? «=sinhu, dx=coshu du: 


(Ve F 1 de = J cosh? udu=>\ (1 + cosh 2u) du= 
=F (u+ > sinh 2u) -+C 





1 Another sata substitution x=tanu leads to very complicated trans- 
formations. The introduction of hyperbolic functions substantially simplifies the 
transformations. 
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Since u=sinh7?x=In(x+Vx?+1) (see Sec. 23, II), we have 
sinh 2u=2sinhucoshu=2xVx? +1 and 
(Vit Flde= 5 [xVEF 1+ in (e+ Ve FII+C 
Similarly, by means of the substitution x=coshu we find 


(Vit—Tdx =5|x VY x?—I1—In (x +V¥22—1D]+c 


The integrals in Examples 4 and 5 can be computed with the 
aid of integration by parts. Let us take the integral \V8+ A dx 


and put Vx?-++ A=u, dx=dou; then du= 





dx, u=x and 





x 
VELA 
(V8tAdemx V x? + A—| [Rade 


Now let us transform the integral on the right-hand side in the 
following way: 


\ > ei dx= (VPA dx— Aln(x + Vx?+A) 


(see Example 9 in Sec. 80). Substituting this result into the pre- 


ceding equality we arrive at an equation for the sought-for integral 
and find from it the expression 


(V8 FAdr=5[x Vxt+A+Aln(x+Vx2+ A)|+C 


Generally, the integration process reduces to transforming the 
given integral to an integral already known by means of an appro- 
priate application of the techniques discussed above (an algebraic 
transformation of an element of integration, integration by parts 
and integration by the change of variable). 

82. Integration of Rational Functions. One of the most impor- 
tant classes of elementary functions whose integrals are found by 
means of a definite and comparatively simple sequence of standard 
operations is the class of rational functions (rational fractions; 
see Sec. 11). Every rational function R(x) has the form 


_ Pix) 

R= Te 

where P(x) and Q(x) are polynomials. 
First of all it should be noted that if the degree m of the 
numerator P(x) is greater than or equal to the degree n of the 
denominator Q(x), the division of the polynomial P(x) by the 








18% 
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polynomial Q(x) results in a polynomial N(x) in the quotient 
and in a polynomial P,(x) of degree not higher than (n—]) in 
the remainder. Consequently, 


P(x) Pi (x) 
am VN MO+ qe 


The integration of the polynomial N (x) does not present any 
difficulties, and hence the problem reduces to integrating a ratio- 
nal function in which the degree of the numerator is less than 
that of the denominator. Thus, we can limit ourselves to the case 
when the degree of the numerator is less than the degree of the 
denominator, that is, m<n. Such a rational function is called 
a proper rational fraction. 

J. Decomposition of a proper rational fraction into partial fractions. 
We assume that the polynomials P(x) and Q(x) have real coeffi- 
cients, the coefficient in x” in the polynomial Q(x) being equal 
to 1 (this can always be achieved by dividing the numerator and 
the denominator by the coefficient in x"). 

According to Sec. 75, I, the polynomial Q (x) (the denominator 
of the given integrand rational fraction) can be written as a pro- 
duct of linear and quadratic factors with real coefficients: 

Q (x) =(x—a)t... (P+ peta)... (* 
where @ is a &-fold real root of the equation Q(x)=0, and the 
quadratic equation x?-++-px-+q=0 has conjugate complex roots 
(that is p?—4q <0) which are ¢-fold conjugate complex roots of 
the same equation. When integrating the proper rational fraction 
ae we suppose that the factorization (*) of the polynomial Q (x) 
into real factors is known or, which is the same, that all the 
roots of the equation Q(x)=0 are known. Here we are not going 
to deal with the problem of finding the roots of the algebraic 
equation Q(x)=0, and in what follows it will be assumed that 
factorization (*) has been determined. It turns out that the frac- 
tion aay can be represented as a decomposition into partial frac- 


tions of the form 











A; and Bx +C; 
(x—a)! (x? + px-+ q)! 
where A,, B;, C; are constants, namely: 
In the decomposition of the fraction into partial fractions 


to every factor (x —«)* of factorization (*) of the denominator 
Q(x) there corresponds a sum of & partial fractions of the form 


A Ape A 
won of EL 


(x— ak § (x—a)k~} 





P(x) 
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and to every factor (x?-+-px-+-q)' there corresponds a sum of ¢ 
partial fractions of the form 


Bix + C} B:- x-+ Ci Byx+-C 
pera ped get tT tb pee 
Here we shall not present the general proof of this assertion. 


The examples considered below demonstrate how the decomposi- 
tion of a given fraction -) into partial fractions can be obtai- 
ned, that is, how all the unknown coefficients, A,, B;, C; can be 
determined. 

Thus, to the factorization (*) of the denominator Q(x) there 
corresponds the decomposition 











ld ep _Ar-1__ Ay Bix-+-C; 
By-1X%+-Cto3 B,x+C, - 
+ Gat petoeit re oP peg e ( ) 


of the fraction +) into partial fractions. 

It follows that the integral of every rational fraction can be 
reduced to integrals of partial rational fractions of the indicated 
types, the latter being easily found as demonstrated by the examp- 
les below. These examples must be thoroughly studied as with 
their help we illustrate, without general considerations, the pos- 
sible cases of integrating rational fractions. 

Thus, when applying the method of integration of rational frac- 
tions presented here we proceed from the factorization of the deno- 
minator of the given fraction ") , form decomposition (**) and 
replace the given integral by the sum of the integrals of the cor- 
responding partial fractions. 

II. Examples. 


(1) Take { <5 dx. The decomposition of the integrand into 


x3 — 

partial fractions must be of the form 
x—3 x—3 A B C 
x—x =e NGh wel eel 











(the unknown coefficients can, of course, be denoted by any let- 
ters). First of all we must find the coefficients A, B and C. 
Clearing this equations we obtain the relation 
x—3=A (x? 1)+ Bx (x+1)4+ Cx (x—1) 
Since it is an identity, the coefficients in like powers of x on 
both sides must be equal (see Property 2 on page 247): 


0O=A+B+C, 1=B—C, —3=—A 
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From this system of three equations with three unknowns we fing 
A=3, B=—l, C=—2 


There is a still simpler method of determining the coefficients A, B 
and C: putting in succession x=0, x=1, x=—1, we receive 
—3=—A, —2=2B and —4=2C, that is, again 


A=3, B=—l, C=—2 
Thus, we obtain the identity 


x~-3 3 1g 
B—x x x—l xt 








and therefore 


x—3 dx dx dx 
{= dx=3 x.) eel —2{ x+1 


=3In|x|—In|x—1|—2In|x+1/+cC= 
Ps) 
=nle—jarRl+C 


(2) Let us find the integral \ ame ae. To this end we 


x3 — 3x? 
Should factorize the denominator of the integrand fraction into 
factors. Observing that the denominator vanishes for x=—1 we 
divide it by x1; in the quotient we obtain x?— 4x-+-4 =(x—2), 
and hence, the decomposition of the fraction into partial frac- 
tions must be of the form 





x—5 x—5 _ A B _C_ 
x? — 3x2+-4 (x-+ 1) (x— 2)? x +-1 T EH Tz 


Let us find the coefficients A, B, C. Reducing the fractions to 
a common denominator and clearing the equation of fractions we 
obtain 


x—5=A (x—2)?+B(x+1)4C (x4 1) (x—2) 
Here it is convenient to put x=—1, x=2 and x=0 which yields 
—6=9A, —3=3B and —d=4A+ B—2C 
whence ; 
2 — 
A=—7z, B=—l, C= q 
Consequently, 
—5 2 dx dx 2 dx 
\soReT 4 dx=— | x+1 Gat z\ ro 
2 
=—Finfxttl+sg+ylnls—2/4+0 





(3) Consider 
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dx. The denominator is readily facto- 


x x8—x— Le (xt I—(e t+ DH (64-1) (F—1) = 
= (x-+ 1) (x—1) (FP? +x+1) 
the form 


Here the decomposition of the integrand into partial fractions has 
12 


(x 1) (x—1) (x? 2+-1) = 4+ 





Cx+D 


=i Mxeprti 
The coefficients A, B, C, D are now found from the identity 
Se — 


12= A (x—1) (x?7+-4+-1I)4- B(x -1) (0? 444-1)+ 

+ (Cx+ D) (x-+- 1) @&—)) 

On substituting four different numerical values of x, for instance 

, x=—I1, x=0 and x=2, we obtain the system 

12= 6B, 12=—A+B—D 

12=—2A, 12=7A+21B+3(2C-+ D) 

which yields, 

A=—6, B=2, C=4 and D= 
— 


—4 
dx dx x— 1 
we =—6) a+2)- att \ saa =74 
The last ee on the right-hand side is found by splitting 
it into two integrals one of which contains in the numerator the 
derivative of the denominator: 


x—] 2x-+1—3 
\eoq Tere r= |S mrepiet= 
= z{ 2x | 


x*-x-+ |} 


Bixei ge pres 2 == 


arctan 
V 3 
4 
( 12 
x 


7x8 —x 


Finally, 








dx=—6InJx+1]/+2In|x—1[+ 
+2In(?+x+1)—4V3 arctan =—+C 
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(4) Find the integral \ eae. The denominator of the in- 
tegrand fraction has already been factorized; hence 

x+x—1 A, Be+C , Dx+E 

x(t 1 ras Gti t pT | 
On clearing the fractions we obtain 


xP -tx— 1 =A (x? +1)?4+-(Bx+C) x+ (Dx-+ E)x(x?+1) 


Here it is convenient to equate the coefficients in like ae 
of x on the left-hand and right-hand sides. Beginning with the 
coefficients in x* we obtain the following system: 


A+D=0, E=0, 2A+8+D=!1 
C+E=1, A=—1 
The solution of this system is 
A=~—1l, B=2, C=1, D=1, E=0 
Hence, we arrive at the — 


tx —l xt | x 
x(8+ 1p Satta 
and therefore, 


(spec — ff ett air 
The first and the third integrals on the right-hand side are known: 
they are equal, respectively, to —Inx and > In(?+ 1). 
Now we turn to the second integral: 


2x-+- I 
erp \ eae dx+\ = —sart Seay 


Let us denote the last integral on the right-hand side as /,: 


l 
= \ epee 
Here it is convenient to apply the following technique. We add 


x? to and simultaneously subtract it from the numerator of the 
integrand and break the integral = two integrals: 


ice aia socal _ x? 
3 “eae 4 7 FHT —\ eR Vaid 
The second integral is integrated by parts: 
x dx d I 2x dx _2xdx tT l 
(tt os ea) (x? + 1)? 9 xt 


x=u, du=dx 
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and 


—_— ae eee ee oe 


{ x* dx x ped dz 
(PLP 2ST 2S ct 


On substituting this result into /, we find 


x I | dx zx 1 
—= eee ws —z7 = ——EExEowowws=—ss ule —_— iS 





Finally, the original integral is expressed in the form 





xPpx—) a ; —= ee ee Se ame I ot s 
I m zr—? zi} 1 
2 g if a 6 a ' 
+eInGt+1)+C=sprat in +-arctanx+C 


The correctness of the result can be easily checked: the deriva- 
tive of the right-hand side is equal to the integrand. 
The technique used here for finding /, can be applied to the 


general integral 
| dx 
ss J (x?-+- 1)* 


with an arbitrary integral exponent A> 1. li we write the identity 
1 J Se 
(ALE GPE IRE (xt) 
and transform the integral of the second summand on tke right- 
hand side with the aid of integration by parts, as wes done above, 
we obtain the equality 


ly 





2 
~~ 2(b—1) (x2 1)*-2 * 242-3) 
This is the so-called recurrence formula for finding J,. Replecing 


k by &—1 in this formula we obtain the expression of the integral 
J,., in terms of J,_,, eic. Finally we arrive at the known integral 


Tyo 


L=\a = atclanx+C 





rhich completes the integration. As an instance, we leave it to 
the reader to veriiy that 
= ‘ , 5 
herp ety Dery wecane ee 

In conclusion it should be stressed once egain that, despite some 
purely algebraic difficulties, the integral of any rational function 
can always be found; ithe above examples show that it is expres- 
sible in terms of rational functions, logarithms and arctangents, and 
thus is an elementary function. This remark is essentially important 
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because in many cases even integrals of very simple functions are r:! 
elementary functions (see Sec. 85, III), and any attempt to redux 
them to tabular integrals is a mere waste of time. 

Therefore, very oiten in integration processes emphasis is maint; 
laid upon finding a change of variable which reduces the give 
integral to an integral of a rational function; then the furth: 
course of integration becomes clear. We say that such a chenz: 
rationalizes the integral. Genera] examples of this kind are give: 
in Secs. 83 and 84. 

In what follows the symbol R(a, B, 7, ...) will be used to de. 
note a rational expression in the variables a, B, 7, ..., which 
means that ona, B, y, ... only arithmetical operations are perio:- 
med. It is obvious that if each of the variablesa, 8, y, ... isarationa! 
function of a variable u then the whole expression R (a, f, +, ...) 
is also a rational function of u. 

83. Integrating Some Simple Irrational Functions. 

J. Let us consider integrals of the form 


\ R (x, “Sx, "Vx, ...)dx (*) 
where the integrand is a rational function with respect to the 
variable of integration x and the radicals of x entering into it. 


We denote by n the least common multiple of all the exponents 
nh 


hk, m,...; then all the quotients t=r,,—=r,, ... are integers. 
The change of variables 
x=u", dx=nu"-"du 


reduces integral (*) to an integral of a rational function (i.e. (*\ is 
rationalized by this change). 
Indeed, here integral (*) assumes the form 


{ R(u", us, ur, ...)nu"—> du 


and, according to what was said above, the integrand is a rationz! 
function of u. 


Example. Let us take . We put x=u'; then V x=u', 


\e 


/ x=u?, dx=6ubdu and 


dx us u? 
\ na = 6 | sage du=6 | de 
The rest is quite simple: on separating the entire part and integrating 
we obtain 


6 ( du =6(F—F+u—Injutl|)+e 
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after which we return to the original variable: 
a Vx — 8 44-6 /x—G in| /x+1/ 40 
ls Vas 


A similar technique is used when all the radicands are equal to 
one and the same linear-fractional function —, that is the in- 
tegral has the form 


kfax+b 2 fax+b ) 
Ray peta’ V petq?t 1°) 


It this case the integral is rationalized by the substitution 
gum —b _ _449—bp 
px-+q : ~~ put? *=(G— purys 


If p=0, g=1, i.e. the radicand is a linear function, all the 
transformations are essentially simplified. 
Il. Let us consider some integrals involving an irrational expre- 


ssion Vax? -+bx-+c. 
(1) We begin with a= 





nu"-! du 





dx 
earner Taking the factor —— rar (ifa > 0) 
= (if a< 0) outside the symbol of integration we reduce 
the integral to the form 


or 





{ dx or | dx 
VY x?-+ px+q V —x?+ px+q 
Completing the squares we obtain 


dx dx 
a Dp). oe \ / 4q+ 2 p\? 
ete) +" V Fe-(-§) 
According to the solution of Example 9 in Sec. 80, the first 
integral is expressible in terms of logarithms and the second in- 
tegral reduces to the arcsine for 49+ p? >0 (if 4q+-p? <0 in the 
second integral, the integrand assumes only imaginary values). 
dx 
(2) Now let us consider the integral \ ye 
be easily verified that the substitution x—a—=- reduces this in- 
tegral to an integral of form (1). 


(3) Let us consider eed 
V ax?toxte 
into two by separating the part of the numerator proportional to 


It can 


dx. This integral can be split 
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the derivative of the radicand; then one of the integrals is directly 
found (as an integral of a power function) whereas the second is 
an integral of form (1). 


(4) Finally, let us find | Vax + bx+cdx. On completing the 
square under the radical sign we reduce the integral to one of the 
ee already known integrals (Sec. 81, II, Examples 4 and 5) of 
the form 


(VY1—x dx, \ Vx Fl dx and \Ve—Tdx 


84. Integrating Trigonometric Functions. Let us be given an 
expression which involves rationally only trigonometric functions. 
Since every trigonometric function is expressed rationally in terms 
of sinx and cosx the given expression can be regarded as a rational 
function of sinx and cosx, i.e. it has the form R(sinx, cosx). 


By the substitution u=tan= the integral \ R(sinx, cosx)dx is 


rationalized (i.e. it is reduced toan integral of a rational function). 
For, according to the well-known trigonometric formulas, we have 


iy a r 2tan— 
sin x = 2 sin —cos — = 2tan — cos? — = ————-_ 
2 2 2 2 x 
1+ tan?-- 
x 
1 — tan?— 
cos x = cos? ~—sin? ~ = cos? = (1 —tan? %\ — —__2 
2 2 2 2 x 
1 -+-tan?— 
2 
i.e. 
inx=— 4, cosx=i% 
Sine = Ta? Tre 


From the equality *=2arctanu we have dx = pr du. Thus, 
finally, 


{ RGine, cos x)dx= | R (a a) 


where the integrand is on the right-hand side rational in uw. 

















Examples. (1) Consider (== and (=. Putting u=tan= we 
obtain 
dx (Ii-+u* 2du (du _ - x 
\ae= Qu 1-+u? & = In|ul-+C=In| tan 3 TC 








Jame | a) in| tan (F-+F)|+¢ 


sau nC PUN 20801, 


7 dx 
: (2) Take | =. We put u=tand; then 


spears | ag SRV 
_ _ 
FOE | yay (045 ES) 


=| od =qIn[e(+c= fin 


4— 42 2—u 

















Generally, this method is very convenient for computing integ- 


dx 

rals of the form \ meee 

The integration of functions of the form R (sin x, cos x) with the 
aid of the substitution u = tans is sure to give the desired result, 
but it is because of its generality that this method may not be 
the best from the point of view of brevity and simplicity of the 
transformations involved. 

If the expression of the function R only involves even 1 wers 
of sinx and cosx the substitution “=tanx is more con enient. 


; u2 du 
Then sin? x= i 








I : : 
mate a cos’ x= 77a» dx = Ta and the integral is 
readily rationalized. 








dx du 
(3) We have | ary—acoste™ | ue 3 = 
(+ (a—Tea) 
— lta V3 lace in| tz VE lee = 
= yn | c-; V5 "liane V3 +-C where u = tan x. 





The same substitution is applied to integrals of the form 
{ R(tan x) dx. 
; dx d : F 
(4) For instance, \ yee EES . On finding the in- 
tegral of the rational fraction and returning to the original va- 
riable we get 


roms Fl*+2 In|cosx-+-2sinx|]+C. 


It is often advantageous to put u=sinx or u=cosx. As an 
example, let us consider integrals of the form 
( sin™ x cos" x dx 


where m and n are integers. The techniques for finding them de- 
monstrated below make it possible to avoid integrating rational 


fractions. 
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(a) If m>0 and is odd, the substitution cosx=u immediately 
seduces the integral to a sum of integrals of power functions; if 
n> 0 and is odd, the substitution sinx—=w yields the same result. 


: sin® x sintx . (1 —u?)? 
(5) For instance, aoet yg AX = i most goin xdx = — {oo au, where 
= COS Xx. 


On breaking the integral into a sum of integrals, integrating and 
returning to the variable x, we obtain 


| ode = a+ 2e0sx—- SF 4 











cos*x ~  ~=cosx 3 


(b) If both exponents m and n are positive and even, the result 
is readily obtained by means of trigonometric transformations with 
multiple arguments. 


(6) For instance, { sin’ xcost xdx= | ( SS) (Vas 


=—( sin 2x (1 + cos 2x) dx= 5 | nates “dx +75 | sin?2xc0s 2xdX 





2 
x (2x) =e x—a sin 4x-+7,sin® 2x+C 
(The substitution tanx—u would lead to more lengthy calcula- 
tions. ) 
(c) If both exponents m and n are negative and their sum is even, 
the substitution w=tanx(or u=cotx) again reduces the integral 
to a sum of integrals of power functions. Here is an example: 





dx _— du fit’, 
| aes =r a eer ue I =| ie abs 
(1 -u?)'/9 (1 +2)" 


1 } 
=—patinjul+C=— 5-5-4 In|tanx|+C 


The same result is obtained if we artificially represent unity in 
the numerator as (sin? x+-cos? x)* where 2k =|m-+n|—2. 

(8) Consider one more example: 

{ dx (sin? x+ cos? x)? 4. dx $2) Fee dx + (Stee 


sinf'x sin’ x sin?x sin? x sin? x 





=— col r= cot? x— cot®§ x-+-C 


(d) If one of the exponents is equal to zero while the other is 
negative and odd, the general substitution u==tan> again leads 
to integrating power functions. This is illustrated by the exam- 
ples: 


d. 2d l J : 
0) {sm (tly ae get bin ald C= 
abe (a) 
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x 
tan? — 


> +5ln|tand|4+—=+¢ 


2 
8 tan > 


(10) | cose sere 
2 


It is readily observed that for other exponents m and n the in- 
fegral is also reducible to a sum of integrals of the forms consi- 











dered above; for instance, in the case nar n=—3 we have 
dx __ ( sin?xt sin? x cos* x = =7+|\ Soo sin? x-+ cos? x x dx 
sin?xcos?x J sin?x cos?x cos? x “sint?xcosx 


COS x 


a ane cos x +N Saez 2% 


The difficulties connected with the variety of methods are fully 
compensated by the simplicity of the final integration. 


Integrals of the type { sin® xcos" xdx are also easily found with 
the help of recurrence formulas making it possible to reduce the 
large exponents m and n to smaller ones. In the table given at 
the end of the book these formulas are numbered as 64 and 65. 
We shall illustrate the method of deriving such formulas by an 
example. Let us introduce the notation 


I, = § cos" xdx 


We put 
du=cosxdx, u=cos"-!x 
then 
v=sinx, du=— (n—1)cos"~?xsin x dx 
and 


I, =sinxcos"-?x-+ (n—1)  cos*-? x sin? xdx= 


= Sin xcos"~? x -} (n— 1) { cos"? xdx—(n—1) ( cos” x dx 
whence 
ni, =sinxcos"~*x+(n—I)/,_, 
and, consequently, 
] =k i—] 
[,= 7, Sin xcos"~* x+—— Jn. 





This is the recurrence formula which we wanted to obtain. It 
makes it possible to complete the problem of finding the integral /, 
jor an arbitrary n. 
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It should be noted that the integration of a number of oth 
functions, for instance, of the type R (x, Vax?+bx +c), ie 
functions dependent rationally on x and V a?+bx+c, can be re 
duced to the integration of rational functions by means of a +z- 
riety of transformations and substitutions. Here we shall not dwell 
on this question in more detail. 

85. Conclusion. Using Tables of Integrals. 

I. Practical integration. It is a comparatively rare case when th: 
integration of a function can be carried out according to standard 
rules. But even when there exists a theoretical scheme for obtein- 
ing the final result of integration it does not necessarily provide 
the best and the most economical method. In most cases there ere 
various ways of integration, and in each case there are some pzr- 
ticular circumstances which suggest a technique that is most ecs- 
nomical. The mastery of integration (as well as of any other ma- 
thematical operation) requires not only a thorough knowledge oi 
how a given integral can be ultimately found but also the skill 
in finding it with the minimum of time and effort. 

To illustrate what has been said we shall consider a simple 
example. Let us take the integral 


x3 
apie 
Here it would be unreasonable to apply the general rule (the de- 
composition of the given fraction into partial fractions). It is rea- 
dily seen that the substitution u=x-+1 simplifies the problem 
immediately: 


I 


3 3 , 
~Inlet ll +e —aeaie taeE ite 


The resourcefulness and skill are eventually gained in solving 
a sufficiently large number of examples. 

J]. Using tables of integrals. The integration methods we have 
studied consist in transtormations reducing the given integral to 
an integral already known, i.e. to one that can be found in the 
table of integrals. Up to now we have used only the basic (the 
most concise) table of integrals. It is obvious that the more com- 
plete the table of integrals we use, the easier the integration. 

For practical purposes we usually use various reference books 
and tables of most commonly occurring integrals. At the end oi 
the book there is a table of integrals which is nof very extensive 
but sufficient for finding integrals in most cases dealt with in 
practice. The {wo examples below demonstrate its application. 
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et! dy. We do not 
V —1+4 4x — 22 

find it in our table, but it can be easily reduced to tabular in- 
tegrals. First of all, the quadratic trinomial under the radical 
—1-+-4x—2x? is brought to the form of the quadratic binomial: 


— 1+ 4x—2x? = — (14 2 (x?—2x)] = 1—2 (x—1)? 


(1) Let us consider the integral | 


Now we make the change of the variable of integration u=x—1 
in the integral, i.e. put x=u-+1, which leads to 


O—3e41 Cut 3 tI 
\ Se” V 1 —2u? ‘ 





u* u du 
= peg te | pee te | eer 
(= V i —2u? V1 —2u? 


Each of the three integrals on the right-hand side of the tast 
equality can be found in the table (see, respectively Formulas 33, 


31 and 29). Taking advantage of these formulas for a=)/2, b=1 
we obtain 


SS Fee (—V2u VY 1—2u? + arcsin V2u) | _ 


VY —1-+ 4x—2x? 
eI lz VI— mF | _ Fas arcsin V2u | 4+C= 


=4(2—n) Vi-2e—— 


4y2 
On returning to the original variable x we arrive at the final 
resul{: 
\ == dx= > (83—x)V—1 4+ 4x—208 — 
_ 75 aresin V 2(x—1)+C 


arcsin V 2u-+-C 








(2) Let us find | sint xcos? x dx. By Formula 64, for m=4, n=2 
we get (see the second line of this formula): 
\ sint xcos* xdx= < sin’ x cos x +% | sintxde 


The integral on the right-hand side of this equality can again 
be found by Formula 64 for m=4, n=O (see the first line of the 
formula): 


: a 3 re 
{ sint xdx =— sin’ xcos x + | sin? x dx 


19-2280 


Furthermore, for m=2, n=O we obtain 


, [ 
| sin? xdx =—sinxcosx+5 \dx=— sin xcosx+ax+C 


Hence, finally, 


24 16 
+Ex+C 


III. On expressing integrals in terms of elementary functions. In 
contrast to differentiation, the operation of integration of an ele- 
mentary function by far not always leads to an elementary func- 
tion. It can be proved rigorously that there exist elementary func- 
tions whose integrals are inexpressible in terms of basic elementary 
functions. Such functions are said to be nonintegrable in elementary 
functions (nonintegrable in finite form). 

For instance, the integrals 


\ oS dx, { Far, { Sax, 
Vi+x2 x x x 


and ere dx 


in x 


; L or 1. 
| sin' xcos xdx = sin® x cos x— 5, sin®.x cos x—7g sin x cos t+ 








cannot be represented by any elementary functions. 

One should distinguish between the question of existence of a 
desired antiderivative and the possibility of expressing it with the 
aid of elementary functions. The integrals written above exist, but 
the class of all elementary functions which we use is insufficient 
for expressing the integrals as finite combinations of these functions. 

Let us discuss this question in more detail. Suppose we limit 
ourselves fo using all the basic elementary functions except loga- 
rithmic. Then many integrals whose expressions we know should 
be regarded as “inexpressible in elementary functions”. For instance, 


3 dx dx ; ; 
the integrals \, \o. cannot now be expressed “in finite 
form”. For among the remaining basic elementary functions 
there is no function whose derivative is equal to = of ey 


(since we cannot use the logarithmic function). But if the logari- 


thmic function is included it becomes possible to find these inte- 
grals in finite form. But there is nothing surprising in the fact 
that some other integrals remain nonintegrable in elementary func- 
tions. To make them integrable it is necessary to exfend the class 
of basic functions which we agree to use. This is exactly what is 
done in mathematical analysis: the nonelementary functions deter- 
mined by the most important integrals inexpressible in terms ol 
elementary functions are thoroughly investigated and tabulated. 
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These new functions extend the variety of our techniques and make 
it possible to express the integrals of a number of fornierly non- 
integrable functions. 
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86. Some Problems of Geometry and Physics. There are various 
problems leading to the notion of the definite integral: determi- 
ning the area of a plane figure, computing the work of a variable 
force, finding the distance travelled by a body with a given ve- 
locity, and many other problems. We shall discuss these problems 
in succession. At first glance it may seem that the methods of 
their solution are irrelevant to the foregoing sections devoted to 
indefinite integration. But later on, as the properties of the defi- 
nite integral will be investigated, a close connection of these me- 
thods with the indefinite integral will be elucidated. This interrela- 
tion creates a basis for practical solution of these problems. 

1. Area of a curvilinear trapezoid. The theory of area is based 
on two propositions: , 

(1) the area of a figure consisting of several figures is equal to 
the sum of the areas of the constituent figures; 





(2) the area of a rectangle is equal to the product of its dimen- 
sions. 

In elementary geometry, on the basis of these propositions, we 
find the area of a triangle and hence the area of a polygon since 
every polygon can be broken up into triangles. By considering the 
limit of the areas of inscribed and circumscribed regular polygons 
of the circle we can find its area as well. But here we make use 
of special geometrical properties of the figure (the circle), which 
may be inapplicable to other cases. 

We shall begin with defining the area of a curvilinear trapezoid, 
i.e. a figure bounded by the x-axis, by the graph of a continuoys 
function y =f (x) and by two:straight lines x =a and x=6 (Fig. 103), 
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the interval {a, 6] of the x-axis will be called the base of the 
curvilinear trapezoid ?. 

We shall assume that f(x) >0 in the interval fa, 6}, i.e. the 
the trapezoid lies over Ox. 

Let us divide the base of the trapezoid (the interval [a, 6}) into 
n subintervals 


[%o, Xi}, [x1 Xe), -- +s [%n-as Xn] 
where @=%) << %, << %,<0 0... <X,-, << 4%, =6 and draw through the 
points of division of the interval [a, 6] the straight lines parallel 
to the axis of ordinates. Then the given curvilinear trapezoid is 
split up into n smaller trapezoids (Fig. 103). 

Next we fake in each subinferval an arbitrary point; denoting 

these points by &, &, ..., & we can write 

Xe Git, 4, SE, Shay oe Xp VE n 
(Some of the chosen points &; and even all of them may coincide 
with the points of division of the interval [a, 6] into the subin- 
tervals.) 

Through the points &,, &, ..., &, let us draw the straight lines 
parallel to Oy to intersect the curve y=f (x); the segments of 
these straight lines thus obtained are the ordinates of the corres- 
ponding points of the graph; they are, respectively, equal to 
P(E), P(E «-05 P(E 

On the subintervals as bases we now construct n rectangles 
with altitudes equal, respectively, to the values of the function 
f(x) at the points &, (Fig. 103). This results in the appearance 
of a “step-like” figure bounded above by the polygonal line 
AvA;AjALAy..-An with n segments. 

It is natural to consider the area s, of this step figure as an 
approximation to the area s of the given curvilinear trapezoid; 
the greater n and the smaller the lengths of the subintervals, the 
greater is the accuracy of the approximation. In other words, we 
proceed from the visual idea that as the number of the rectangles 
increases and they become narrower, the polygonal line AjA)... 
becomes closer to the given line A,A,... and the areas, of the 
corresponding n-step figure gives a better approximation to the 
area of the curvilinear trapezoid. Hence, it is clear that the area 
s of the curvilinear trapezoid bounded above by the line A,A,A,...A, 
should be defined as the limit to which the variable area of the step 
figure bounded above by the polygonal line AjA;A;Ay, ... A; fends 
when the number n increases indefinitely and the maximum length 
of the subintervals tends to zero. 


1 Note that according to elementary geometry it would be more natural to 
apply the term “base” to the parallel line segments x=a and x=b and costl- 
der the interval [a, 5] of the x-axis as the altitude of the trapezoid. This discre- 
pancy in the terminology is of course inessential for our further alms. 
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It should be noted that the points x,, x,, ...,%,-, can be cho- 
sen arbitrarily but it is required that the maximum length of the 
subintervals should tend to zero as the number 2 of the subinter- 
vals tends to infinity. For, if this is not stipulated, it may hap- 
pen that the step figure does not approach the curvilinear trapezoid 
indefinitely. Indeed, let us increase the number of points of divi- 
sion of the base so that one of the subintervals, say (x,-,, 9) 
(Fig. 103), remains invariable. Then the polygonal line can inde- 
finitely approach the are A,A,_, of the given line y=/f(x) but 
it will not approach the arc A,_,A,, and, in this process, the 
invariable part of the trapezoid x,_,A,-,4,50 will not be suffi- 
ciently accurately replaced by the rectangles. If we require that 
the maximum length of the subintervals should tend to zero this 
implies that the number n of subintervals increases indefinitely. 

Now we can write the expression for s,. Since the entire figure 
consists of n rectangles and the area of the rectangle correspon- 
ding to the subinterval [x;_,, x;] is obviously equal to f(E,)(x,—x;_,), 


we have 
Sam=Tf (E1) (%,—%o) + fF (E.) (%,— 41) +... 
wee bh AE) (4p) +e EE (En) (Xn Xn -1) 


All the members of this sum have the same form: they differ from 
each other only in the values of the subscript the independent 
variable is supplied with. 

For our further aims it is convenient to introduce the summation 
sign X (the Greek capital letter “sigma”) commonly used for 
contracted notation of sums. To this end we write 


Sp = 2 F (§;:) (%4;—;-1) (*) 


Generally, this means that the given expression (the general 
term) dependent on an index assuming integral values has to be 
summed with respect to that index as the index ranges from the 
value indicated below the letter & to the one indicated above it. 

Now, according to the definition of the area s, we have 


s=lims,=lim > FG) (x19) 


As was said above, we assume that the limit is taken on con- 
dition that the length of the greatest subinterval, i.e. max (x;—+;-,), 
tends to zero. 

After the area of a curvilinear trapezoid has been defined, we 
are able to find the areas of many other figures. As a rule, a gi- 
ven plane figure can be broken up into a number of curvilinear 
trapezoids, and thus the sought-for area can be found as the 
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algebraic sum of the areas of the constituent curvilinear trap: 
zoids. For instance, the area of the figure shown in Fig. 104 ce. 
be represented by the following algebraic sum: 


area AA’C’C —area BB'C’C + area BB’ D’'D— area AA'D'D 


II. The work of a variable force. We proceed now fo an impor 
tant physical problem of computing the work of a force. As wil! 
be seen, the solution of the problem c: 
computing the work is completely analo- 
gous to that of determining the area o! 
a trapezoid. 

Let a body move in a straight line us- 
der the action of a force, the direction ai 
the force coinciding with the direction! 
motion. It is required to compute the work 
performed by the force as the body is mo- 
ved from a position M to a position 
(Fig. 105). 

If the force remains constant along the whole path from A 
to N, the work is known to equal the product of the force by the 

ath length. Let A denote the work, P the force and S the path 
ength MN. Then? 

A= PS 


Suppose, however, that the force varies along the path from HM 
to N. At every point of the segment MN lying at a distance s 





BC 
Fig. 104 


P, P, Ps P A, 
——~ _ —_»~ oi faa 
tt 
%20 S, &2 5(-7 Sf Sn-7 528 


Fig. 105 


from M the force acting upon the body assumes a certain value P 
corresponding to this point. This means that the force P is a func- 
tion of the disfance s, i.e. P=f(s). How shall we define, in this 
case, the work performed when the body is moved from the point 
M to the point N? 

Let us divide the whole path MN, i.e. the interval of variation 
of the variable s, into n subintervals by points lying at distances 


Spa Oy. Spee Say ene diye Say Shy ede Synge Sao 


from the point M. Instead of the variable force P acting aloxg 
the path MN we take another force P* which preserves constant 
values in each of the subintervals, these values being equal {o the 
values of the acting force P at arbitrarily fixed points of the 


1 If P Is expressed in newtons and S in metres, A is expressed in joules. 
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subintervals. In the first subinterval [s,, s,] this force is equal to 
P,=f(o,) where o, E[s,, s,]; in the second subinterval [s,, s,] it 
is equal to P,=f(o,) where o,€(s,, s,]; in the subinterval 
[s;-1, S;] it is equal to P;=/(o,) where o,€[s;_,, s,], ete. 

The work done over the whole path being equal to the sum of 
the works corresponding to the parts into which the path is bro- 
ken up, the work performed by the force P* is 


“A, =F (9) (S, —Sp) + f (o,) (s,—S,) a aa -+- fF (9;) (S;——S;-1) + one 
see +f (9,,) (S,—Sp-3) sa f (9;) (S;—s;-_,) 


It appears natural to take A, as an approximation to the 
sought-for work; the greater the number n and the smaller the 
parts into which the whole path MN is divided, the more accu- 
rate is the approximation. The work A is assumed by definition 
to be equal to the limit of A, as m—+oo (as before, it is suppo- 
sed that the length of the greatest subinterval tends to zero): 


A=lim A,=lim 2 f (9;) (s;—s;-) 
=1 


III. Computing path length and mass. Let us briefly discuss two 
more physical problems: computing path length and determining 
mass. We shall solve these problems in exactly the same way as 
the previous ones. 

(1) Let a material point be in a rectilinear motion and let 
u=f(f) be its velocity. If f(¢) > 0, the path s travelled by the 
point during the interval [7,, 7,] is defined as 


s=lims, =lim p2 F(t) (t3— toa) 


where fo, t,, ¢,, .-+) tn-1. f, are points of division of the interval 
(7,, T,] into n subintervals: 


T=) <<) <<) <1=T, 
and 
Y-. RYKl, (i= 1, 2, oes n) 


We again assume that max (f;—?,;_,) +0. Each term f (+, (¢;—#,-;) 
of the sum expresses the path which the point would travel during 
ny interval [f;-,, ¢;] if it moved with constant velocity equal 
to f (t,). 

(2) Take a segment of a material line and suppose that we 
know its mass density 6 at every point s, i.e. 6=f(s), the length 
s varying within the interval [0, S]. 
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Denoting by m the mass of the portion of the material lire 
corresponding to O<s<S we put, by definition, 


m=limm, =lim > f (o;) (s;—s;-}) 
{=} 


where Sp, Sy, S,, +++; Say S, are points of division of the intervel 
[0, S] into n subintervals, 


S=0<s5, ie ie Sener Sie ee <s,=S 
and 
S19 SSS, (¢=I, 2, cory n) and max (s;—S;_;)—>9 


Each term f (o,) (s;—s;_,) of the sum expresses the mass which 
the portion [s;_,, s;] of the line would carry if the density were 
constant along this portion and would be equal to f(9,) (i.e. if 
the mass were distributed uniformly). 

87. Definite Integral. Existence Theorem. We have seen in the 
previous section that the solutions of many important problems 
of geometry and physics (computing the area, work, path length 
and mass) lead to one and the same sequerice of operations on 
given functions and their arguments. Since this sequence of ope- 
rations is applied in various cases and is of great importance 
we should describe it formally (mathematically) irrespective o! 
the concrete conditions of the problem. Then its application in 
every suitable case is taken for granted and does not require 
special justification. 

Thus, let there be a bounded function f (x) in a closed interval 
[a, b]; we do not require that the function should be positive, 
and so far we do not even assume that f(x) is continuous. 

The sequence ‘of operations we speak of consists in the iol- 
lowing: 

(1) the interval [a, 6] in which the function f(x) is defined is 
divided into n subintervals with the aid of the points 


% =a, A13 Kos coop Xn-1s X_=b 
where 


(2) the value of the function /(E,) at a point €-€[x;,.,, x is 
multiplied by the length of the subinterval x,—zx,_,, i.e. the 
product f (&;) (x;,—%;-,) is formed; 

(3) the sum 


[,= [ (E,) (x; — Xo) +f (S,) (%,—%,) +... +f (€,) (X,—~Xpei) = 
a p2 FE.) (%;—x)~4) 


§ 2. Definite Integral 297 


of all these products is formed; if we designate x;—x;., by Ax; 
then 


In= > FG) Ox (A) 


The sum (A) is called an integral sum. 

(4) The limit / of the integral sum /,, as the length of the 
greatest subinterval tends to zero, is found; this means that 
max Ax,—+0, and, consequently, n—+0oo. Thus, 


[=lim/,=lim > f (§) Ax, 
f=] 


This limit (if it exists) is called the definite integral or simply 
the integral of the function f(x) with respect to x over the inter- 
val [a, 6] and is denoted as 


b 
1=\F(x)de 


(read “the integral of f(x)dx from a to b”). Hence, by definition, 
b n 
| F(x)de=lim 2 FG) Ax; 


An integral sum for a chosen number n of subintervals can be 
formed in different ways. For we not only break up the interval 
[a, 6] in an arbitrary manner but also choose an arbitrary point 
E. in each subinterval. That is why the integral sum (A) is not 
an ordinary function of n: to one and the same value of n there 
may correspond an infinite number of various integral sums. There- 
fore the limit of the integral sum we spoke of is not an ordi- 
nary limit of a function or of a sequence, and we must formulate 
what should be understood as that limit: 

The number I is called the limit of the integral sum (A), if, 
given an arbitrary e>0, there is a number 6>0 such that for 
any division of the interval [a, 6] into subintervals whose lengths 
are less than §, i.e. for max Ax;<6, and for any choice of the 
intermediate points &, there holds the inequality 


Rr 


Df (&;) Ax;—I 


(=] 


<e 








b 
It is this number / = \ f(x)dx that is the definite integral of 


the function f(x) over the interval [a, 5]. 
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In what follows, when speaking of the limit of an integral 
sum, we shall always understand it in the sense stated here 
without writing any additiona] explanatory signs under the symbol 
of the limit. Briefly stated, the definition reads as follows: 

Definition. The definite integral is the limit of the integral 
sum when the length of the greatest subinterval tends to zero 
(under the pat aes that this limit exists). 

The functions for which the definite integral exists are called 
integrable, the theorem stated at the end of this section shows 
that any continuous function is integrable. 


The sign of integration \ originates from an elongated letters, 


the first letter of the Latin word summa sum. The expression 
f(x)dx under the integral sign indicates the form of the terms 
entering into the integral sums with the summation index omitted 
(the absence of the index underlines that in the limiting process 
completing the computation of the integral the variable x runs 
over all the values lying in the interval [a, 6)). 

As in the case of the indefinite integral, the function [ (x) is 
called the integrand, the expression f(x)dx is the element of 
integration, the interval (a, b] is the interval of integration and 
the variable x is the variable of integration; the numbers a and 
b are called, respectively, the lower and the upper limits? of 
integration. 

The process of forming the definite integral shows that the sym- 


bol \ F(x) dx is a certain number. its value only depends on the 


properties of the integrand and on the numbers a and 6 deter- 
mining the interval of integration. The variable of integration x 
enters into the notation of the definite integral and nothing hap- 
pens if it is denoted by any other letter, for instance, ¢ or u: 


6 & 6 
\ Fe) dx=\ f(t) dt =\ F(u) du 


The similarity in the notation of the definite and the indefinite 
integrals (the notation of the latter lacks only the limits of integ- 
ration) emphasizes their close interrelation, though the definite 
integral is a number whereas the indefinite integral is the family 
of all functions which are antiderivatives of the given function. 
This interrelation will be established later (in Sec. 92), and at 
present we shall only note that it enables us to evaluate definite 
integrals with the aid of indefinite integration without resorting 


1 Here the word “limit” has nothing in common with the notion of the limi 
of a function. 
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to the technique of forming integral sums with further passage 
to the limit. This is the reason why we do not give examples of 
evaluating definite integrals with the aid of summation; this would 
involve considerable difficulties even in the simplest cases. 
Notice should only be taken of the following obvious result: 


b 
\dx=b—a (*) 


This is implied by the fact that any integral sum for the function 
f (x)= 1 is equal to b—a: 


n 
p> Ax; = X,— Xo b%_p— Xb Eg — Xp = Xn — yp = OK 


Applying the definition of the definite integral to the four 
problems considered in Sec. 86 we can express the conclusions 
drawn there as follows: 

(1) the area of a curvilinear trapezoid is equal to the integral, 
of the ordinate of the curve bounding the trapezoid, taken over the 
base of the trapezoid: 

b 


s= \ i (x) dx 
(2) the work performed bya force is equal to the integral of the 
force taken along the path covered: 


s 
A=\ f(s) ds 


(3) the distance travelled by a material point is equal to the 
integral of the velocity with respect to time: 
Te 
s= { f(t) dt 
Ts 
(4) the mass distributed over a line is equal to the integral of 
the density along the line taken with respect to the arc length: 
S 
m= ( f (s) ds 
0 
In the first three cases it is additionally stipulated that the 
integrand is positive (when computing the mass no stipulation is 
necessary because the densify cannot be negative). Below (Sec. 89) 
we shall see how these conclusions should be modified when no 
such stipulations are made. 
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When speaking of the definite integral we did not discuss 
the question what functions it exists for, i.e. for what functioas 
there exist the limits of their integral sums. The answer is given 
by the following theorem which is given without proof: 

Theorem (On Existence of the Definite Integral). If the func- 
tion f(x) is continuous in the closed interval |a, 6}, its integral 
sum tends to a definite limit as the length of the greatest subin- 
terval tends to zero. 

It should be stressed once again that this limit, i.e. the definite 


integral \ F) dx, does not depend on the method of breaking up 


the interval of integration into subintervals and on the choice of 
the intermediate points in them. 

Integral sums formed for different divisions of the interval of 
integration and for different choices of the points & may substan- 
tially differ from each other. The remarkable theorem formulated 
above shows that for continuous functions the difference between 
these sums disappears as the number of points of division increases 
and the length of the greatest subinterval decreases and vanishes 
in the limit. 

In what follows we assume, unless the contrary is stated, that 
the functions under consideration are continuous. 

The existence theorem shows that to every function f(x) conti- 
nuous in a closed interval (a, 5} there corresponds a certain number 


equal to the definite integral { f (x)dx. Here we come across a new 


type of functional dependence in which the continuous function 
f(x) serves as an independent variabJe and the definite integral 
of f(x) as a function. 

Generally, if fo every function from some class of functions there 
corresponds a certain number we say that there is a functional 
defined on that class of functions. 


For instance, the definite integral { f(x)dx is a functional on 


class of functions which are continuous in the closed interval 
a, bj. 
88. Simplest Properties of the Definite Integral. 

Theorem I (On Integrating a Sum). The integral of a sum of 
a finite number of functions is equal to the sum of the integrals 
of these functions: 


6 +] 6 


\(a+o-+.. +-w)dx= ( udx-+-\odx-+...4\wdx 


a a a 
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where “, 0, ..., W afe functions of the independent variab- 
le x. 

Proof. Let us denote the integral on the left-hand side by /. 
According to the definition of the integral, we have 


flim 3 (u;+0;+... +m) Ax= 
=! 
= lim & uy Axi + 2 vu; Ax;-+... ee W; Ax.) 
=] —_ = 


where u;, U;, ..., @; are, respectively, the values of the func- 
tions u, v, ..., w at some point of the interval [x,;_,, x,] and 
Ax;=%x;—%;_.,. Taking advantage of the theorem on the limit of 
a sum? we write 


/=lim > u,Ax;-+lim pz v,Ax;-+ ca + lim >, W; Ax; 
é=1 =1 t=] 


b b b 
P=Sude+\vde+...4[ was 


which is what we set out fo prove. 

Theorem II (On Taking a Constant Factor Outside the Sign 
of Definite Integration). A constant factor in the integrand can 
be taken outside the integral sign: 

5  ] 
\ cudx=C \ udx 


a a 


where a is a function of the argument x and c is a constant. 
Proof. Let us denote the integral on the left-hand side of the 
equality by /. According to the definition of the integral, we have 


“Ls 
I=lim 3) cu; Ax; 
f=1 


Taking the constant c outside the sign of the sum and then oui- 
side the sign of the limit we obtain 


7 fy b 
{/=lime Zu, Ax;=clim & u,Ax,=c\ udx 
i= =] a 


which is what we set out to prove. 


1The general theorems on limits of functions (including the theorem on the 
limit of a sum of functions) can be readily extended to limits of integral sums. 
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Theorems I and II imply that 


b b b 
( (Cite Cu, dv, ( u,dx+...+C,, ) u,dXx 
a a a 


where C,, ..., C, are constants and u,, ..., u, are functions of x. 

89. Interchanging Limits in the Definite Integral and Splitting 
the Interval of Integration. Geometrical Meaning of the Integral. 
Up to now we have assumed that the lower limit of the integral 
is less than the upper or, as we say, the interval of integration 


Fig. 106 


is directed to the right. However, the general definition of the 
integral can be extended to embrace the case a>b as well (Jor 
a>b we say that the interval of integration is directed to the 
left). To this end we divide the interval of integration into sub- 
intervals by points x,, x,, ..., X,-, (Fig. 106) where 


A> x, >%, >.> X_uy > b 


and consider the negative differences x;—x,;.,. Accordingly, every 
difference x;—x;., entering into the construction of the corres- 
ponding integral sum is no longer the length of the subinterval 
but differs from it in the sign. 

If we now consider the two integrals 


b a 
( f(x) dx and \ f (x) dx 
a b 


and form their integral sums for one and the same division of 
the interval into subintervals and for one and the same choice of 
the intermediate points, they obviously differ from each other 
only in the sign. Thus, we have arrived at the following theorem!: 

Theorem III (On Interchanging Limits of Integration). Sf the 
upper and the lower limits of the definite integral are interchan- 
ged the integral only changes its sign: 


\f (x)dx=—J f(x) dx 


1 In Secs 88-92 the theorems are numbered in the consecutive order, 
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Bearing in mind Theorem III, in what follows we shall confine 
ourselves to the integral 


b 
| F(x) dx 


with a< 6, for, if a> 6, the change of the sign of the integrand 
reduces the given integral to an integral whose lower limit is less 
than the upper one. 

It is also quite clear that if the upper and the lower limits of 
integration coincide, i.e. if b=a, the integral should be under- 
stood as equal to zero: 


( F)de=0 


From the geometrical point of view this means that if the end 
points of the base of the trapezoid are made coincident, the tra- 
pezoid degenerates into a line segment of length f/(a) whose area 
must be considered equal to zero. 

Theorem IV (On Splitting the Interval of Integration). If the 
interval of integration [a, 6] is split into two parts {a, c] and 
[c, 6] then 


b C b 
lf (xydea| f (x)dx +) fx (dx) (") 
a a €c 

Proof. Since the limit of the integral sum does not depend on 
the way the interval [a, 6] is divided into parts (see the exis- 
fence theorem in Sec. 87), we can divide the interval so that the 
point c is always a point of division. Then the integral sum can 
be represented in the form 


Dif (E:) Ax; = Dy FS )) Ax + Doe FE ;,) Ax; 


where the first sum on the right-hand side includes all the terms 
corresponding to the points of division of the interval [a, c] and 
the second sum includes all the terms corresponding to the points 
of division of the interval [c, b]. The first and the second sums 
are, respectively, integral sums for the function f(x) corresponding 
to the intervals f{a, c] and [c, 6]. If the number of the points 
of division increases indefinitely and the length of the greatest 
subinterval tends to zero for the whole interval [a, 6} the same 
obviously takes place for the intervals [a, c] and [c, 6}; then the 
first sum tends to the integral from a to c and the second to the 
integral from c to 6, and thus the required equality is obtained. 

Equality (*) also holds in the case when the point c lies outside 
the interval (a, 6] to the right of it, i.e. a<b<c, or to the left 
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of it, ie. c<.a<6, on condition of course that the function (x 
is continuous in [a, c] or in [c, 5}. 

Indeed, let a<.b<c. As has been proved, since 6 lies belwee: 
a and c we have 


c b c 
fe) dx =F) de \ F(x) ae 


a 
whence 


a] Cc c 
F(x) dx=\ f(x)dx— | F(x) dx 


Now, interchanging the limits of integration in the secox4 
integral on the right-hand side we obtain 


b c 6 
\ Ff @jde=\Fdrt | fade 
a a c 
which is what we wanted to prove. 
It can similarly be proved that equality (*) is valid forc<a<b. 
From the theorem proved it follows that if c,, ¢,, ..., Cy éé 
arbitrary points belonging to an interval of continuity {a, 5} of 
the function f(x), then 
b 


Cy Ly b 
Ji@de=fFedrtSfedet...+) fede 


Theorem IV expresses the so-called additivity property of {hz 
definite integral. 


nS EEN Se ee ee 
a a cB 6 Zz 
Fig. 107 


Theorem V (On the Sign of the Integral). If the integrand re- 
tains sign in the interval of integration the integral is a numbe»r 
of the same sign as fhe funcfion. 

Proof. Let f(x)20 in the interval [a, 6] (a< 6). Then in the 


integral sum /,= >) j (E;) Ax; all the summands are nonnegative, 
and hence, 1,2; the limit of a nonnegative quantity cannot be 
negative, i.c. \ f(x)dx>>0. 


It now remains to show that this integral cannot be equal to 
zero unless the function /(x) is identically equal {fo zero. Let 
[(c)c> 0 at a point c of the interval. Then, by the continuity of 
the function f(x), there exists an interval [a, PB] (Fig. 107) in 
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which the function remains positive (see Sec. 32). Let us denote 
by m its least value in the interval [o, 8]; then f(x) 2>m>0 
for x€[a, B]. Any integral sum for the interval [a, 6] therefore 
satisfies the inequality 


k 

B 
But then for its limit we also have § f (x)dx>>m(p—a) > 0. By 
Theorem IV, . 


b 4 3) b 
VF xyde= J Flaydet | Fe) de +) FG) de 


As has been proved, the first and the third integrals on the 
right-hand side of the equality are nonnegative, and the second, 
as we have just shown, is positive. Hence, 


b 
( F(xdx>0 


which is what we wanted to prove. 

If the integrand in the interval of integration changes its sign 
the integral can be positive or negative or equal to zero. 

When solving problems we should bear in mind the property 
of the definite integral implied by Theorem V. For instance, 
when computing the area of a curvilinear trapezoid with the aid 
of the integral it is mecessary to take into consideration its dis- 
position relative to the base. In the case when the trapezoid lies 
entirely above the x-axis the integral of the ordinate expresses 
the area; in the case when the trapezoid lies entirely below the 
x-axis the integral is negative and expresses the area of the tra- 
pezoid taken with the negative sign. Finally, when some parts 
of the trapezoid lie above the x-axis and some below it, it is 
necessary, when computing the area, to evaluate separately the 
integrals expressing the areas of the parts lying above the 
x-axis and the integrals expressing the areas of the parts lying 
below the x-axis and take the sum of their absolute values. 

Geometrical meaning of the integral. Let us agree to ascribe 
the plus sign to the area of a curvilinear trapezoid situated 
above Ox and the minus sign to the area situated below Ox. 
Then, by Theorems IV and V, the definite integral of the func- 
tion f(x) is the algebraic sum of the areas of the curvilinear 
trapezoids, situated over and under Ox of which the given tra- 
pezoid is made up, each area being taken with the corresponding 


20—2280 


306 Ch. V. Integral Calculus 


sign. This sum is called the algebraic area of the whole curvili- 
near trapezoid. 

Bearing this in mind, in what follows we can consider any 
definite tntegral 


b 
\ F(x) dx 


irrespective of the concrete meaning of the variable of integration 
x and of the function f[ (x), as the algebraic area of the curvilinear 
trapezoid with base {a, 6] bounded by the curve y=f (x). 


Let us return to the formula s = | f(t)dt expressing the dis- 


Ty 
tance travelled by a body in its rectilinear motion with velocity 
vu=f(t)>0 (see Sec. 86, III). If it is not assumed that [(/)>0, 
the integral expresses the algebraic sum of displacements of the 
point, every displacement being taken with the sign plus or minus 
depending on the direction (positive or negative) in which it is 
reckoned. The difference between the distance and the algebraic 
sum of displacements is obvious; for instance, if the point is in 
a harmonic vibration, that is s=Asinot, then the path covered 


by it during the time interval (0, 7] where T=— is a period, 


is equal to 4{A|, and the algebraic sum of displacements is 
equal to zero. 

The formula expressing the work can be interpreted in a simi- 
lar way. 

90. Estimating Definite Integral. Mean Value Theorem. The 
Arithmetic Mean of a Function. 

I, Estimation of definite integral. Let us determine upper and 
lower bounds for the value of a definite integral. 

Theorem VI (On Estimating a Definite Integral). The value of 
a definite integral lies between the products of the least and the 
greatest values of the integrand by the length of the interval of 
integration, i.e. 


b 
m(b—a)<\ f (x)dx<M(b—a), (a<b) 
where mz and M are, respectively, the least and the greatest values 
of the function f(x) in the interval [a, 8]: 
Mf (x)<M 


Proof. Let us take two functions M—f(x) and m—/(x), the 
former being nonnegative in the interval [a, 6], the latter nonpo- 
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sitive. By Theorem V (Sec. 89), we have 
b b 
| [M—f(x)]dx>0 and | [m—f(x)Jax<0 


Now, applying the theorems of Sec. 88 and formula (*) of 
Sec. 87 we obtain ' 
b 
M (b—a)> \ f(x)dx and m(b—a)< ( f (x) dx 
which is what we set out to prove. From the proof of Theorem V 
it follows that unless the function f(x) is constant the nonstrict 
inequalities can be replaced by the strict ones: 


b 
m(b—a) <lF() dx < M (b—a) 


The geometrical meaning of the inequalities we have just pro- 
ved is the following: the area of a curvilinear trapezoid is greater 
than the area of the rectangle with al- 
titude equal to the least ordinate of the 
trapezoid constructed on its base and is 
less than the area of the rectangle with 
altitude equal to the greatest ordinate of 
the trapezoid constructed on the same base 
(Fig. 108). 

When finding bounds for an integral 
we estimate it. It may sometimes be diffi- 
cult oreven impossible to find the exact Fig. 108 
value of an integral, but by estimating it 
we learn, even if crudely, its approximate value. In mathematics 
such estimations are rather often used. 

The bounds for an integral indicated in Theorem VI become 
more accurate as the interval of integration is made shorter and as 
the curvey =f (x) approaches a straight line parallel to the x-axis. 

Examples. (1) Let us estimate the integral 

2 





5—x 
Ia dx 


With the aid of the well-known methods of differential calculus 
(Chapter IV) we find that the greatest and the least values of the 
integrand in the interval [0, 2] are, respectively, equal to y,_.= 
= 0.6 and y,_,=0.5. Hence, 

o—X 


2 
0.5 (2-0) < | F=4 dx < 0.6(2—0) 
0 


9— x2 


308 Ch. V. Integral Calculus 


i.e. the value of the integral lies between 1 and 1.2. If we as- 
sume that it is approximately equal to I.1, the limiting absolute 
error is 0.!, and the relative error is 77 100 + 9%. Later we 
shall be able to find the exact value of the given integral which 
is equal to + ind5~—In3 ~ 1.047. 


(2) Let us estimate the integral 





It 
2 o 
Sin x 
\ : dx 
mia 


4 


It can be easily verified that the integrand decreases in the in- 


terval E 3 and, consequently, 











Thus, the value of this integral lies between 0.5 and 0.71, 
which enables us to take the value 0.6 as its approximation accu- 
rate to within 0.1. More precise methods show that the integral 
is approximately equal to 0.62. 

IJ. Generalized theorem on estimating definite integral. Integ- 
rating inequalities. There holds the following theorem more ge- 
neral than Theorem VI: 

Theorem VII. If at every point x of an interval [a, 5} the 


inequalities 
(x) <f (x) < G(x) 
are fulfilled then 


fvceyae< | s(ayde<fo(eyar, a<o 


This means that an inequality between functions implies an in- 
equality of the same sense between their definite integrals, or, 
briefly speaking, that it is allowable to integrate inequalities 
fermwise. On the other hand, simple geometrical considerations 
indicate that the differentiation of an inequality may lead toa 
senseless resulf. For instance, the inequality f(x) <C=const does 
not, of course, imply that f’ (x) <0. 

The proof of the theorem is immediately carried out by the 
application of Theorem V on the sign of an integral to the in- 
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equalities f(x)—g(x)<0 and f (x)—~(x)>0. The equality signs 
in ee VII only appear when the functions coincide iden- 
tically. 

In particular, when g(x) is identically equal to M and ‘p(x) 
is identically equal to m we get Theorem VI. 

With the aid of Theorem VII we can readily obtain an impor- 
tant inequality which will be of use in what follows. For any x 


we have 
—lFMI<fe)<]F | 


(If f(x)>0 the right inequality turns into an equality and the 
left inequality is obvious; if f(x) <0 these inequalities are pro- 
ved similarly.) It follows that 


b b b 
—\lF)lax< | f@yar< [FQ [de 
that is, ; " 


Freya <f iranlax 








Thus, the absolute value of the definite integral does not exceed 
the integral of the absolute value of the integrand function. Let 
the reader elucidate the geometrical meaning of this inequality. 
We remind the reader that a similar proposition applies to sums: 
the absolute value of a sum does not exceed the sum of the abso- 
Jute values of the summands. 

III. Mean value theorem. The definite integral possesses the 
following important property: 

Theorem VIII (The Mean Value Theorem). Let f(x) be a conti- 
nuous function in a closed interval [a, 6]. Then there exists at 
least one point x==€ inside this interval such that 


b 
\ f (x) dx 
Sa =F) (*) 
Proof. If the function f(x) is constant formula (*) is obvious, 


E being any point of the interval [a, 6]. Suppose f(x) is noncon- 
stant; then, by Theorem VI, we have 


b 
| Fa) de 
m<- <M 


b—a 
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and, hence, 


b 
( f () de 
= = 


where » is a number lying between the least value m and the 
greatest value M of the function f(x) in the interval [a, 0}. 

The well-known property of continuous functions (see Sec. 35) 
implies that there are at least two points of the interval [a, 6] 
at which, respectively, the function f(x) assumes the values a 
and M and also a point lying between them where it assumes 
the intermediate value p. Hence, there exists a point E€(a, }) 
at which /(€)=p. The theorem has thus been proved. 

From equality (*) we find 


f(x)dx=f(€)(b—a). a<&<b 


8D 


This formula enables us to restate the mean value theorem as 
follows: 

The definite integral of a continuous function is equal to the 
product of the value of the function at some intermediate point o} 
the interval of integration by the length 
of that interval. 


YY Let us discuss a visual interpreta- 
: macy tion of this theorem. Jf a straight 
ye 


Yy 

, line parallel to Ox is moved upward 
Le (Fig. 109) from the position BC the 
area of the rectangle ABCK increases 
continuously from a value less than 
the area of the trapezoid to a value 
exceeding it. Obviously, for some 
intermediate position of this line 
(denote it by FG) the area of the rectangle AFGK is precisely 
equal to the area of the trapezoid S. Since in this motion the 
straight line constantly intersects the curve bounding the trape- 
zoid, in the position FG there appears one or several (two in 
Fig. 109) points of intersection Q, the abscissa of any such point 
of intersection being a value &€ indicated in the theorem. 

IV. The arithmetic mean value of a function. 

Definition. The arithmetic mean value (or, simply, the mean) 
3m Of a continuous function y==f(x) on the interval fa, 5} is 
the ratio of the definite integral of this function to the length 









Fig. 109 
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of the interval: ; 
( F() dx 
a a 
We shall present some considerations justifying this definition. 
Let a magnitude y take on nm values y,, Y,, ..-, Y,- The ratio 


Wwtyet sss tY¥n jc called the arithmetic mean value of this quan- 


n 

tity. For example, if during the twenty-four hours the air tem- 
perature is measured every hour, the mean temperature is equal 
to the ratio of the sum of all the observed temperatures to 24. 

Now suppose that a magnitude varies continuously (for instance, 
the air temperature is known at any moment of the 24 hours) and 
that we want to characterize “in the mean” the set of all its 
values. How should we define the mean air temperature taking 
into account the entire set of the data? More generally, what 
should be taken as the mean value of a continuous function 
y=} (x) on an interval [a, b}? 

To find the answer to the question, let us split the interval 
[a, 6] into n equal subintervals and take the values of the fun- 
ction at the midpoints of these subintervals serving as points E/s: 


P(E)» P(E). --+s FUER) 


Here the points & at which we take the values of the function 
are evenly spaced; this is a usual procedure in various kinds of 
measurement. Now we can take the arithmetic mean n, of the 


chosen values: 
n fbx) +f Ee) +. +h (En) 
y n 


It is obvious that the greater n, that is, the greater the number 
of the values of the function which are taken into account in the 
determination of the mean value, the more reliable the result. 
Therefore it appears natural to take as the mean value y,, the 
limit to which y, tends as n—-oo. Let us find this limit. 

net multiplying and dividing the expression of yn, by b—a we 
obtain 


| 
Th = poglf (61) Axi + FE) Axa t+ «6. +P (En) Axa] 
where Ax, =Ax,= 1 An, = Ao8, Now, passing to the limit as 


n—+oo (i.e. as Ax—+0) we get the expression given above for the 
mean value: 


n b 
Yu = Him 5 DF (6) Are pag J Fe) dx 
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On the basis of the mean value theorem (Theorem VII) +: 
conclude that y.=/(&) where €€(a, b). The mean value ciz 
continuous function on a closed interval (provided the functi: 
is nonconstant) is always less than some of its values, grecte: 
than some other values and equal to at least one of the valve. 

The notion of the mean value of a function is commonly txé 
in engineering. For instance, such quantities as vapour precswe, 
power of an alternating electric current, rate of a chemical ié- 
action and the like are most often characterized by their rez: 
values. 

91. The Derivative of an Integral with Respect fo its Up»; 
Limit. Lef us assume that the lower limit of the given integre! 
is constant and the upper limit is variable. Making the usp 
limit to assume different values we obtain the corresponding ve- 
Jues of the integral; consequently, under this condition, the inte 
ral becomes a function of its upper limit. 

Let us discuss the question of notation. The independent variz 
in the upper limit is usually denoted by the same letter (say 
as the variable of integration. Thus, we write 


‘' 
Ds 


I(xj= fey dx 


However the letter x in the element of integration only serves to 
designate the auxiliary variable (the variable of integration) whict. 
runs over the values ranging from the lower limit a to the wore: 
limit x as the integral is formed. If it is necessary to evaluate 
a particular value of the function / (x), for instance, for x=6, 
i.e. / (6), we substitute 6 for x in the upper limit of the integra! 
but do not replace by 6 the variable of integration. Therefore it 
is more convenient to write 


T()=\i (de 


denoting the variable of integration by some other letter (in this 
case by t). However, ior simplicity, we shall often denote by the 
same letter both the variable of integration and the independes! 
variable in the upper limit bearing in mind that in the upper 
limit and under the integral sign they have different meanings. 
The properties of the integral described in the previous sectisz 
are also characteristic of an integral with variable upper limit. 
For our further aims it is exiremely important to study the 
connection between the funcfion / (x) and the given integrand f (z).? 


1 The presentation of the material in this course makes it poccible lo sfu2s 
the definite integral before the indefinite. It is only necetsery to read Sx. it 
beforehand, 
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Theorem IX (On the Derivative of the Definite Integral with 
Respect to Its Upper Limit). The derivative of the integral with 
respect to its upper limit is equal to the integrand: 


a 


Lr (2=( { F (*) ax =f (x) () 


In other words: an integral with variable upper limit is an anti- 
derivative of its integrand. 
Proof. Let us give the argument x an increment Ax. Then the 
new value of the function / (x) is 
x+Az 


T(x--Ax)= iN F (x) dx 


a 
Hence, 
X+AX x 


Al =I (x+Ax)—I (x)= iy F(x) dx—\ F(x) dx 


On applying Theorem IV to the first integral on the right, we get 
x+Ax 


x x+4x x 
AI =| f(x)dx+ F(x)dx—\ f(x)dx= f f (x) dx 
a x a zx 
According to the mean value theorem, the last integral is repre- 


senitable as 
Al = f (§) (x-+-Ax—x) =f (§) Ax 


where — is a point lying between x and x-++ Ax. 
By the definition of the derivative, we have 


’ im of im Leas 
: () fer Ax Pogey Ax Fey i (5) 


But if Ax—+0O then x-+-Ax tends to x, and therefore &—+x, 
which implies, since f(x) is a continuous function, that 


lim f (&) = lim f (&) =f (x) 
Ax +0 B+ 


This is what we wanted fo prove. 
From this theorem it follows that 


d | F(x)dx=f (x)dx (**) 


It should be noted that the results expressed by formulas (*) 
and (**) do not depend on the notation of the variable of integ- 
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ration; for instance, we can also write 


ZV Ft =f (x) 
and . 


d ( f(t) dt =f (x) dx 


a 


The geometrical interpretation of the theorem was indicated in 
Sec. 78; here we shall explain it once more. The function / (x) 
expresses the variable area of the curvilinear trapezoid with va- 
riable base [a, x] bounded by the 
curve y=f (x). The assertion of the 
theorem implies that the derivative 
of the area of the trapezoid with 
respect to the abscissa is equal to 
the ordinate of the line bounding 
the trapezoid (i.e. to the segment 
AB =f (x); see Fig. 110) or that the 
differential of the area of the trape- 

Fig. 110 zoid is equal to the area of the rec- 

tangle ABDE with sides equal, res- 

pectively, to the increment of the base of the trapezoid and to 
the ordinate of the line y=f(x) at the point x. 

92. The Newton-Leibniz Theorem. Now we have come to the 
concluding stage of our considerations which enables us to estab- 
lish a roundabout way for evaluating integrals without computing 
the limits of integral sums. 

Theorem X (The Newton-Leibniz Theorem). The value of the 
definite integral is equal to the difference of the values of any anti- 
derivative of the integrand corresponding to the upper and lower 
limits of the integral: 





| f(x) dx =F (b)—F(a), where F’(x)=f(x) (4) 


The equality (*) is referred to as the Newton-Leibniz formula. 

In other words: 

The value of the definite integral is equal to the increment of 
any antiderivative of the integrand gained on the interval of inte- 
gration. 

Proof. Let us consider the function 


I (x)= f(x) dx 
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Since it is an antiderivative of the function f(x), it must be con- 
tained, according to the theorem of Sec. 78, in the family of func- 
tions F(x)+C where F(x) is an arbitrary antiderivative of f (x). 
Consequently, 

I (x) = F (x) +C, 
where C, is a concrete constant. To determine C, we shall make 
use Of another property of the function / (x), namely, 


I (a) =\ f (x)dx=0 


a 


It now follows that 
F (a)+C,=0, i.e. C, = —F (a) 
Thus, 


I(x) = 5 f(x) dx =F (x)—F (a) 


Finally, putting x=6 we obtain the desired equality (*), 
The difference of the values of a function is often written in the 


symbolic form: 
F (b) —F (a) =F (x) {a 


The symbol |2 with the two indices a and b is the so-called sign 
of double substitution. It indicates that the value of the function 
corresponding to the lower index must be subtracted from the one 
corresponding to the upper index. 

Using this notation, me can write formula (*) in the form 


rajdem Fe 


where 
FP (x) =F (x) 

The Newton-Leibniz theorem provides a key method for eva- 
luating definite integrals. It enables us to find the definite integral 
with the aid of antiderivatives, i.e. with the aid of indefinite in- 
tegration, avoiding summation. To illustrate this method let us 
take some simple examples: 


poet eee oe 
i 3 3 3 





\ya= Inx|’ =Inb—Ina= In=(a > 0, 6> 0) 


Ed 
2 
a | 





at 

2 

( cosxdx=sinx 
0 
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It is natural to call the complex function Z(t) an antiderivative 
of the complex function 2(¢). The indefinite integral of z(¢) is the 
family of all its antiderivatives; it can be readily shown that 


(2(jdt=Z()+C 


where C=C,+iC, is an arbitrary complex constant (C, and C, 
are real constants). We can also write 


\ 2(t)dt=\ x(t)at+il y(tyde 
The definite integral of the function 2(¢) is defined similarly: 


b b b 
(z(tydt=\ x(tydt+il y(de 


On applying the Newton-Leibniz formula to the integrals on the 
right-hand side of the equality we obtain 


(edt x (t) i + i¥ (t) i = Z(t) : 


This is the Newton-Leibniz formula for complex functions of a real 
argument, 
Examples. (1) If 2540 is an integer, then 


2 
2X erin — } 





2 efnt 
\2 Gb = | de 
0 
because e?/" — | (see Sec. 74). 
f Hin ext—y] 2 
(2) We have \ et dt = leer ae —7= 2i 





0 


(3) Let 1, =) e+ cost dt and I,=§ et sin bidt, The method of 
finding these integrals by means of integrating by parts is descri- 
bed in Sec. 81, I (Example 4). The integrals 7, and /, can be 
found more easily by means of Euler's formula (see Sec. 74): 


' 
1, +i, = ( ett (cosbt +i sin bt) dt = (eet dt = 4. ¢ 





where C is a complex constant. Separating the real and imaginary 
parts on the right-hand side of the equality we obtain the expres- 
sions for the sought-for integrals. Let the reader carry out the cal- 
culations; the final results are given in the table of integrals at 
the end of the book (Formulas 73 and 74). 
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§ 3. Methods of Evaluating Definite Integrals 


94. Integration by Parts and by Change of Variable in the De- 
finite Integral. The most important result of the theory of inte- 
gration is the Newton-Leibniz formula which establishes the con- 
nection between the definite and the indefinite integrals; according 
to this formula the definite integral is evaluated with the aid of 
the indefinite integral: 


b 


UF xyde=\ F(x) dx 


a 


b 
a 





Since we can take any antiderivative on the right-hand side of 
the equality, it makes no difference what arbitrary constant is taken 
in the indefinite integration and therefore it is usually omitted. 

The simplest rules for integrating a sum of functions and a pro- 
duct of a function by a constant are essentially the same for the 
definite and the indefinite integrals. Now we proceed to the rules 
of integration by parts and by change of variable and indicate 
some particulars related to their application for evaluating definite 
integrals. 

I, Integration by parts: we have 


t tdunniie 5 wah ide (A) 


ra | 


where uw and @ are functions of an independent variable. 
Proof. The relation 


mere (2 = (uv—{ udu) 


3 





* 
Ay 


directly implies the formula we set out to prove. 

Instead of completing indefinite integration by parts and periorm- 
ing double substitution we can make use of formula (A). 

As an example, let us take the integral 


du=sinxdx, u=sin"~1x 


v= —cosx, du=(n—]) sin"? xcosxdx 
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and 


IT 
2 


[,==—cosx sin"~! 





7+ (n—1) ( sin"~2 x cos? x dx 
0 


The first summand on the right-hand side is equal to zero; re- 
placing cos? by 1—sin?x in the second summand we obtain 


ps 


Tv 
2 2 
[,=(n—1) ( sin?-? xdx—(n— 1) ( sin” x dx 
0 0 


1.€. 
1,= (n— 1) Ln-g—(n— 1) 15 
whence 


—1 
!,=— a 





This is the recurrence formula for the integrals /,. With the aid 
of this formula we can finally reduce the exponent to 1 if n is an 
odd number and to zero if n is an even number. The integrals 


ri Tt 


2 2 
I,=\sinxdx=1, I,=\ de=Z 
0 0 


being known, the problem can be thus completely solved. For 
example, 


psf 


r) § 
: 2 2 : 3 3.1 
In=\sintxde =F =z, L=\sintxde => =Z-gh= 
0 0 


The determination of the indefinite integral corresponding to 
the original definite integral would involve more complicated cal- 
culations. 

II. Change of variable in the definite integral (integration by 
substitution). The rule for change of variable in the definite in- 
tegral is very important. We remind the reader (see Sec. 81, IJ) 
that if x= (uw) then 


{ F(x) dx = J Fhp (uy) y’ (u) du 


In this case if one of the integrals is known, the other is found 
as well. If the first integral is equal to F(x) (the arbitrary con- 
stant C is omitted), the second is equal to F[w(u)]; if the second 
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integral is known, in order to find the first integral we must re- 
place u by its expression in terms of x. 

We can now state the rule: 

Let f(x) be a continuous function in a closed interval [x*,, %,], 
and lef «==p(u) and w’(u) be continuous functions in a closed 
interval [z,, a,], the function tp(a) being monotone in this in- 
terval, and (a,)=-,, (a,)==-2,.1 Then 


[ f(xydx=l fly] yp’ (a) de (8) 


Proof. We assume that the indefinite integral on the left-hand 
side is known and is equal to F (x); then 


| f(x) dx =F (x,)—F (x,) 


According to the above, the indefinite integral on the right-hand 
side is equal to F[1p(u)] and, therefore, 


Wit: (u)}>p’ (u) du = F [op (u,) J—F [1p (u,)] = F (x,.)—F (x,) 


Comparing the equalities, we arrive at Formula (B). 

Formula (B) shows that the element of integration is transfor- 
med as in the case of the indefinite integral. The new limits of 
integration u, and u, are the roots of the equations 


| x, =1p(u) and x, =p (u) 
in the unknown u. 


Thus, instead of performing indefinite integration with the aid 
of change of variable, returning to the original variable and then 
evaluating the double substitution with the given limits, we can 
directly compute the double substitution with the new limits. The 
result (the value of the definite integral) is the same but the 
amount of calculations is reduced. 

The change of variable in the definite integral is often perfor- 
med not by the formula x= .p(u) but by the formula u=9(x) 
expressing the new variable in terms of the old one. Then the 
new limits u, and u, are readily found by the formulas 


U, =X), Up =O (%,) 


1 Under these conditions the composite function f {1p (u)] is defined and 
continuous in the interval (u,, u.J; by the way, usually it is possible to dis: 
card the condition of monotonicity of the function 1 (x). 
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Sometimes there may arise difficulties caused by the fact that 
if the function u=—q(x) is nonmonotone, its inverse function 
x=p(u) is not single-valued. It may turn out that fo different 
values x, and x, there correspond the same values u,—u, (for 
instance, this is the case in the double substitution for u=cosx 


with the limits —> and 5 and the integral on the right-hand 


side of formula (B) is equal to zero whereas that on the left is 
not. Therefore, for formula (B) to be valid some additional con- 
ditions should be imposed on the function u=q (x); for instance, 
it is sufficient to require that the function g(x) should be mono- 
tone in the interval [x,, x,] and have a derivative not vanishing at 
any interior point of the interval (in short, the derivative 9’ (x) 
should retain its sign). Then the inverse function x=vp(u) satis- 
fies all the requirements stated in the rule for integration by 
substitution (see Theorem V in Sec. 34 and also Sec. 42, II). 


2 


Examples. (1) Consider the integral { 2VI—x de. We put 


0 
x=sinu and find the new limits of integration u, and u, from the 


equations O=sinu and 5 =sin u; u, can be taken equal to 0, 

and u, equal to =. As u varies from 0 to the variable x=sin x 

runs throughout the given interval of integration 0, al Thus, 
at 


z 

2 6 6 

\ x? V | —x? dx =| sin? ucos? udu=-; | sin? 2u du=— 
0 0 0 








a 


x 
(2) Let us find ‘ Treosty tt: The substitution u=cos.x satisfies 
0 


all the requirements in the interval O<x<—; therefore, 





Ct 0 4 


0 

sin x du 

THeostzde=—J pu = arctanu 
1 


21—2280 
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(3) Taking the integral U,=\ cos"xdx we put x= >—u; then 


CMD | 89 


aT at 
2 0 2 
BAG P 
\ cos" x dx = —| cos” (F—+) du = | sin” udu 
0 Ea 0 
2 


and since the value of the definite integral does not depend on 
the notation of the variable of integration we obtain 
1 4 4 4 


— =a 


2 2 
U,=S cos" xdx = | sin” x dx 
0 0 


The method for evaluating the last integral with the aid of the 
recurrence formulas was described on page 319. 
Let us derive some formulas for an integral 
a 
\ f(x) dx 
taken over a symmetric interval [—a, a] whose integrand is an 
even or an odd function. We first represent this integral as 


a 0 a 
) F(xddx= J f(xydet-| p(n ax 
-—a ~a 0 
Then, changing the variable of integration in the first integral 
on the right-hand side by means of the formula x= —u, we obtain 
) f(xydx= J f(—u) du tS f(xy ax 
-—4 0 0 


In the first integral on the right we designate the variable of 
integration by x and derive the formula 


\ f(X)de= J (f (—x) +f (o)] dx 


The integrand on the right-hand side is equal to zero if f (x) is 
an odd function and to 2f(x) if f(x) is an even function. Conse- 
quently, 

P 0 for an odd function f(x) 


\ [ (x) dx = 2 \ f (x) dx for an even function f (x) 
0 


-~@ 


§ 3. Methods of Evaluating Definite Integrals 323 


These formulas are very useful. For instance, it immediately 
becomes clear that 


a % 
( xeer*dx=0 and ( sin? x cos? xdx = 0 
2 = Sf 


We advise the reader to elucidate the geometrical meaning of 
these formulas. 

95. Approximate Integration. We now turn to some commonly 
used methods of approximate integration enabling us to find with 
a sufficient accuracy an approximate 
value of the definite integral of any 
continuous function. The need for an 
approximate evaluation of the integ- 
ral may arise when the method for 
finding the exact value of the integ- 
ral does not exist or is unknown or 
when the application of the existing 
method is inconvenient. The appro- 
ximate numerical methods considered 
here are based on the following: 
regarding the integral as the area of the corresponding curvi- 
linear trapezoid we can find an approximate value of that area 
and thus an approximate value of the integral if we compute 
the area of another trapezoid bounded by a curve whose shape 
and position are as close as possible to those of the given curve. 
The auxiliary curve should be chosen so that the area of the new 
figure is easily computed. 

We shall consider the following rules for numerical integration: 
() the rectangle rule and the trapezoid rule and (2) Simpson’s 
rule}, 

I. The rectangle rule and the trapezoid rule. Let us divide the 
given interval of integration [a, bj into nm equal parts (subinter- 
vals) and replace the given trapezoid by a step-like figure con- 
sisting of n rectangles with these subintervals as bases, the altitudes 
of the rectangles being equal to the values of the function y=f (x) 
at the initial or final points of the subintervals (Fig. 111). The 
value of the area of such a figure gives an approximation to the 





sought-for integral I= | f(x) dx. The greater the number of the 


subintervals, the greater the accuracy of the result. 
If we denote the values of the function f(x) at the points of 
division by Yo, Yy. -.+s Yuna Uns ie. if we put y,=f(x,) and 


1 JT, Simpson (1710-176)), an English mathematiclan. 
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b—a 





X,=a-+kAx where Ax = and & takes on the values 0, 1, 2, ...,n, 
we obviously get the following approximate formulas: 


Te] =At Yet ost + +4Yn-1) 
and 


I wl=Ax(y,+y,+ ps +Yn) 


These are the so-called rectangle formulas. 

Now let us retain the same division of the interval [a, 6} bul 
replace the arcs of the curve y=f (x) corresponding to the subin- 
tervals by the chords joining the end points of these arcs, The 
curvilinear trapezoid is then replaced by a figure consisting of n 
rectilinear trapezoids (Fig. 111). As a rule, the area of sucha 
figure expresses the sought-for area more accurately than the area 
of the step figure made up of rectangles. 

It is obvious that the area of the trapezoid constructed on a 
subinterval is equal to half the sum of the areas of the rectangles 
corresponding to this subinterval. Adding up all these areas we 
obtain 

T4+-] 
Le Pg, Ax ( ots tHit4r+ «.. +Yo-] 





This relation is known as the trapezoid formula. 
If the function f(x) is monotone, / and / are bounds for the 


integral providing a considerably more accurate estimation than 
that given in Theorem VI, Sec. 90. It is clear that if the function 
is monotone increasing (which is the case in Fig. 111) we have 


I<l<l 
and if it is monotone decreasing, then, conversely, 
I>I>1 


In these cases, taking as an approximation to the integral the value 
obtained by the trapezoid formula 


147 
lx 5 





we get the resulf with an absolute error not exceeding the absolute 
value of half the difference between J and /, i.e. 
[7—J | 


JAI <—= 
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As an example, let us find approximate values of the integra} 
| 





0 
and compare them with its exact value equal to arctan l=> 


ez 0.785398. Let n=10. Then Ax=0.1 and x,=-0.1 (R=0, 1, 
2, ..., 10). Computing the values of the function (to within 0.001) 
we get 





J ow, 
Yo = 1, 4s = Tw. © 9.990, 


g,= I+ oy 2/2 ~ 0. 962, Y, XY Ww Q. 917, Ys 0.862, Ys ww 0.8, 


y, 720.735, y, 0.671, 9,610, 40.552, 9,,=0.5 


Consequently, 
J=0.1() 4+ 0.990 +- 0.962 +- 0.917 +-0.862 +-0.8-+4- 0.735 + 
+ 0.671 +0.610 + 0.552) + 0.810 


We similarly compute 7: 
I ~ 0.760 
In this example / >T because the function is decreasing. Thus, 
0.760 << 1 < 0.810 


As an approximation to J we now take the value 
Tre SOO 0.785 


Here the absolute error does not exceed |A/| < 0.025, the relative 
error being ae 100 3.2%. A more thorough analysis shows 
that the absolute error is in fact considerably smaller (it does not 
exceed 0.0004). 

Here we shall also compute an approximate value of the integral 





[= ( sinxdx=2 
6 
Let us put n=6. Then, by the trapezoid formula, 


a. an +sin2 4 sin 2% 4 sin 4sin-F) = 
= 5 (0.5-+5V3+ 14+5V3+ 0.5) oz 1.9541 
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The absolute error is equal to 0.0459 and the relative error is 
2.5%. 

In this example the integrand is not monotone in the interval 
of integration, and therefore it is difficult fo estimate the integral. 


Indeed, here we have J =/, i.e. we only obtain a minor approxi. 
mation of the sought-for integral. In order to find an estimation 
for this integral we must break up the interval of integration 
into parts in which the function is monotone and investigate sepa- 
rately the integrals over these parts. 

IT. Simpson’s rule. This rule does not require much more labour 
than the previous ones but yields more accurate results for the 
same divisions of the interval of in- 
tegration. 

As before, we divide the interval 
(a, b] into n equal parts but this 
time weassumethatn is even: n=2m. 
The arc of the curve y=f (x) corres- 
ponding to the interval (x,, x,] is now 
replaced by the parabola through the 
three points (Xo, Yo), (%1, Ys) and (x,y) 
with axis parallel to Oy (Fig. 112) 

Fig. 112 where x», x,, and x, are, respectively, 

the initial point, the centre point 

and the terminal point of the subinterval [x,, x,]. Analytically 

this means that in the interval [x,, x,] the given function y=} (x) 

is replaced by a quadratic function y=px?+qx+r. The coeff- 

cients p, g and r should be chosen so that the values of both 
functions are equal for x, x, and x,: 


Yo=PXEF GX AT, Y= PX GX, +7, Yo = pxt tx, 4-7 


On solving these equations we find the coefficients p, g and r. 

Making similar transformations in the intervals [x,, x], 
[Xa, Xg], -.-, [Xn-2, X,], We assume that the area of the given 
trapezoid is approximately equal to the sum of the areas of the 
parabolic trapezoids we have obtained. Our next task is to prove 
that the area S of the trapezoid bounded by a parabola y=px'+- 
+qx-+r with axis parallel to the axis of ordinates is expressed 
by the formula 








Q=Zy Ly 





zy 


b { 
S x PAE ee Yin + Yet I) (") 


where y;,, Y, and y, are, respectively, the ordinates of the parabola 
at the initial, centre and terminal points of the base of the tra- 
pezoid. 

Let us first suppose that the base of the trapezoid is an interval 
(—v, y] of the x-axis symmetric with respect fo the origin. For 
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the area of such a parabolic trapezoid we have 


Y 7 7 Y 
S= ( (px?-+qx-+r)dx=p \ xedx+tq { xdx-+r ( dx 
-v -¥ - -¥ 
1.e. 
3 f__ay\3 2. ()2 ny a Dy) 
S=p2 ‘ Wags seat 4r2 Y) == py + 2ry 


Since here we have Y;,=Yr=-y=Ppy?—qQytl, Ye=Yra0=!l, 
Y;=Yxay=py?+qy-+r and the base length is equal to 2y, the 
abi substitution of these values into formula (*) shows us that 
it holds. 

It is obvious that this formula remains valid for a parabolic 
trapezoid of the type under consideration with any base. Indeed, 
the area of the trapezoid is not changed under a parallel displa- 
cement carrying the centre point of its base to the origin: after 
the displacement the area can be computed by formula (*). 

Let us now return to the original problem and apply the formula 
obtained to find the area S, of the parabolic trapezoid with the 
interval [x,, x,] as base: 


S, = 228 (Yo t+ ie + He) =F Yo + 491 +4.) 
where Axa? The areas S,, S;, ..., S, of the subsequent para- 
bolic trapezoids are similarly expressed as 
S.= Fy, + 44s +40) 
S3= (yy +4y5 +40) 


A 
Sn => (Yn—2 + 4Yn-1 +Y9n) 








Adding up all these equalities termwise we obtain the expression 
giving an approximate value of the sought-for integral: 


1 mS [yet 4Ys + 2st Syst Yat «2 +41 + Ya 


We have thus obtained Simpson’s formula. 
For instance, by Simpson’s formula, taking n=10, we find for 
| 


the integral / = (x dx (whose exact value is 0.2) the approximate 


0 
value 0.200013; the absolute error is 0.000013 and the relative error 
is 0.01%. 
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It is clear that for any integral of a quadratic function y= 
= px?-+qx+r Simpson’s iormula gives the exact value. It should 
also be noted that for an integral of a cubic function Simpson's 
formula gives the exact value as well. 

st 


Let us apply Simpson’s formula to the integral \ sin dx evaluz- 
0 


ted above by means of the trapezoid formula. 
For n=6 simple computations yield 


I x (8 +2V 3) ~ 2.001 


The relative error of this result is equal to 0.05%. The accuracy 
is high although there are only six points of division of the 
interval of integration. 


1 
Applying to the integral \7F Simpson’s formula withn=4 
0 4 


we find / ~0.78539. Since / => we obtain 1 =3.14156. The abso- 


Jute error of this approximate value of the number = is Jess than 
4.10-*. Earlier, when applying the trapezoid rule, we obtained 
for the value of this integral (and, hence, for the number x) a less 
accurate result although the working was more laborious. 

Still more accurate formulas of approximate integration are 
treated in special courses devoted to numerical methods of analysis 
(for instance, see [7], [12], [13}). 

The above rules for approximate numerical integration enable 
us to find integrals not only of functions represented by formulas 
but also of those specified by graphs or by tables. 

Example. The width of a river is 20 m; the measurements o! 
the depth in its cross-section made with a step of 2 m resulted 
in the following table: 


14 1 | 18 | 4 


2.4 | 1.5 | 1.1 | 0.6 | 0.2 





Here x is the distance (in metres) reckoned from one of the banks 
and y the corresponding depth (also in metres). It is required to 
determine the area S of the cross-section of the river. 

The trapezoid formula yields 


S=2 (S$ 0540.94 114134174 


42,141.54 1.1-40.6)=22 m? 
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and Simpson's formula gives 
=F (0.2+44-054+2-0.9+...+4-0.640.2]=21.9 m* 


The results are very close. There is no sense in discussing their 
accuracy since the conditions of the problem give no exact informa- 
tion about the profile of the cross-section of the river. 

96. Graphical Integration. Now we shall discuss a graphical 
method of evaluating definite integrals. The problem is posed as 
follows: given the graph of a function y=/ (x), it is required to 
find, purely geometrically, without resorting to calculations, an 
approximate value of the integral 


b 
T=\ f(x) dx 


which is equal to the area of the curvilinear trapezoid bounded 
by the line y=f (x). 

Let us choose equal scales along Ox and Oy. Mark on the x-axis 
the point P lying at unit distance to the left of the origin 
(Fig. 113), and draw a straight line 
FG parallel to the x-axis intersecting 
the curve y=f (x) so that the area of 
the rectangle AFGB differs as little as 
possible from that of the curvilinear 
trapezoid. This means that the area 
enclosed between the curve and the 
straight line FG and lying above the 
line should be as close as possible to 
the area enclosed between the curve 
and that straight line and lying below the line. Let us continue 
the straight line FG to intersect Oy at a point 7 and connect this 
point with P by a line segment. Finally, from the point A we 
draw a straight line parallel to PT which intersects the straight 
line x=6 at a point M’. 

It can readily be shown that the segment M’8 represents the 
sought-for area, i.e. the number of units of length contained in 
the segment M’B is equal to the number of units of area (corres- 
ponding to the given scale) in the area of the curvilinear trapezoid. 
Indeed, the similarity of the triangles POT and ABM?’ implies 








BM’ _ OT , _ AB-OT 
sR = OP” whence BM’ = OP 


where OP=1 and AB-OT is equal to the area of the trapezoid. 
If the interval [a, 6] is not sufficiently small the error introdu- 
ced by an inaccurate construction of the straight line FG may be 
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substantial. For a more accurate construction the interval o! 
integration is divided into subintervals (not necessarily equal) and 
the whole trapezoid into the corresponding number of trapezoids 
with these subintervals as bases. The points of division should be 
chosen so that each subinterval is an interval of monotonicity of 
the integrand and every point of intersection of the curve y= (x) 
with the x-axis is among the points of division. If these subinter- 
vals are sufficiently small so that in each of them the curve only 















H wr} 
: og eer a" 
E i _ 
Ni 
es 
My *® 


Fig. 114 


Slightly differs from a straight line we can take, as midlines of 
the subtrapezoids, the ordinates of the graph of y=f (x) at the 
midpoints of the subintervals. This technique is usually applied 
in practice since it makes if unnecessary to draw by eye the lines 
of the type of FG. 

Thus, we construct, in succession, for each of the curvilinear 
subtrapezoids, a line segment representing its area. It is more 
convenient to lay off these segments from another axis 0,x parallel 
to Ox (Fig. 114). The area reckoned from the straight line x=a, 
corresponding to the point x= a is obviously equal to zero. We 
mark on O,x the point M,(a, 0) which corresponds to the point Af, 
of the curve y=/(x). To the point =x, there corresponds the 
area of the first subtrapezoid; it is represented by the segment M;,x, 
which is obtained if we draw from the point M, a straight line 
parallel to PT, intersecting the line «=x, at Mj. This point 
corresponds to the point M, of the curve. The area of the trapezoid 
corresponding to the straight line x=x, (i.e. the value of the 
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integral from a to x,) is equal to the sum (understood algebraically) 
of the areas of the first and the second subtrapezoids. It is repre- 
sented by the segment M;x, which appears as we draw from the 
point M, a straight line parallel to PT, intersecting the straight 
line x=x, at Mj. The point Mj corresponds to the point M, of 
the curve. Proceeding in this manner we construct, in succession, 
the points M;, Mj, ..., corresponding to the points M,, M,,... 
of the curve. The ordinate of the point M; corresponding to the 
point M,[b, {(6)] of the curve gives us the required approximate 
value of the integral /. Obviously, the greater the number of points 
of division, the more accurate the approximation. 

Let us join the points obtained M;, My, My, ..., Mn by a 
continuous curve. The ordinates of this curve obviously represent 
(approximately) the values of the integral taken from x=a to the 
corresponding points of the base of the trapezoid. In other words, 
this curve is the graph of the function 


I(x) =§ f (x) dx 


determined by the integral with variable upper limit. 

As was said (Sec. 79), the curve y=/ (x) is called an integral 
curve of the function y=/ (x). The geometrical construction of the 
integral curve with the aid of the graph of the integrand presen- 
ted here is called graphical integration. 

As in the case of graphical differentiation, graphical integration 
is most convenient when the integrand is represented graphically 
and its analytical expression is unknown. Such a situation offen 
occurs in practice; for example, this is the case when a function 
is specified by a graph traced by a self-recording apparatus. 

In conclusion we note that for approximate integration of 
functions represented graphically, i.e. for approximate computation 
of the areas of the corresponding curvilinear trapezoids, there are 
special instruments called planimeters. After the tracer of the plani- 
meter has been passed around the periphery of the area the value 
of the area is read on the meter of the planimeter. There also 
exist instruments (called integraphs) for constructing an approximate 
integral curve of a given function from its graph. 
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97. Infinite Integrals. Up to now, when speaking of definite 
integrals we assumed that the interval of integration was finite 
and closed and that the integrand was continuous. It is this parti- 
cular case to which the existence theorem for the definite integral 
Stated in Sec. 87 applies. Howeyer, it often becomes necessary to 
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extend the definition of the definite integral to an infinite interval 
of integration or to an unbounded integrand function. In this 
section we shall consider the case of infinite limits (the so-called 
infinite integrals); integrals of discontinuous functions will be 
studied in Sec. 99. 

Let y=f(x) be a continuous function in an infinite interval 
fa, +00), i.e. for x>>a (in this case it is allowable, for brevity, 
to omit the plus sign in front of the symbol oo and write {a, o)). 
Then we can take the integral of the function f (x) over any finite 
interval f{a, J] (l> a): 


l 
I(t) =S F(x) de 


Now let us make / grow indefinitely. Then there are two possibi- 
lities, namely, /(/) either has a limit as 1—+-+ 00 or has no limit, 
which justifies the following definition: 


Definition. The improper integral \ f(x)dx of the function 


f(x) over the interval [a, 00) is the limit of the integral 
{ 


( f (4) dx as l—- oo provided that this limit exists: 


| F(x) dx lim | f (x) dx (' 


a 


If the limit exists the improper integral { F(x) de is said to be 


convergent. If the limit does not exist equality (*) is meaningless, 


and the improper integral \ F(x) dx is said to be divergent. In this 


! 
case \ Fe) dx either tends to infinity or has no limit at all. 


If an antiderivative F (x) of the integrand f(x) is known, it can 
easily be checked whether the given improper integral is conver- 
gent or divergent: if lim F (x) =F (00) exists, then, by the Newton- 
Leibniz formula, 


\ f()de= lim [F Q—F (@)] =F (00)—F () 


and the integral is convergent; if this limit does not exist the 
integral is divergent. 
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Examples, (1) (en* dx = — e-* 5 = 0+ 1=1. Consequently, the 
0 
improper integral  e-* dx is convergent and equal to 1. 
0 


(2) { Z=inx=0. The integral is divergent because the 
i 
antiderivative In x tends to infinity as x—+ oo. 


(3) The integral ( cosxdx is divergent since the integral 
0 
! 
( cos xdx=sin x 4 = Sin! has no limit as !—+-oo (it oscillates between 


0 
—1 and 1). 

The improper integral over the interval (—oo, a] is defined 
similarly 


( f(e)de= lim § Fe) de F (@)—F (—o%) 


where F (—0oo) is the limit (if if exists) of the antiderivative F (x) 
as X¥~—+— Oo. 
If f(x) is a function continuous throughout Ox the improper 
integral can be defined for the whole interval (— oo, +00): by 
efinition, 


+o 0 +00 
\ Fjde= | feydet IF (2) dx 


If both integrals on the right-hand side are convergent, the 
+0 


integral \ f (x)dx is said to be convergent. If at least one of the 


integrals “on the right-hand side is divergent the equality has no 
sense, and the integral on the left is called divergent. 
If an antiderivative F(x) is known, then 


| Ff (x)dx=F (+ 0) —F (— 0) 


where F(-+-00) and F(—oo) are, respectively, the limits (if they 
exist) of F(x) as x—+-++-0o and x—+—oo. If at least one of these 
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limits does nol exist the improper integral is divergent 
+o 
(4) | pera arctane|"" =3—(—F) =a 


(5) | edx=e*|"= =co—O=oo. The integral is divergent. 





+@ 
(6) ( pyrdrazin(i+24)|"". Here both F(—oo) and 


F (+- 00) are equal to infinity, and the integral is divergent. 

It should be noted that all the simplest properties of definite 
integrals enumerated in Sec. 88 are extended without any changes 
to improper integrals provided all the integ- 
rals on the right-hand sides of the equalities 
printed in medium-faced type are convergent. 
Theorems III-V of Sec. 89 also remain true 
for improper integrals. 

A convergent improper integral can be in- 

Fig. 115 terpreted geometrically. For instance, suppose 
that the graph of a function y=f (x) bounds 
a trapezoid with infinite base (Fig. 115). If the improper integral 





(F(x) dx is convergent we say that the area of the shaded figure 


a 
is equal to this integral. If the integral is divergent it is impos- 
sible to speak of the area of that figure. 

For instance, to the infinite trapezoid whose boundary consists 
of the positive half-axis Ox, the straight line x=a(a> 0) and the 


curve y= we can attribute an area equal to — because 


But with the infinite trapezoid bounded by the hyperbola y=~, 


the positive half-axis Ox and the straight line x=a (a> 0) we 
cannot associate an area because 


(Laveinx |" = 00 
a 


Improper integrals of the type considered in this section are 
often encountered in problems of mechanics and electrostatics in 
connection with the notion of a potential. Let a point M of mass 
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m placed at the origin attract a moving point M, of unit mass 
lying on Ox at a distance of x from M. As is known, by Newton’s 
law of gravitation, the magnitude P of the force of attraction is 
specified by the formula 


P=k= 


where & is a constant, while the work performed as M, is moved 
from the point x=r to the point x=0(6 >r-> 0) is expressed by 
the formula 


~—{bMdemin(1—4) 


The minus sign in front of the integral is accounted for by the 

fact that the direction of the force is opposite to that of the 

motion of the point M, (by the same reason, the work is negative). 
If the point M, recedes to infinity (6-00), then 


A=—(kdx=—k@ 
r 


In the case when the point M, moves from infinity to the point 
x=r the force of attraction performs a positive work: 


A=k= 
r 


The magnitude of this work is called the potential of the force 
of attraction of the material point M at the point x=r. 

98*. Tests for Convergence of Improper Integrals with Infinite 
Limits. The investigation of the convergence of an improper inte- 
gral becomes substantially complicated if the corresponding anti- 
derivative is unknown. In such a case it is sometimes possible to 
find out whether the integral is convergent or divergent with the 
aid of some special tests without resorting to the antiderivative. 


For definiteness, let us speak about integrals of the form | F (dx; 
a 


a 
the tests for convergence of integrals ( f(x)dx are completely 


analogous. 
I. Let us begin with the case when the integrand [ (x) is nonne- 
gative at all the points of the interval [a, oo): f(x)>0. It is 


clear, geometrically, that / (y= f (x) dx increases together with / 
a 
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(if there are intervals where f(x)==:0, the integral / (/) is constant 
on them). According to the test for existence of a limit given ct 
the end of Sec. 31, if an increasing function is bounded it poss: 
ses a limit. Therefore, if it is known that J (f) is bounded, thet 
is if J(1)<M where M is a constant, we can assert that the 


improper integral ( f (x)dx is convergent and that its value does 


not exceed M. At the same time, it is apparent that these consi- 
derations provide no means for practical evaluation of the integral. 
When the antiderivative is unknown the computation of the 
improper integral is much more complicated than the inve- 
stigation of its convergence and requires some special techniques. 

Proceeding from what has been said we can readily prove the 
following test: 

Comparison Test. Let the inequality 


0<f (*)< ox (*) 


+) 


hold for all the values of x. Then: (1) if the integral { q(x) dx 


@ 
6] 


is convergent the integral ( f (x) dx is convergent as well; 
a 


(2) If the integral \ f(x) dx is divergent the integral  p(x)dr 
is also divergent. ° : 


[+ 2) 


Proof. Suppose that the integral | p(x) dx is convergent and 


a 


I 
is equal to M; then | p(x) dx<.M for any J. By the theorem on 


integrating inequalities (Sec, 90, II), we have 
{ { 
\F(de<S o@)de<m 


i 
This means that J (/)= \ f (x) dx is a bounded function, and there- 


fore the integral { F) dx is convergent. 
a 


Now, Jet it be known that the integral Vi (x)dx is divergent; 


a 
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i 
then the increasing function { f(x)dx tends to -++oo. But since 
a 


t I 1 
( gp (x)dx > ( f (x) dx, the function ( m(x)dx also tends to -t-09, 


a a 
i.e. the integral t p(x} dx is divergent. The proof of the test has 


a 
thus been completed. 

Let the reader elucidate the geometrical meaning of the compa- 
rison test. 

Instead of requiring that inequality (*) should hold for the whole 
interval [a, oo) we can suppose that it is fulfilled for all x>5 ><a. 
In this case the test also remains valid since we can apply it to 
the integral over the interval [b, co) and then add to that integral 
the integral from a to 6. The latter being a constant quantity, this 
obviously does not violate the convergence or the divergence. 

The main difficulty in investigating the convergence of a given 


improper integral Vi; (x)dx by means of the comparison test is 


a 

that it is not known in advance with what function the integrand 
should be compared. Therefore, to apply the test we must have 
at our disposal a collection of functions whose integrals are known 
to be convergent or divergent. For instance, it can readily be 
verified that the integral of the function y=e~** over any interval 
{a, oo) is convergent for k>0O and divergent for k<0. 

Since for x> 1 we have the inequality e-** <e-* the integral 


(e-#” dx is convergent. By the above remark, the integral em #¥dx 
i 0 

is also convergent, and, since the integrand is even, the integral 
0 


( e-*' dx is convergent as well. 


om +0 
The integral ( e~* dx is known as the Euler-Poisson? integral; 


it plays an important role in the probability theory. Later on 
(Sec. 131) we shall evaluate this integral by means of a special 
technique; here we simply write down its numerical value: 


+o 
I ede Vax 
—@ 
1 Poisson, Simeon Denis (1781-1840), a French mathematician and physicist, 


22—2280 
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As a function with which the integrand of a given integral is 
compared the power tunction y= is frequently used. For this 


function we shall prove the following assertion: 
The improper integral (4 where a> 0 ts convergent for m> | 


and divergent for m<1. (It is obvious that only the case m>0 
is of interest because for m <0 the integrand tends to infinity as 
x—+co and therefore the integral of that function is apparently 
divergent.) 

Indeed, for m=41 we have 


b- ) 

dx XT M+1 [wo 
(= —m+1 a 
a 


If m>1 the exponent 1—m is negative, and the antiderivative 
tends to zero as x—+00; therefore the integral is convergent. if 
m<l1, then 1—m>0, and the antiderivative tends to infinity 
as x—+oo, 1.e. the integral is divergent. The divergence of the 
integral for m=1 was established in Example 2 of Sec. 97, 


Examples. (1) The integral \ pee is convergent be- 
} 


Vix /1+2 


Pa en. Sere 
V ifxi/i+x ls y'/s xls 


x>1 and the integral \ aris convergent since m=<> l. 
] 





cause the inequality holds for all 





lex ~ xtex 


(2) The integral j ea dx is divergent since ~%>1* 
J 


! 
 oVx 


m=a<l. 


dx 
Ve 








for x > 1 and the integral { is divergent because 
I 


II. The comparison test stated in I only applies to functions 
retaining constant sign within the infinite interval of integration 
(it is clear that the investigation of the integral of a negative 
function reduces to the foregoing case). It is more difficult to 


investigate integrals of functions with alternating sign, for instance, 


sin x ; : 
such as ——. Here we give a convergence test for such integrals 
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which sometimes makes it possible to reduce their investigation 
to the case of a positive integrand. 


fa] 


If the integral (Fea [dx of the absolute value of the function 


a 


f (x) is convergent the integral { f (x) dx is also convergent. In this 
a 


case the integral ( f (x) dx is said to be absolutely convergent. 


a 
To prove the test we take two auxiliary functions f* (x) and 


f- (x) determined by the relations 
: f(x) for f(x)>0 ™~ ~~ - f(z) 
i ()={ 9 for f(x) <0 ms 


and 
0 for f(x) >0 


7 =| F(x) for f(x) <0 


(The construction of the graphs of 
the functions f* (x) and f- (x) for 
a given function f(x) is shown 
in Fig. 116.) It is obvious ‘that 
the functions ft (x) and —f>- (x) Fig. 116 

are nonnegative, and each of them 

does not exceed |f(x)|. Since, according to the hypothesis, the 
integral of |f(x)| is convergent, we conclude, by the compa- 





J 
{ 
i 
1 
j 
} 
\ 
) 
{ 
1 
{ 
i 
' 
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! 1 
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yy 


rison test, that the integrals \ f* (x) dx and \(—f- (x) ]dx are con- 
a a 

vergent as well; the change of the sign of the integrand in the 
last integral does not violate its convergence. 

But f (x) =f* (x)+- f° (x), and, since the integrals of f* (x) and f- (x) 

are convergent, the integral I F(x) dx is also convergent (see the 


remark on page 334). The test has thus been proved. 








For example, the integrals | ar dx and i a dx are abso- 


0 0 
lutely convergent because the absolute values of the integrands do 
i o , the integral of the latter 


being convergent (see Example 4 in Sec. 97). 





not exceed the positive function 


Ze" 
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+-0 +a 
If the integral ( | f (x) |dx is convergent, the integrals { f(x) cosxdr 


+0 
and ( F(x) sin xdx are absolutely convergent since the absolute 


values of the integrands obviously do not exceed |f (x)]. In what 
follows we shall take advantage of this simple fact. 

The fact that the integral of |f(x)] is divergent does not enable 
us fo judge upon the convergence of the integral of f(x) becaus 
it can be either divergent or convergent. In the latter case (i.e. 
when the integral of f(x) is convergent and the integral of |f(x)| 


is divergent) we say that the integral ( f(x)dx is  conditlonally 


(not absolutely) convergent. 


An example of this kind is the Dirichlet» integral | "dr, It 


0 
can be shown (we do not present the proof here) that this integ- 
ral is convergent while the integral of the absolute value of the 
integrand is divergent. Thus, the Dirichlet integral is conditionally 
convergent. Its numerical value is found by means of some Spe- 
cial techniques: 
sins It 
\ Fava 
0 
99. Integrals of Discontinuous Functions. If a function f(x) has 
a number of points of discontinuity of the first kind in an interval 
(a, 6) the integral of this function is defined as the sum of the ordi- 
nary integrals taken over the subintervals into which the interval 
[a, 6] is broken up by all the points of discontinuity of the 
function. Denoting these points asc,,C,, ...,Cp(A<C,<0,<... <<} 
we write 
b 


6 Cs C3 

SF de=J F(xyde+ | Fydet+... 4) f(xyar 

a a C1 cy 

In the first integral on the right-hand side the value of the 

function f(x) at the point c, is understood as its left-hand limil 
f (c,—0), and in the second integral as the right-hand limit f (c, +0) 
(see Sec. 33). The values of the function f(x) at the other points 
of discontinuity are understood similarly. Under the sanditions 
assumed, in every closed subinterval of integration the integrand is 


1 Dirichlet, Peter Gustav Lejeune (1805-1859), a German mathematlcies. 
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continuous. The geometrical meaning of the integral under consi- 
deration is clear from Fig. 117: the integral is equal to the sum 
of the areas of the trapezoids having as bases the subintervals [a, c, ], 
[c,, Cy], ..-, [Cx, 6) lying between the subsequent points of dis- 
continuity. 

We now proceed to the definition of the improper integral for 
functions with infinite discontinuities. Let y=f (x) be a continuo- 
us function for all x€[a, 6) (i.e.,a< x < 6) having aninfinite dis- 
continuity at the right end point y 
x=b of the interval [a, 6]. It is i 
clear that the ordinary definition 
of the definite integral is inappli- 
cable here. Let us first take the 
ordinary integral 

b-e 
/ (e)= { f (x) dx where e>0 
a Fig. 117 
and then make e tend to zero. 
Then / (e) either tends to a finite limit or has no finite limit (in 
the latter case it either tends to infinity or has no limit at all). 





th 











= 


br 


Definition. The improper integral ( Ff (x)dx of a_ function 


F(x) continuous for @a< x <b and unbounded as ¥—0O is the 
b—-e 


limit of the integral | f(x)dx for e+0 (e>0) provided this 


a 
limit exists: 


b b—e 
\ f (4) dx = lim \ f (x) dx, e>Od 


If the limit exists we say that the improper integral is convergent. 
If this limit does not exist the equality becomes meaningless, and 
the improper integral written on the left is said to be divergent. 

Similarly, if the function f(x) has an infinite discontinuity only 
at the left end point x=a of the interval [a, 6] we put 


b b 
| F(x) dx=lim ( f (x) dx where 6>0 
6-0 a+6 


provided this limit exists. 
If the antiderivative F(x) is known we can write, in both cases, 


b 
\ f (x) dx =F (6)—F (a) 
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where F (6) (F (a)) is understood as the limit of the antiderivatix: 
F(x) as x-+b (as xa) under the assumption that this lini 
exists. If the limit does not exist, the integral is divergent. 


Examples. (1) {= a[= 27a. 


1 
(2) {= maf For x1 the limit of In(@—x) é 
0 
equal to infinity; therefore the integra) is divergent. 
b b 
‘ dx d 
Generally, observe that the integrals \ and los ait 
a a 


convergent if R<1 and divergent if A> 1. (The proof is left to 
the reader.) 





1 

dx , 1 ri nu , 

(3) Wwe aresinx|! = 5 ( 5 i == 7. In this example th 

integrand has infinite discontinuities at both end points of the in: 
terval of integration. 

Y If the function f(x) has an infinite discon: 
tinuity at an intermediate point x=c of the 
a [a, b) (i.e. a<c <b) then, by deé- 
nition, 


6 Cc b 
Fp(xdde=J f(y det | f(ade 


If both integrals on the right-hand side of 
= the equality are convergent the integral 
Pig. 118 \ F(x) dx is also convergent; if at feast oneof 


these integrals on the. right is divergent the integral is divergent. 


(4) |= ok = 8i/ a)" 43/5 = 3437/7. 











(5) \S= (34 =. Both integrals on the right-hand side 
ao] -1 0 


are divergent, and, consequently, the given integral is also diver- 


ent. 
Suppose that the curve y= (x) has an asymptote perpendicular 


to Ox at the point x=6; then the trapezoid bounded by it is 
infinite (with an “infinite altitude”; see Fig. 118). If the improper 
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integral of the function f(x) exists the area of the infinite trape- 
zoid is, by definition, equal to the value of this integral; if other- 
wise, we do not assign any area to this trapezoid. 

ao instance, to the infinite trapezoid bounded by the curve 


a ar’ and the straight lines x=0, x=a and y=O we can af- 
a 

tribute an area equal to 2/a since \ =a (see Example 1). 
0 


At the same time, with the infinite trapezoid bounded by the 
hyperbola y=— and the same straight lines x=0, x=a and y=0 


a 
e ° ° dx a ry e 
we can associate no area since the integral f= Ine is diver- 
0 


gent. 

Here we do not dwell on tests for convergence of integrals of 
functions with infinite discontinuities since they are analogous to 
those discussed in Sec. 98 


QUESTIONS 


1. What is an antiderivative of a given function? Give examples. 

2. State the theorem on the antiderivatives of a continuous fun- 
ction. What is the general form of the antiderivative of a given 
continuous function? 

3. What is the indefinite integral of a given function? 

4. State and prove the simplest properties of the indefinite in- 
tegral. Give examples of their application to indefinite integration. 

5. Describe the methods of change of variable and of integra- 
tion by parts for the indefinite integral. Demonstrate them by 
examples. 

6. What rational fraction is called proper? What fractions are 
called partial rational fractions? 

7. How is the decomposition of a proper rational fraction into 
partial fractions performed? 

8. How do we integrate rational functions? 

9. Give examples of integration of the simplest irrational func- 
tions. 

10. What is the general method for finding an integral of a 
function rational with respect to trigonometric functions? 


11. How do we compute the integrals of the form ( sin” x cos” x dx 


where n and m are integers? 
12. When do we say that a function is nonintegrable in elemen- 
tary functions (in finite form)? 
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13. How do we define the area of a curvilinear trapezoid, tt: 
work of a force, the path length travelled and the mass? 

14, What is the definite integral of a given function over 2 gives 
interval? Express the notions enumerated in Question 13 in terr: 
of the integral. 

15. State the theorem on the existence of the definite integrél. 

a State and prove the simplest properties of the definite in. 
tegral. 

87. Explain the ee of additivity and of retention of sig 
of the definite integral. 

18. What is the geometrical meaning of the definite integral c 
a given function y=/(«) over an interval [a, 6) in the Cartesien 
coordinates? 

19. State and prove the theorem on the estimation of the intez- 
ral and give its geometrical interpretation. Prove the generalize 
theorem on the estimation of the integral. 

20. State and prove the mean value theorem for the definite 
integral and illustrate if geometrically. 

21. What is the arithmetical mean of a function y=f(x) on an 
interval [a, 5]? 

22. What is the derivative of the integral with respect to th: 
upper limit of integration equal to? Prove the theorem on the 
derivative and give its geometrical interpretation. 

23. State and derive the Newton-Leibniz rule. 

24. How is the method of integration by parts applied to the 
definite integral? 

25. How is the method of change of variable used in the definite 
integration? 

26. Derive the formulas simplifying the expression of the deé- 
nite integral of an even and of an odd function over a symmetric 
interval [—a, a]. 

27. State and derive therules for an approximate computatios 
of the definite integral: (1) the rectangle and the trapezoid rules, 
(2) Simpson’s rule. 

28. Describe the method of graphical integration. 

29. State the definition of the improper integral of a given 
function over an infinite interval. [\lustrate this notion geometri- 
cally and give examples of convergent and divergent integrals. 

30. Prove the comparison test for improper integrals. 

31. What is an absolutely convergent improper integral? What 
improper integral is said to be conditionally convergent? 

32. State the definition of the improper integral of a function 
with infinite discontinuity over a given finite interval. Illustrate 
this notion geometrically and give examples of convergent and 
divergent integrals of that kind. 
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100. Area of aPlane Figure. We begin with computing the areaor, 
as wesay, the quadrature or squaring of a plane figure. Historically, 
this problem is soclosely related to integration that integrals themsel- 
ves are offen called quadratures and a problem reducible to evalua- 
ting an integra] is said to be solvable (inlegrable) by guadratures. 

I. Area in Cartesian coordinates. Jn Cartesian coordinates a cur- 
vilinear trapezoid is the simplest (basic) figure whose area is expressed 
by one integral. If y=/(x) is the equation of the line bounding 
the trapezoid, and y>>0, the area S of the trapezoid is given by 
the formula 


b 
S=\ydx 


where the limits of integration a and 6 (a< 6b) are the abscissas 
of the initial and the terminal points of the line. 
If the line y=f (x) is specified by parametric equations 


x=Q9(t), y=dd) 


the substitution x=@(/) brings the integral expressing the area 


to the form 


S=\ wie’ Wat 
fy 
where f, and ?, are the limits between which the parameter f va- 
ries as the variable point runs from left to right over the upper 
boundary of the trapezoid (i.e. the line y=f (x)). 
Example. Let us find the .area S bounded by the ellipse 


ae ie ae 
~z + a= il. We have 


G 
S=2\ydx, y>0 
~a 
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Here it is convenient to pass to the parametric representation 
x=acost, y=bsint (see Sec. 46), which yields 


0 
= —2ab ( sin? f dt 
The computation results in . 


Pr 4 


It 
S = 2ab| sin’ f di = 2ab > (¢ —“5) * = nab 
0 





2 


I]. Area in polar coordinates. If the line bounding a figure is 
represented by an equation in polar coordinates, then, as the basic 
figure, we take a curvilinear sector (Fig. 119) which is an area 
bounded by a line r=f(p) such that every ray issued from the 
pole P cuts it at no more than one 
point and by the two rays p=a and 
p=pB (a and f are measured in ra- 
dians). 

Let us show that the area of such a 
sector can be expressed by one integral. 
We break up the entire sector into n 
subsectors with the help of the rays whose 
angles of inclination to the polar axis are 


Po=%, Pir Par «++ Pr =B 
The next step is to replace every curvili- 
near subsector by a circular one, that is, 
the function f(@) is considered, approximately, to be constant and 
equal to r,=f(q,) on each subinterval [@,, 4,] (k=0, 1, ... 





We remind the reader that the area of a circular sector of radius 


r with central angle @ is equal to = re. Therefore the area of the 


figure made up of n circular sectors replacing the curvilinear sectors 
(Fig. 119) is 


S,=+ 1? (91) (Pi—o) + >? (1) (%— F) + 


nol 
wae +P (n=) (Or Pr-s) = P? (~;) Aq, (*) 


where Ag; = Q;41— 

For simplicity, when forming integral sum (*) we choose the 
intermediate points § coinciding with the left end points of the 
subintervals [q,;, 9;4,]. This results in an inessential change In the 
notation of Ag,, and the summation, with respect to i, is carried 
out from 0 to n—1 (instead of from 1 to a). 
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If n—+oo and the greatest of the angles Ag; tends to zero the 
limit of sum (*) is exactly the sought-for area of the curvilinear 


sector. Expression (*) is an integral sum for the function /? (@) on 
the interval [a«, B], and therefore 


A 
1 
S=5 | f(p) dp 
or, briefly, 


B 
S=5 (ride where r= f (q) 
a 


Examples. (1) Let us compute the area S of the figure bounded 
by the first winding of the spiral of Archimedes r=aq@ and by 
the corresponding segment of the polar axis (Fig. 120): 


a’ r 4 2 
S=\otdp=F2% 
0 


(2) Let us compute the area S of the figure bounded by the curve 
r=@cos3p (referred to as the three-leafed rose; see Fig. 121). The 





Fig. 120 Fig. 121 


area of one sixth of the whole figure (i.e. half the area of one loop) 
is expressed by the integral 


oe 
6 

> a? \ cos’ 3p dq@ 
0 


For, the terminus of the polar radius traverses the whole line 
bounding this sector as the polar angle varies from 0 to =. 


oe 
.¢ 8) 
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Consequently, the area of the rose is 


6 z 
=0% 
S=3a? ( cos? 3 d@ =a? | cos? dt =~ 
oJ 
0 6) 


(we have made the change 3¢=7%f); thus, It is equal to the ezez 
oi a circle with diameter a. 

101. Volume of a Solid'. Let there be given a body bounce? 
by a closed surface and let the area oj its any cross-section by z 
plane perpendicular to z 
fixed straight line be knoan: 
jos instance, this line may 
be the axis of the abscis- 
sas (see Fig. 122). 

We shall assume that 
the area of the crass-zec- 
tion is a costinuous func 
tion S(x) where x is tk: 
abscissa of the point of 
intersection of the cutlirz 
plane with the x-azis. 

Furthermore, suppose that the whole solid is contained between 
two planes perpendicular to the x-axis and cutting it at points c 
and 6b (a<b). To evaluaie the volume of such a solid we divide 
it (mentally) into layers with the aid of cutting planes perpendi- 
cular to the x-axis and intersecting it at points x,—a, x,, %,,... 
.--, %,=0 and replace each Jayer by a right cylinder of the seme 
altitude with base S(x,) (see Fig. 122). The volume of a right 
cylinder is equal to the product of the area of its base by the 
altitude, and therefore, the volume of the n-step body is expressed 
by the sum 


Vin = 5 (0) (4) — 46) +S (%) (4%, — 41) + FS Spas) A= 
na—! 


7 pa Ss (x;) Ax, 





The limit of this sum (which is an integral sum ior the function 
S(x) on the interval [a, 6], as n—+co and max Ax,—-0) is the 
desired volume: 


b 
V=\S(x) dx (*) 


its comozieticn 
ples Vill. Hee 


© 


e general definilion of the wolume of 2 space figure an 
nnected with double integrals and will be given in G 
we confine ourselves to an important particuler czse of th 


cD 
be a 
~<¢ 
oO 
cr 
eal 
i 
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Fig. 122 shows a body of a simple shape for which the right 
cylinders thus constructed are either entirely contained within the 
corresponding layers or, conversely, envelop these layers. The re- 
sultant formula also remains valid when this condition does not 
hold provided that the contours bounding cross-sections lying close 
to each other do not “differ considerably” (we do not go into par- 
ticulars connected with this observation). 

If the body under consideration is obtained by the rotation of 
a curvilinear trapezoid bounded by the line y=f (x) about Ox the 
cross-section with abscissa + 
is a circle with radius equal 
to the corresponding ordinate 
of the line y=f(x). (If y<0 
the radius is equal to |y].) 
In this case 

S (x) = my? 
and we thus arrive at the 
formula for the volume of a 
solid of revolution: Fig. 123 





b 
Van \ yrdx where y=f (x) 
Examples. (1) Let us find the volume V of the triaxial ellipsoid 
x2 y® , 22 
etptas! 


Its plane sections perpendicular, for instance, to Ox (see Fig. 123) 


are ellipses with semi-axes 6 // 1— = and ¢ 1—3 


(—a<ix<a). 
The cross-section area S (x) at the point x is known (see Sec. 100): 


S (x)= nb 1—% c V/ 1—Z= abe (1-3) 





Consequently, 
yoie § (1G) tenn (1-)aemtne (--8)p 
1.e. 


4 
V =-~ nabc 


1 If the reader is not yet familiar with algebraic surfaces of the second order 
this example can be omitted. 
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If there are two equal semi-axes, for instance, c=b, we have 


an ellipsoid of revolution with volume V =< nabr If all the three 


semi-axes are equal, i.e. a=b=c, the ellipsoid turns into a sphere 
of volume V= 5 nat. 

(2) Let us compute the volume V of a forus 
(anchor ring) which is a body generated by 
the rotation in space of a circle about an 
axis in its plane but not cutting the circle. 
Let a circle of radius a rotate about Ox, its 
centre (in the initial position) being at a 
point (0, 6) b>a (Fig. 124). The equation 
of the circle is 

x? + (y—b)? =a? 
Apparently, the desired volume is found by 


subtracting the volume of the body genera- 
ted by the rotation of the lower semicircle 


with the equation y=b—Va?—x? from the 
volume of the body generated by the rotation of the upper se- 


micircle (y=b+Y) a?—x*). Hence, we have 
a a 
V=n$ (b6-+-V a&—x?)?dx—n ( (b—V at—x?)}*dx= 


a 


= In \ [(b64+ Va—xe)? —(b—Var—x8)*] dx = 8nb (Vara wae 


0 0 
Finally, putting x=asint and evaluating the integral we obtain 





Fig. 124 





zt 
"2 

V = 8nba? | cos?! dt = 8nba* = = 2ntat 
; 


102. Arc Length. Let a curve be the graph of a continuous 
function y= f(x) whose derivative f’ (x) is also continuous. As was 
said in Sec. 66, such a curve is said to be smooth, and its arc 
length is defined as follows: 

The arc length of a curve is the limit of the length of the po- 
lygonal line inscribed into the curve as the number of its segments 
increases indefinitely and the length of the greatest! segment tends 
to zero. 

Thus, let a curve AB be represented by the equation 


y = f (x) 
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Ve shall suppose that x varies within a closed interval where the 
unction f(x) and its first derivative f’ (x) are continuous. Let us 
livide the arc AB into a parts, the points of division having 
ibscissas x,=a, x,, X,, ..., O=xX, (Fig. 125). Drawing a chord 
hrough every pair of subsequent points of division we construct 
in inscribed besken line whose length 

v, is expressed by the formula 


Ly=V Axi Agi + 
+V Axt-+ Ayi+ ... + VOxt + Ags = 
hat is, Fig. 125 
L “> V 14 (2) ox, 
where Ax,=x;—x;., and Ay;=f (x;)—f (x;-1) 


By Lagrange’s theorem on finite increments (see Sec. 57), we 
lave 





In & 


Ay: _ f (xi)—f (*i-) _ pr cg, 
Ax; Xj—Xjo] — i (§,) 
where &;€(x;_,, x;). Therefore, 


n 


La= Dy VIE? (ED Ax; 


i=l 
The resultant expression is an integral sum for the function 


1+ f'?(x) on the interval [a, b].2 Passing to the limit as 
max Ax,-—+0 (then, of course, the length of the greatest segment of 
the broken line also tends to zero), we express the length L of the 
curve by the integral 


7) 
L=\VI+F? (x) dx 


or, briefly, ? : 


L=\Viyytdx (*) 


a 





2 Since the expression of the function for which this integral sum is formed 
includes the derivative f’ (x) the fatter should be continuous, which was assumed 
at the beginning of the present section. 

© Jt should be noted that the element of integration in (*) is the differential 
of arc Jength (see Sec. 66). Another method for deriving formula (*) will be 
given in Sec. 104. 
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Since dy=y'dx, the latter formula can be conveniently resrit- 
ten as : 


(B) 
L= \ Vas $ay 
(A) 


where (A) and (8) conditionally denote the initial and the termi- 
nal points of the arc AB. When computing arc length we substi- 
tute for (A) and (B) the corresponding values of the chosen 
variable of integration. 

Now suppose that a smooth curve is represented parametri- 
cally by equations x=x(t), y=y(t), and ¢,, t, (f,<¢,) are the 
values of the parameter ¢ corresponding to the end points of the 
arc. If, as ¢ varies from ?, to ¢,, the variable point traverses 
the arc once, moving all the time in one direction, the arc length 
is given by the formula 


fs 


L=\Vx*=jty* Hat (*) 
ty 
If the relations x=x(t), y=y(t) are interpreted as equations 
of motion of a point and the condition that the point moves in 
one direction is not introduced formula (**) expresses the path 
length travelled by the point along the trajectory during time 
interval from ¢, to f,. 
Now let a curve be specified by an equation in polar coordina- 
ie r=r(p). Considering the polar angle » entering into the 
relations 


X=Frcos@, y=rsing 
as a parameter we obtain 
dx=(r’cosp—rsing)dp, dy=(r' sing+rcosg) do 
whence 
Vaxe+dy=V7r? rr? do 
Consequently, 
L=\ VAETap, a<p (**") 


a 


where a and f are the values of the polar angle corresponding, 
respectively, to the initial point A and the terminal point B of 
the arc. 

The computation of the arc length of a curve is termed the 
rectification of that curve, and a curve possessing arc length is 
said to be rectifiable. 
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Examples. (1) Let us take a cycloid (Sec. 46) 
x=a(t—sin?t), y=a(l—cos?) 


and find the Jength of its arc corresponding to the variation of f 
from 0 to 2x. The computation gives 


22 


2X 
L=a { V (1~cos t)?+ sin? tdi = 2a \ ain df = a 
0 


and hence the sought-for arc length is eight times the radius of 
the generating circle. 
(2) Let us compute the perimeter of the ellipse 


x=acost, y=bsint (a> 5b) 
The quarter ellipse in the first quadrant corresponds to the varia- 
tion of the parameter ¢ from 0 to =; therefore 


Js 


V a* sin? ¢ +-b? cos? t dt = 4a 
a 


L=4 V i—e2cos? fd 


St—9 48 


| er AC) 


where ¢= is the eccentricity of the ellipse. The substitu- 





tion t= >—9 leads to the formula 


ce 
2 

L=4a ( Y 1—e?sin? odo 
0 


The integral on the right-hand side is called the complete elliptic 
integral of the second Rind*; it cannot be computed with the aid 
of ordinary methods because the antiderivative of the integrand 
cannot be expressed in terms of elementary functions. Therefore 
the length of the ellipse is found with the help of tables of 
values of elliptic integrals. Such tables can be found in many 
reference books; for example, see [6] and [14]. 

(3) Let us compute the arc length of the logarithmic spiral 
r=ae™? from a fixed point M,(ro, 9,) to the variable point 





: ‘The complete elliptic integrat of the first kind is the integral 
2 


dp : . Elliptic integrals are used both in mathematics and its 
1 VY |—e? sin? 


applications for solving many important problems. 


23—2280 
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Mir, ) (see Sec. 49, Fig. 60). We have 


© p 
L= ( V ate"? + a2? dp =aV 1 -+ m? { eT? dp = 
Po Po 


_ V1 +- m? 
—@q ar aie (Ee? _ e™ Po) 


Here L is expressed as a function of the polar angle o of the 
terminal point. It can also be represented as a function of the 
polar radius r of that point: 


] 3 
L= \ rail (r—T) 





This formula shows that the arc length of the logarithmic spi- 
ral is proportional to the increment of the polar radius of the arc. 

If we move along the spiral toward the pole the polar angle ¢ 
tends to —oo. The integral expressing the arc length then beco- 
mes improper, and we obtain 











i.e. the arc length of the logarithmic spiral from the pole to its 
arbitrary point is proportional to the polar radius of that point. 

The arc length of a smooth space curve specified by equations 
to (es y=y(t), 2=z(t) is computed by the formula analogous 
0 


ty 
L=\ Vx? +9? (+27 (0 dl 
ty 


Here f, and ?, are the values of the parameter ¢ corresponding to 
the end points of the arc, and it is assumed that /, <?, and 
that as ¢ varies from ?¢, to ¢, the variable point describes the 
whole arc once moving constantly in one direction (see the note 
after formula (**)). 

103. The Centre of Gravity of a Curvifinear Trapezoid. In ana- 
lytic geometry the division of a line segment in the given ratio 
is usually demonstrated by the problem of finding the coordina- 
tes of the centre of gravity of a system of material points. If 
masses m,, m,, ..., m, are concentrated at points M, (x,, ¥,), 
My (Xe, Yo)) «+01 Ma (Xns Yn) im the plane, the coordinates of the 
centre of gravity M(§, 1) of this system of material points are 
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2 by the well-known formulas 


n n 
» Xj; > yin; 


Em! I i= 








lote that for a homogeneous system of material points, i.e. in 
case m,=m,=...=m,, the coordinates of the centre of 
vity 


Rn ni 
2 * pe 
= qY= oo 





independent of the magnitude of the mass and are solely spe- 
2d by the location of the points. 

‘he product of the mass of a point by its distance from an 
s is called the static moment of that point about the given 
s. For points lying on one side of the axis the distances are 
en with plus sign and on the other side with minus sign. 
nce, the products x,;m; and y,m; are, respectively, the static 
ments of the point M; about Oy and Ox. The sum of the sta- 
moments of all the points M,, M., ..., M, is called the 
tic moment of that system of points. Consequently, the coordi- 
es of the centre of gravity of the system of points M; (x;, y;) 
=1, 2, ..., n) can be expressed as 


M M n n 
c= 7, n= (Me= Doom M,= So xvm,) 


ere M, and M, are the static moments of the system about 
and Oy, and M is its total mass (i.e. the sum of the mas- 
m;). It follows that 


EM=M,, 1M=M,. 


Thus, the centre of gravity can be defined as a point such that 
the total mass of the system is concentrated at it the static mo- 
nt of that mass point about any axis is equal to the correspon- 
ig static moment of the original system. 

Now we shall consider a homogeneous plate (lamina) of constant 
dth. Let the surface density, i.e. the mass per unit area of the 
ate, be 6 kg/m?. The centre of gravity of such a plate lies in 
middle plane which we take as the plane Oxy. It is obvious 
it under the given conditions the location of the centre of gra- 
ty depends solely on the geometric form of the plate. Assume 
at the region occupied by the plate in the xy-plane is of the 
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shape of the curvilinear ftrapezoid,! bounded by an ere AB: 
acurve y=f(x), with base {a, 6b] on Ox. Let us break up tt: 
figure into n subtrapezoids by means of a set of straight lic: 
parallel to the axis of ordinates, the abscissas of the pot 
of intersection of these lines with Ox being x, =a, x,, %,,...,%.=! 
Replacing the ith subtrepez::: 
(i= 1,2, ..., 2") by the recter. 
gle with altitude equal to tt 
value of the function f(x) et v: 
midpoint é€; of the subinten: 


eS oo ad ‘a 
[%j-15 %;] ) or, ee ce Fiz. 


126) we obtain a step figure ep-7+ 
. ximating the whole trapezo’? 
G\Zp72 $7 Ly £2 Zz Inz$y bwIqz vy, igeation of the is cf 
Fig. 126 gravity of each rectangle i: 
known: it lies at its centre, thz: 


is at the point M; (&, 3 /(G)), the mass of the rectangle bei 


equal to its area times the density: 6f(&,) Ax; Now let the rz 
of each rectangle be concentrated at its centre of gravity. The 
the centre of gravity of the resultant system of material pais‘s 
has the coordinates 





Nn 
i 
z bf (2) Axy De xf ED Of Gp de; 
Et EO , fe 
43 
2 Of En) Ax; > 5f Ep Azz 
= {=1 


Since the density 6 is a constant magnitude we can take it ozt- 
side the summation sign. Then, on cancelling by 6, we receive 


1 
] 
> E¢f (E;) Ax; zDF oi) Ax; 
En) —_— eee eee Hi) == f=} 
: n 
2 (Ep) 4x; > PGi Ax 
= f=] 


It isclear, geometrically, that if, as usual, mis made to increas: ince®- 
nitely as all Ax,’s tend to zero the point with coordinates (&, 1/7) 
approaches the centre of gravity of the plate. In the denominator: c’ 
the expressions for 6 and 7 there is an integral sum for the fur 


ction y=f(x) whose limit is the integral | f(x)dz, that is, the 
a 


1 The determination of the centre of ea a plate of arbitrary i274 
with variable areal density will be discussed in Chapter VIII, Sec. 182, I. 
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area S of the plate. In the numerators there are, respectively, 
integral sums for the functions xf (x) and /*(x). Consequently, 
b 


b 
| 
Vx (x) dx zs) f? (x) dx 
f=, y= 


This can also be written in the ab- 
breviated form 








b = 
| xyde z\¥ dx 
E=2——-, q=—*>— 
where y =f (x). 
Example. Let us find the centre of Fig. 127 


gravity of a homogeneous semicircle 

of radius R. In the coordinate system chosen as shown in Fig. 127 
the equation of the upper boundary of the semicircle is wriften as 
y=\V R?—x?. The semicircle being symmetric about Oy, the abs- 
cissa & of its centre of gravity is equal to zero: E=0. Let us 
determine the ordinate of the centre of gravity: 





The method applied here to determining the centre of gravity 
of a curvilinear trapezoid reduces to dividing it into parts, fin- 
ding approximate location of the centre of gravity of each part 
and obtaining the coordinates of the centre of gravity of the given 
trapezoid by passing to the limit in the expressions for the coor- 
dinates of the centre of gravity of the corresponding system of 
mass points. This approach is also applicable to finding the cen- 
tres of gravity of many other physical bodies. As an instance, we 
shall find the centre of gravity of the solid of revolution genera- 
ted by the rotation of a given curvilinear trapezoid about the 
axis of abscissas. Let the volume density of the body be 6 kg/m?. 
Using the notation of Fig. 126 we readily obtain 

b 


DEsnf2(Eax, | xy*de 


= lim =—_--___ = 


n 6 
>} nf? (E;) Ax; { y* dx 
fal - 
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(let the reader carry out the calculations). It is apparent that th: 
centre of gravity is on the axis of revolution (1=0) and there. 
fore is completely specified by the magnitude &. 

Example. Let us determine the coordinates of the centre of giz. 
vity of the hemisphere generated by the rotation of the quark: 


circle y= V R?—x? (O<x<R) about the axis of abscissas: 


R 
{ x (R224) dx ( we xt i ria 
ae ee 


femme (OS)h 
0 


(the coordinate 1 is of course equal to zero). 

Let the reader derive the following formulas for the coordina- 
tes of the centre of gravity of the homogeneous line specified by 
an equation y=f (x), the initial point A and the terminal point B 
of the line having, respectively, the abscissas equal to a and 6: 





b b b 6 
\x VY 1+y'2 dx { xds (y VY 1-+-y'2 dx {yds 
El _____+__ 8 nS ee er oe 
L = ge = L = ay 


where L is the length of the arc AB and ds is the differential of 
arc length. 
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104. The Problem-solving Scheme. In the problems we have 
discussed the general scheme of the application of the definite 
integral is essentially the same. The desired magnitude (such as 
area, work, path length, volume, etc.) considered in the problem 
corresponds to an interval of variation of a variable which serves 
as a variable of integration: the area of a trapezoid corresponds 
to an interval [a, 6] of variation of the abscissa x, the work cor- 
responds to an interval [s,, s] of variation of path length travelled, 
the path s to an interval [7,, 7] of variation of time /, etc. 

Let us describe this scheme in the general form. We shall sup- 
pose that the variable we spoke about is denoted by x and that 
its interval of variation is [a, bj. 

The first step is to break up the interval [a, 5] into subinter- 
vals [x;_,, x]; @=1, 2, ..., m (%»=a, x,=b). This is done 
because of the essential assumption that the value of the magni- 
tude in question corresponding to the whole interval is representable 
as the sum of its values corresponding to the subintervals (the s- 
called additivity property). Indeed, area, work, path length, etc. 
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possess additivity with respect to the intervals they are related 
to: the area of a curvilinear trapezoid with an interval as base 
is equal to the sum of the areas of the subtrapezoids whose bases 
constitute the whole interval, the work performed by a force on 
a given path is equal to the sum of the works on the subintervals 
the whole path is divided into and so on. 

The next step is to form the corresponding sum (which is an 
integral sum) giving an approximation to the sought-for value of 
the magnitude in question; the greater the number n of the sub- 
intervals and the smaller the maximum subinterval, the more 
precise the approximation. 

Finally, on passing to the limit as 1—+0o we find the required 
value in the form of the integral 

b 
I= \ f(x) dx (*) 
where [ (x) is the function specified by the conditions of the prob- 
lem (for instance, the ordinate of the line bounding the given 
trapezoid, the acting force and the like). 

This scheme is also applicable to any other problem of that 
type. But now we are going to show that the approach considered 
above (i.e. breaking up the interval into parts, summation, and 
passage to the limit) is equivalent to a simpler standard technique 
proceeding from the form of the final result (the sought-for mag- 
nitude is equal to the integral of a certain function) and based 
on the theory of the definite integral. 

Let us consider the value of the magnitude we are interested 
in (i.e. area, work, path length, etc.) corresponding to a variable 
interval [a, x] whose left end point is fixed: «const («<a). 
Then this value becomes an unkown function uw = F (x) of the abscissa 
of the right end point x of the variable interval. If the function 
F (x) were known it would be easy to determine the desired valueof the 
magnitude corresponding to the given interval [a, b| (denote this 
value by /). For, F (8) corresponds to the interval [a, 6] and F (a) 
to [«, a] while / to the interval [a, 5], and hence, by the addi- 
tivity of the integral, we have 


F (6) =F (a)+/1 
that is 
I =F (6)—F (a) (**) 


Relation (**) becomes particularly visual if we take the example 
of the area of the curvilinear trapezoid (Fig. 128). Here we ob- 
viously have 


T=Syanp, F (a)=Secaa and F (b)=Sacay 
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The function F(x) is supposed to be differentiable, and, by 
Newton-Leibniz formula, 


b 
I =F (b)—F (a) = \ dF (x) 


that is the sought-for value I of the magnitude is equal fo th 
integral of the differential of the function u=F (x) taken over the 
interval [a, 6] to which it corresponds. 

Thus, the element of integration [ (x) dx in formula (*) is nothirz 
but the differential du of the function u=F (x), and, consequently, 
in order to solve the problem it only 
suffices to know the differential oi 
the function F(x). After the differen- 
tial has been found the sought-fo: 
value of the magnitude is expressed 
by the integral of that differential te- 
ken over the interval [a, 6]. 

Fig. 128 Now, by analogy with the coz- 

crete problems we have dealt with, 

it is possible to give the general description of the simplest model 

of the problem solvable with the aid sf the definite integral. The 
basic features of this characteristic problem are: 

(1) It is required to determine the value / of a magnitude u 
corresponding to a given interval [a, b] of variation of an inde- 
pendent variable x. The magnitude wu possesses additivity, that is, 
if the interval is divided into parts its value corresponding fo 
the entire interval is equal to the sum of the values correspond- 
ing to the subintervals. 

(2) If the magnitude w is related to a variable interval who 
end point @ (for definiteness, the left one) is fixed (z=const, 
@<a) while the other end point is variable and has the abscissa z, 
if is possible to consider uw as a function of the variable x, i.e. 
u==F (x). The function F(z) is supposed to be differentiable. 

Ji both canditions hold the value / of the magnitude is expressed 
by the integral 





b 
] =F (b)—F (a) = \ dF (x) 


and thus, the problem completely reduces to finding the differen- 
tial du=dF (x). 

Although in the general case the function u=F (zx) is unknown 
its differential can often be determined on the basis of the con- 
ditions of the problem. To this end, we take an arbitrary vaiue 
of x belonging to the interval [a, 6] and give it an infinitesimal 
increment dx. The part of the corresponding increment AF (x) oi 
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the function which would appear if all the other parameters spe- 
cifying the expression of F (x) retained in the interval [x, x-+-dx] 
their values assumed at the point x is usually the differential 
dF (x). In every concrete situation we can always check whether 
the expression thus found is the differential by verifying that it 
is proportional to dx and that it differs from AF (x) by an infi- 
nitesimal of higher order than dx. 

The last requirement is equivalent to the condition that the 
Jimit of the ratio of the expression dF (x) thus obtained to AF (x) 
tends to unity as dx—+-0. What has 
been said is demonstrated by the 
example below. 

Let us take the simplest problem 
ol finding the area of a curvilinear 
trapezoid whose solution is already 
known and obtain this solution with 
the aid of the new technique descri- 
bed above. Let the trapezoid be bou- 
nded above by a line y=f (x); its a ar rare o£ 
area corresponding to the interval Fig. 129 
[a, b} of variation of x will be de- 
noted by S. The area of the trapezoid aCMx (see Fig. 129) is 
a function of x which we denote by S(x). Let us choose an 
arbitrary value of x and give it an increment dx. Then the incre- 
ment AS (x) is represented by the area of the trapezoid xMM!’ (x+-dx). 
Now we shall prove that the area of the rectangle xMN (x+-dx), 
that is, the part of the increment AS(x) appearing if the function 
f(x) is regarded as constant in the interval [x, x-+dx], is the 
differential of the function S (x): 

dS (x)= (x) dx 
The expression of dS (x) given by this formula is proportional to 
dx, and it only remains to check that AS(x) and f(x)dx are 
equivalent infinitesimals. As is seen in Fig. 129, their difference 
does not exceed the area of the rectangle MM’M'N which is 
equal to the product AxAy: 


AS (x) —dS (x) < AxAy (dS (x) =f (x) dx) 
This difference is thus an infinitesimal of higher order than Ax = dx, 


which completes the proof of our assertion (see Sec. 51, IV). By 
what has been proved, we have 





b 
S= J f(x)dx 
a 
Consider another example. Since we know (see Sec. 66 of Chap- 
ter IV) that the differential of arc length ds is given by the for- 
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mula 
ds=Vi-+y"%dx 


we can immediately write (cf. Sec. 102) the expression for the 
arc Jength L: 


b 
L=\VI+y"?dx 


105*. The Area of a Surface of Revolution. In this section we shall 
derive a formula for computing the areaof a surface of revolution. 
Let an arc AB of acurve y=/ (x) be rotated about Ox (Fig. 130). 
It is required to find the area Q of the surface of revolution thus 
generated on condition that 
the function | (x) possesses 
a continuous derivative. 
Let Q(x) designate the 
area corresponding to the 
interval [a, x]; our task is 
to find its differential. To 
this end we make the follo- 
wing construction. Draw 
through an arbitrary point 
x (a<x<6) aplane per- 
Fig. 130 pendicular to Ox. Give x an 
increment dx and draw 
another plane perpendicular to Ox and passing through the point 
x-+dx. The area Q (x) of the surface then gains an increment AQ equal 
to the area of the portion of the surface contained between these parallel 
planes passing through the points x and x-+-dx perpendicularly 
to Ox. The magnitude AQ satisfies the following obvious inequa- 
lities (in accordance with Fig. 130 we assume that Ay < dy): 


2ny+2 ke 
TY -F id aL V dx? + Ay? < AQ < Sat Pao dx? + dy? 


The leftmost expression is equal to the lateral area of the frustum 
of the cone whose slant height is the chord of the arc while the 
rightmost expression is the area of another cone with the segment 
of the tangent line as slant height.! On dividing all the members 


of the inequalities by 2nyVdx? + dy? we obtain 





4ny+-2ndy V dx?-+ Ay? AQ dny + Qndy 
4ny V dx? + dy? Qny V dx? dy? any 


1 Here we suppose that on the interval (x, x-+-dx] the arc of the curve js 
convex (upward). These inequalities are evident from the geometrical point of 
view but its analytical aspects are not justified rigorously. The detailed theore- 
tical justification of the formula for the surface area of a solid of revolution 
involves some more sophisticated considerations. 


§ 2. General Scheme of the Application of the Integral 363 


Let the reader show that both leftmost and rightmost members of 
the latter relations tend to 1 as dx—+0; it follows that 

ee eee 

Qny V dx? +-dy? 
Consequently, the expression 


ony V dx? + dy? =2QnyV 1+ yy" dx 
is nothing but the differential dQ (x), whence 


b 
Q=2n\yVI + y'* dx 
or, in the abbreviated form, 
Q =2n\ yds 


were ds is the differential of arc length. 

These formulas make it possible to pass to the case when the 
line whose revolution generates the surface is specified parametri- 
cally or by an equation in polar coordinates. Let the reader derive 
the corresponding formulas. 

Example. Let us compute the area of a spherical segment gene- 
rated by the rotation of an arc of a circle, with centre at the 
origin and radius r, about Ox. 

The equation x?-+-y?=r? of the circle implies y2=r?—x? and 
yy’ =—x; hence, 


Eo 


b b 
Q aon VAme V/ 14 egdx= 20S rde=2nr (b—a) = 2nrH 
a a 


where H is the altitude of the spherical segment. For H=2r we 
obtain the surface area of the sphere: Q = 4nr?. 
106. Fluid Pressure on the Wall of the Vessel. ji /f 








Let a fluid with specific weight y N/m? fill a 
vessel of the form of a rectangular parallelepi- 
ped. We are going to determine the force of 
pressure P of the fluid acting upon one of the » 
walls of the vessel, the base of that wall being a [4@@4zq 
and altitude A. This problem admits of the an | 4 
application of the general scheme elaborated in 7 
Sec. 104 since the force of pressure on the . 
Whole wall is the sum of the pressures on the Fig. 131 
parts it is divided into. 

Let P(x) designate the pressure on the shaded part of the wall 
shown in Fig. 13]. We now give x an increment dx and compute 
the principal part, proportional to dx, of the corresponding incre- 
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ment AP(x) assuming that the depth of the layer of the fluid 
between x and x-+-dx is (approximately) constant and equal to x. 
Then 

adP (x) =yax dx (*) 


Since the increment of the force of pressure satisfies the inequality 
AP (x) < pa(x-+-dx)dx, the difference between AP (x) and dP(x) 
does not exceed 


ya (x + dx) dx—yax dx = ya dx? 


that is, it is an infinitesimal of higher order than dx. 

Consequently, we have shown that expression (*) is in fact the 
differential of the function P(x). The solution of the problem is 
now completed by the integration from 0 to h: 





h 
P= \ yax dx = me 
0 


It is interesting to note that the formula we have derived shows 
that the pressure on the wall is equal to the force of pressure 
acting upon a horizontal plane area of the same dimensions immersed 
in the fluid at the depth of the centre of gravity of the wall. 


QUESTIONS 


1. How is the area of a plane figure found in Cartesian coor- 
dinates, polar coordinates and in the case when its boundary is 
represented by parametric equations? 

2. Derive the formula for computing the volume of a body 
when the areas of its parallel sections are known. 

3. Derive the formula for the volume of a solid of revolution. 

4, State the definition of the arc length of acurve. Write down 
the formulas for computing arc length in Cartesian coordinates, 
polar coordinates and for the case of parametric equations of the 
curve. 

5. Derive the formulas for the coordinates of the centre of gra- 
vity of a curvilinear trapezoid. 

6. Describe the general scheme for application of the definite 
integral to solving geometrical and physical problems. Characte- 
rize the basic features of the problems solvable with the aid of 
the integral. 

7. Give examples of the application of the scheme. 

8*. Write down the formulas for computing the area of the 
surface of revolution generated by the rotation of a curve speci- 
fied by an equation in Cartesian coordinates, polar coordinates 
and also for parametric equations of the generating curve. 


Chapter VII 





FUNCTIONS OF SEVERAL VARIABLES 
AND THEIR DIFFERENTIATION 
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107. Functions of Two Variables. Method of Parallel Sections. 
Domains and Neighbourhoods. In the foregoing chapters we studied 
functions of one independent variable. But there are many cases 
when a magnitude depends not on one but on two or more inde- 
pendent variables, that is, when the values of the variable mag- 
nitude in question are specified by the values of several indepen- 
dent magnitudes. In such cases we speak about a function of two 
or more arguments. 

For instance, the area S of a rectangle is a function of two 
independently varying quantities which are its sides a and 6; this 
function is expressed by the formula 


S = ab 


Similarly, the volume V of a rectangular parallelepiped is a 
function of three independent variables which are the lengths a, 
6b and c of the edges of the parallelepiped: 


V=abe 


Another example is the work A of a direct electric current flowing 
through a section of a circuit; it depends on the voltage U across 
the ends of the section, on the intensity / of the current and on 
time ¢. This functional relationship is given by the formula 


A=I/Ut 


I. Functions of two variables. We shall begin with the case of 
two independent variables which wil! be denoted x and y. 

To every pair of values of x and y there corresponds a point 
in the xy-plane for which they serve as coordinates. Let us take 
a set of points D in the plane Oxy. 

Definition. A variable z is said to be a function of two vari- 
ables x and y defined on the set D if to each point of the 
set there corresponds a definite value of the variable z. 
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The point set D is then referred to as the domain of definition 
of the function. The domain of definition of a function is usually 
a part of the xy-plane bounded by one or several lines. 

If a magnitude z is a function of variables x and y we write 


z= f (x, y) 


In this relation the letter | symbolizing the function (it can 
be replaced by any other symbol) is followed by the letters 
designating the independent variables (the arguments) which are 
placed into the parentheses and separated by the comma. 

A function of two variables, like a function of one variable, 
can be 7 Aaa by a table, by a formuld (i. e. analytically) or by 
its graph (see Sec. 8). 

A tabular representation of a function indicates the values olf 
the function for a number of pairs of values of the independent 
variables. For this purpose we usually compile a table of double 
entry; this can be illustrated by the table below specifying the 
dependence of the screw gear efficiency n on the coefficient of 
friction 2 and on the helix pitch angle a: 


at pi 


8 12 


0.01 0.897 0.945 0.961 
0.812 0.895 0.925 
0.743 0.850 0.892 





In the analytical specification of a function we use a formula 
determining the values of the function depending on the values 
of the independent variables. 

For example, each of the formulas 


2=Ix+3y—5, z=—* an ae (2x+3y) 
wih app OM PO“ Viteem 
specifies z as a function of x and y. As a rule, when a function 
is represented analytically its domain of definition is understood 
(unless there are some additional conditions) as the maximum 
range of the variables x and y for which the formula specifying 
the function makes sense, that is, for the values of x and y which 
can be substituted into the formula to obtain the corresponding 
real values of z. For instance, the domain of the function 





2=Vr— ey 
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is the set of points in the xy-plane whose coordinates satisfy the 
relation 
x? +- y? < r: 
that is, the circle of radius r with centre at the origin. Similarly, 
for the function 
z= In (x? -++ y?—r*) 


the domain of definition is the set of points whose coordinates 
satisfy the condition 
V+ D> 


that is, the exterfor of the circle. 
The function 2=TETP is defined throughout the plane Oxy 


re . __ sin (xy) 
while the function ee 


straight line y=x deleted. 

As in the case of a function of one argument, we can consider 
implicit functions of {wo independent variables. An equation of 
the form 


is defined in the plane with the 


F(x, y, z)=0 


usually specifies each of the variables x, y, z involved as an 
implicit function of the other two variables; this question will 
be discussed in more detail in Sec. 117. 

If z is a function of two independent 
variables x and y its graph (in Cartesian 
coordinates) is the set of points whose abscis- 
sas and ordinates are the values of x and 
y and the third coordinate is the corres- 
ponding value of z. The graph of a fun- 
ction defined in a region of the plane is 
usually a surface. 

As an example, consider the equation 
x?4-y?-+2? = R*. It specifies the sphere of 
radius R with centre alt the origin, and 
therefore the graphs of the functions 


z=VRi—8—# and 2=-VR—8 ay 
are, respectively, the upper and the lower hemispheres (Fig. 132). 
The graph of the function 
Z= x? +- y? 


is a paraboloid of revolution (Fig. 133) and that of the linear 
function 





Fig. 132 


z=ax-+by+c 
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is a plane; in particular, the graph of a constant, that ts, of the 
function z=C (C=const) is a plane parallel to Oxy. Conversely, 
a surface in the xyz-space represents a function of two indepen- 
dent variables whose values are equal to the z-coordinates of the 
points of that surface corresponding to the values of the independent 
variables equal to the abscissas and the 
ordinates. 

To represent a function graphically means 
to specify its graph. 

II. The method of parallel sections. Level 
lines. In analytic geometry, when studying 
second-order algebraic surfaces we apply the 
method of parallel sections in which the shape 
of the surface is analysed with the aid of its 
equation by investigating the curves formed 

Fig. 133 in the intersections of the surface with planes 

parallel to the coordinate planes. This 

method is also applicable to studying arbitrary functions of two 
variables. For instance, suppose we are given a function 


z= f (x, y) 
specifying a surface in the xyz-space. If a value y, of the argument 
y is fixed while x remains variable the coordinate z becomes a 
function of one independent variable x: 

z= f (x, Yo) 
The character of variation of the variable z as function of x can now be 
investigated by applying to the above function the known methods 
for studying functions of one argument. 
This means, geometrically, that we con- 
sider the line of intersection of the 
surface z=f(x, y) with the plane 
y=y, parallel to the xz-plane (see the 
line CD in Fig. 134). Giving y anoth- 
er constant value y, we obtain the 
line C,D,, etc. 

The behaviour of z as y is varied 
and x is given different cohstant va- 
lues can be investigated in a similar Fig. 134 
way. For instance, in Fig. 134 we see 
the line of intersection of the surface z=f (x, y) with the plane 
x=x, (the line AB). To investigate this line we should study the 
function of one variable z=/(x,, y). If the disposition of these 
lines is known we can judge upon the shape of the surface. 

The investigation of the given function z=f(x, y) by means 
of functions of one argument can be carried out in another way 
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by fixing the values of the function itself instead of the values 
of independent variables. To this end, let us put z=z,; this results 


in the equation 
P(x, y)=2, (*) 


determining a relationship between the variables x and y, that 
is, a function of one argument, corresponding to the given fixed 
value z, of the function z. Geometrically, when a value z, of z 
is fixed we obtain the line of inter- 
section of the surface z=f (x, y) 
with the plane z=z, parallel to 
the plane Oxy. 

Equation (*) specifies the proje- 
ction J of the line of intersection L 
of the surface z=f (x, y) with the 
plane z=z, (see Fig. 135). When 
the point with coordinates x and 
y moves along the line f the fun- 
ction retains the constant va- 
lue 2,. 

Definition. A curve in the xy- 
plane at whose all points of the fun- 
ction z==f(x, y) retains a constant value is called a level line 
of the function. 

Taking different values z=z, we obtain a family of level lines 
of the function z=/(x, y); if the difference between neighbouring 
values of z, is sufficiently small such a family enabfes us to visua- 
lize the behaviour of the function. 

Let us make z assume the values ... —3h, —2h, —A, 0, h, 
2h, 3h, ... where h is a positive number; we then obtain a system 
of evenly spaced parallel sections and the corresponding family 
of level lines which, in this case, when the cutting planes are 
equidistant apart, are termed contour lines. In the parts of the 
xy-plane where the contour lines are thicker the function varies 
“rapidly” and in the parts where they are rarer it varies “slowly”. 
For, in the former case to the increment & of the function there 
corresponds a smaller displacement of the point P(x, y) in the 
plane than in the latter case. 

In Fig. 136 we see a family of contour lines with h=1 con- 
structed for the function z=x?+y? (representing a paraboloid of 
revolution). These contour lines are concentric circles with centre 
at the point O(0, 0) and that point itself. It is clearly seen that, 
as z increases, the circles become closer to each other, which means 
that the surface rises more steeply. 


_' The equation f(x, y)=2q specifies a cylindrical surface in the xyz-space 
with elements parallel to Oz and directrix ! (or L), 





Fig. 135 


24—2980 
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In applied sciences contour lines are frequently used for repre- 
senting the behaviour of functions of two variables. For example, 
in cartography the altitude of a terrain above sea level at a given 
point considered as a function of two variables (the coordinates 
of that point) is represented by contour lines of this function. 
These lines called horizontals are ext- 
remely convenient for representing the 
altitude of the terrain. In meteorology 
the so-called isotherms and isobars are 
used; they are, respectively, lines of 
constant average temperature and of cons- 
tant average pressure and represent these 
magnitudes as functions of the coordina- 
tes of the point of the terrain. 

III. The domain of definition of a 
function of one variable is most often 
an interval of the number Jine. For a 
function of two variables the domain of 
definition is a set of points in the coor- 

Fig. 136 dinate plane. Let us characterize the 

point sets of this kind which will be 

most frequently considered in what follows. We shall use visual 

geometrical interpretation; to begin with, let us state the defini- 
tion of an r-neighbourhood of a point in the plane. 

Definition. An (open) r-neighbourhood of a given point 
Pi (Xo, Yo) is the set of all points lying inside 
the circle of radius r and centre at the point 
P, (Fig. 137). 

The coordinates of these points satisfy the 
inequality 


(X—~Xp)? + (y—y,)? <r? 


If the points of the circumference of the 
circle are added to the r-neighbourhood we Fig. 137 
obtain the closed r-neighbourhood whose points 
have coordinates satisfying the non-strict inequality (x—x,)?+ 
+ (y—Y,)? gr’. 

The basic geometrical figure in the plane is a domain: 

An open domain in the plane is a point set D satisfying the 
fotlowing two conditions: 

(1) Jf a point belongs to the set D there exists a neighbourhood 
of this point whose all points also belong to D. 

(2) Any two points of the set D can be joined with a continuous 
line lying entirely within D. 

The first condition means that all the points of an open domain 
are interior, i.e. every point of the domain lies inside it together 








§ f. Functions of Several Variables 371 


with an r-neighbourhood of that point. The second condition indi- 
cates that an open domain is (arcwise) connected: its any two 
points can be connected by a line whose all points are in the domain. 

Examples of open domains are the interiors of a circle, of an 
ellipse, of a polygon, of an annulus, etc. (see Fig. 138). In what 
follows we shall always deal with domains bounded by finite arcs 
of smooth curves. These arcs form the boundaries of the domains. 


S220 


Fig. 138 


If all the points of the boundary of an open domain D are added 
to D we obtain a closed domain. When speaking about a domain 
D we usually mean an open domain; the case of a closed domain 


(often denoted D) will always be stipulated. 

Note that a region of the shape of a figure “8” (see Fig. 139) 
is not a domain since the points lying within different loops can- 
not be joined by a continuous line whose all points are interior. 


CoO 


Fig. 139 


A domain is said to be bounded (finite) if it entirely lies inside 
a circle with centre at the origin; thus, the distance from any 
point of a bounded domain to the origin does not exceed a fixed 
number. All the domains mentioned above are bounded. Examples 
of unbounded domains are a half-plane (i. e. a part of the plane 
lying on one side of a given straight line), a strip (a part of the 
plane enclosed within two parallel straight lines), the exterior of 
any circle and the like. Any two intersecting straight lines break 
up the plane into four unbounded angular domains (“wedges”). 

In what follows an important role will be played by so-called 
simply connected (1-connected) domains: 

A domain is said to be simply connected (or \-connected) if all the 
points of the plane lying inside a simple closed curve whose all 
points belong to the domain are also within the domain. A curve 
is called simple if it does not intersect itself (for instance, the 
boundary of a circle is a simple curve but that of a figure “8” 
is not). 

Examples of simply connected domains are the interiors of a 
circle and of an ellipse, a half-plane, a strip, a wedge, etc. Any 
domain bounded by a simple closed curve is simply connected. 


24* 
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As an example of a not simply connected (multiply connected) 
domain is an annulus (see Fig. 140a) since nof all points of th: 
plane enclosed by a circle I’ lying within the annulus belong to 
this annulus. The boundary of an annulus consists of two noninier- 
secting curves; accordingly, we say that an annulus is a doubly 
connected (2-connected) domain. The domain shown in Fig. 140 i: 
triply connected (3-connected); its boundary consists of three no:- 
intersecting curves. In the general case the notion of an n-fupl 
connected domain is introduced in a similar way. 





Fig. 140 


108. Limit of a Function of Two Variables. Continulty. 

1. The limit of a function. The definition of a limit of a func 
tion of two variables is stated by analogy with the case of a func 
tion of one variable: 

Definition. A number A is called the limit of the functlor 
zof(x, y) as X—+ Xo, y—+y, if for all the values of x and) 
which are, respectively, sufficiently close to the numbers x, and y, 
the corresponding values of the function f(x, y) are arbitrarih 
close to the number A. 

If A is the limit of f(x, y) as x—+x,, y—y, we wrile 


U> ve 


In this definition it is not supposed that the function is defines 
at the point P(X, Yo) itself, and therefore it is assumed that a 
least one of the inequalities xs4x,, ys4y, is fulfilled, that is th 
point (x, y) does not coincide with the limiting point (x, %). 

This definition can be re-stated in terms of inequalities: /f, giver 
an arbitrary e>O0, there exists a number 5>0 such that for al: 
the points P(x, y) whose coordinates satisfy the inequality 


0 < (x— x9)? + (y—Yo)? < 6 
(that is, for all points PP, belonging to the 6-neighbourhood 0, 


jee ene 
1 Before studying the subject of this section the reader should recall tr: 
content of Sec. 24, Chapter I] 
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the point P,) the inequality 

| F (x, y)—Al<e 
is fulfilled, the number A is the limit of the function f(x, y) as 
X > X ’ Y—Yy * 

The definition of the limit is readily extended to the case when 
one of the independent variables or both tend to infinity. For 
instance, the relation lim f{x, y)=A means that for any e>0 

x > Xp 

—~—+o 
there are numbers 650 and N>O such that the inequalities 
0<|x—x,|<6 and y>N imply the inequality | (x; y)—A|<e. 
It is of course assumed that the function f(x, y) is defined for all 
the values of x and y in question. Let the reader state the defini- 
tion of the limit for the other possible cases when the independent 
variables tend to infinity. 

The definitions of infinitesimals and of infinitely large magnitu- 
des which are functions of two variables are analogous to the 
corresponding definitions for functions of one variable, and we 
shall not ee them here. 

It should also be noted that all the rules for passing to the 
limit given in Sec. 29, Chapter 1] for functions of one variable 
are extended without any changes to the case of functions of several 
a ae a ae 

If. Continuity. a function f(x, y) be defined in a domain 
D and let Po(%o, Yo) be an interior af of the domain. The in- 
¥) at the given point P, (recall 
for a function of one variable) 


: , ee Y, + Ay)—f (Xo, Yo) 
it is of course suppose 
hice to the ‘ioniain D). at the point (x»+Ax, yo+Ay) also 
Paget a oe or iy at 4. 2 (x, ?? is said to be continuous 
: d if to infinitesi defined in a neighbourhood of that 
point and if to inini esimal increments of 4a 4h 
ponds an infinitesimal increment a Her eras y there corres- 
resin Az==0 
4y+q 
Denoting x,4--Ax by x ang 
condition of the continuity oft Ay by y we can re-write the 


Jim (f(x, o)—f (x, GN a=4 e function f(x, y) in the form. 


a or lim f(x, y)=F (Xo Yo) 
P ne 4 
Thus, if a function is continys y > Yo 


4S at a point (x, Yo) its limit at 
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that point coincides with the particular value of the functios c 
this point; the converse is also true. 

We say that a function is continuous tn a domain D if itis 
continuous at every point of the domain. 

If P(X, Yo) is a boundary point of the domain D the definitic: 
of the continuity of the function at that point should be slighth 
changed. Namely, in this case the limit of the function f(x, yj 
aS X—+X,, y—+y, Must be understood in the sense similar to tt: 
case of one-sided limit of a function of one variable: the point 
(x, y), when approaching the point (x), Yo), should move wilhir 
the domain D, that is, the definition of the limit must involve 
not all the points (x, y) lying sufficiently close to (x,, y,) bu! 
only those belonging to the domain D. 

From the geometrical point of view the continuity of the fun:- 
tion z=f(x, y) means that its graph is a surface withoul disc: 
finutties. 

The basic properties of continuous functions of two independent 
variables are the same as in the case of functions of one variable 
(see Sec. 35, Chapter Wy. 

A point belonging to the domain D or to its boundary et 
which the condition of continuity is violated is called a point c} 
discontinuity of the function?. Points of discontinuity of a func- 
tion of two variables may form arcs of curves. 

Let us consider examples of discontinuous functions. 


The function Z=-z7a Is continuous everywhere except at the 


point (0, 0) which is its point of discontinuity. It is clear that 
Z—+0o as x +0, y—+0. This means, geometrically, that the graph 
of the function is a surface having an infinite “spire” at the 
point (0, 0). 

Recalling the general equation of a surface of revolution derived 


in analytic geometry we conclude that the equation tar 


specifies the surface generated by the rotation of the curve z=5, 
y=0 lying in the xz-plane about Oz. 
The points of discontinuity of the function 2 an are all 


the points of the bisectors of the quadrants of the xy-plane, that 
is, those points for which y=x or y=—x. 
A more complicated example is the point of discontinuity (0, 0) 
for the function 
pede 
i (x, Y) = aa 


1 A more precise definition of a point of discontinuity of a function of {+o 
variables is analogous to the corresponding definition for a function of ane vz- 
triable (see Sec. 33). 
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Al each point of the straight line y=x where & is an arbitrary 
number the function assumes the constant value 


» =e Te 


If the point (x, y) approaches the point (0, 0) along the line 
y=kx the limit of the values of the function is equal to ae 


Making & take on different values, i. e. making (x, y) move to- 
ward (0, 0) along different straight lines, we obtain different limits 
of the values of the function f(x, y). This means that the function 
has no limit at the point (0, 0) as x and y approach the origin 
in an arbitrary way and thus is discontinuous at that point. 

109. Functions of Several Independent Variables. Here we shall 
generalize the definitions stated in the foregoing sections to the 
case of more than two independent variables. 

If there are three independent variables they are usually deno- 
tedbyx,yand z. If u is a function of x, y, z we write 


u=f(x, y, 2) 

With each triple of values x, y, z we can associate the point (x, y, z) 
of the xyz-space; then the domain of definition of the function 
f (x, y, 2) can be interpreted geometrically as a part of the three- 
dimensional space (if usually is a spatial region bounded by a 
surface). The definition of a three-dimensional domain is comple- 
tely analogous to that of a plane domain; the only change is that 
an r-neighbourhood of a point Po(Xo, Yo: 29) is in this case under- 
stood as the set of all interior points of the ball of radius r with 
centre at the point P,. The coordinates of the points of this neigh- 
bourhood satisfy the inequality 


(X—Xp5)? ++ (Y—Yo)* + (Z—2,)? < FF 


The “graph” of a function of three variables u=f (x, y, z) should 
be understood (formally) as the collection of the 4-tuples (x, y, z, u) 
such that x, y and z run through the domain of definition of the 
function while u assumes the corresponding values of the function 
f (x, y, 2); it cannot of course be visualized geometrically since we 
live in the three-dimensional geometrical space and cannot draw the 
fourth coordinate axis Ou perpendicular to given mutually perpen- 
dicular axes Ox, Oy and Oz. 

If the number n of the independent variables exceeds three it 
is inconvenient to denote them by different letters, and therefore 
they are most often denoted by one letter, for instance, x, sup- 
plied with different subscripts: x,, x., ...,%,- If u is a function 
of these variables we write 


a ig Nk ig ee) 
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To designate concrete numerical values of the independent variab- 
les x,, ..., x, we should use, instead of ordinary subscripts, some 
other symbols, for instance x$, x8, ..., x@. 

For the sake of convenience we shall (formally) retain the ordi- 
nary geometrical terminology: an n-tuple (x,, x,, ..., %,) will be 
called a point of the n-dimensional space, the latter being under- 
stood as the collection of all such n-tuples. We shall not state 
the general definition of a domain in the n-dimensional space of 
n-tuples and shall confine ourselves to the following definition of 
an r-neighbourhood: the set of points (x,, x,, ..., x,) of the 
n-dimensional space whose coordinates satisfy the inequality 


(X49)? +X, — XE) Eee te (Xn Xa)? <7? 


is called the r-neighbourhood oj the point P,(x%, x8, ..., x2). Such 
a neighbourhood is referred to as an open n-dimensional ball, and 
its boundary, that is, the set of points whose coordinates satisfy 
the equation 


(at (gate $a 


is called an n-dimensional sphere (or, simply, an n-sphere). 

The definition of the limit of a function and that of the con- 
tinuity of a function for the case of n independent variables are 
conipletely analogous to the corresponding definitions for functions 
of two variables, and we shall not state them here. 


§ 2. Derivatives and Differentials. 
Differential Calculus 


110. Partial Derivatives and Differentials. 

1, Partial derivatives. Let z=/f (x, y) be a function of two inde- 
pendent variables x and y. We begin with fixing a constant value 
of the argument y and investigating the function of one variable 
x thus appearing. Suppose that this function (we write it in the 
original form f(x, y) where y=const) possesses a derivative with 
respect to x; this derivative is equal to 


lim f (x+-Ax, y)—f (x, 9) 
Ax —» 0 Ax 


We shall denote this limit as f(x, y) where the subscript indicates 
the variable x with respect to which the derivative 1s taken for 
a fixed value of y. 

Definition. The partial derivative of the function 
z=f (x, y) with respect to x is the function of the two va- 
riables x and y appearing when f(x, y) is differentlated with 
respect to x on condition that y is regarded as a constant, 
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As has been said, the partial derivative of a function z=f (x, y) 
with respect to x is designated by f(x, y); the symbols 


Oz . Of (x, 3) 
Se, SD Se, 
are also used for this purpose. 

In contrast to the ordinary derivative we write 0 instead of d 
and, besides the prime in the symbols z, and f(x, y), also write the 
subscript indicating the variable x with respect to which the diffe- 
rentiation is performed (by the way, the prime is often omitted, 
and we write z, or f, (x, y)). 

It should be stressed that y is regarded constant only in the 
differentiation process with respect to x. After the expression for 
i.(x, y) has been found both variables x and y can assume arbit- 
rary admissible values. This exactly means that f,(x, y) is a func- 
tion of two independent variables. For instance, if z=x?y then 
2, = 2xy. 

It may of course happen that in a particular case f,(x, y) 
depends solely on one variable and even is constant. For example, 
if z=xy then zz=y, and if z=2x+y? then z,=2. 

The partial derivative of the function z=f (x, y) with respect toy 
is defined completely analogously: 


F(x, ytAy)—f (x, 9) 
Ay 





fy (% y)= lim 
Ay 0 
It is also denoted 
) , Of (x, 0 
ot zy, aot and siLF(, y)] 

A partial derivative being an ordinary derivative of a given 
function computed on condition that only one variable with respect 
to which the differentiation is performed changes, the computation 
of partial derivatives of elementary functions is carried out accor- 
ding to the well-known differentiation rules for elementary func- 
tions of one variable. 

Examples. 

(1) Let us find the derivatives z, and z, of the function z= 3axy— 
—x'—y', Regarding y as a constant we obtain 


62 


= = 3ay— 3x? 
and regarding x as a constant we get 

Oz 

a = 3ax—3y’ 


(2) Let us find z, and z, for the function z=x" defined for 
x>0. In the differentiation with respect to x the magnitude z is 
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considered as a power function and in the differentiation wi 
respect to y as an exponential function. Thus, we find 


0 
= yxt-, 5 xv In x 


The particular values of the partial derivatives for given values 
x=xX, and y=y, of the independent variables are denoted 


3 (5 ear Or fr(Xor Yo)s fy (Xor Yo) 


Y=Ho Y=Yo 
For example, if z=3axy—x°—y° then 


dz ae i Oz ae dz __ {a = 
(3 ove — 80 (Seana 80 (Fl ae (Fina? 
y=0 y=0 y=a y=a 
Partial derivatives of a function of an arbitrary number of 
independent variables are defined analogously. In the case of n 
independent variables the notation of partial derivatives is the 
same as before; for instance, 
Ou g, _ f(xy Avy, Xo, 26, Xn) (Kye ay ee Be) 
Ox, = fe. (%,, Xoy sony ae Ax, 


As an example, take the function r=Vx? +y?+2?. It expresses 
the distance between the point P(x, y, z) and the origin. Com- 
puting its partial derivatives we obtain the expressions 


r a . —=—— =Cc0sa 
OS VEL EF 
and 
r) Or y Or 
ly= 3, = 7 = COSB, (ag ey 


where cosz%, cosfi and cosy are the direction cosines of the polar 
radius of the point P(x, y, z); these formulas will be used in 
what follows. 

The absolute value of the partial derivative zp=/i(x, y) o 
zy=fy(x. y) is equal to the rate of change of the function 
z=f(x, y) as only x or only y changes while the sign of [, or f; 
indicates the character of the variation (i.e. the increase or the 
decrease of the function). 

The geometrical meaning of the partial derivatives of the func- 
tion z==/(x, y) is the following: fi(%a, Yo) is equal to the slope, 
relative to Ox, of the tangent line to the section of the surface 
z=f(x, y) by the plane y=y, drawn through the point 
Mo (Xo, Yo.’ 20), that is, f-(X, Yo) =tana (Fig. 14]a). (It is seen 
that fi (x9, Yo) <0 in the figure.) 
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The partial derivative f,(Xo, Yo) is equal to the slope, relative 
to Oy, of the tangent line, at the point Mg(xo, Yo, 2), to the 
section of the surface z=f(x, y) by the plane x=x,, i.e. 
fu (Xo Yo) =tanB (Fig. 1416). (It is seen that fp (%, Yo) >O0 in 
the figure.) 

II. Partial differentials. The increment of the function z=f (x, y) 
gained as only one of the variables changes is called a partial 
increment of the function with respect to the corresponding variable. 
The partial increments are denoted by the symbols 


A,z=f(x+Ax, y)—f(x, y) and A,z= f(x, y+Ay)—/ (x, y) 


Definition. The partial differential of the function 

=f (x,y) with respect to x is the principal part of the par- 
tial increment A,z=f(x-+Ax, y)—f (x, yy) proportional to 
the increment Ax of the independent variable x. 





Fig. 14! 


The partial differential with respect to y is defined similarly. 
The differentials of the independent variables x and y are 
simply understood as being equal to their increments: 


dx = Ax, dy = Ay 


The partial differential with respect to x is denoted as d,z and 
with respect to y as d,z. 

As in the case of a function of one variable, it can readily be 
proved that if a function z=f (x, y) possesses the partial diffe- 
rential with respect to x it also has the partial derivative z, and 
vice versa (see Sec. 50). Besides, 


Oz 
dz = De dx 


380 Ch. ViI. Functions of Several Variables 


Similarly, if a function z=f(x, y) has the partial differential 
with respect to y it also has the partial derivative z, and vice 
versa, and 


G2 
dz = ay dy 


Thus, a partial differential of a function of two independent 
variables is equal to the product of the partial derivative with 
respect to the corresponding variable by the differential of that 
variable. 

The geometrical meaning of the partial increment A,z is that 
it is equal to the increment of the z2-coordinate of the point of 
the surface z=f (x, y) as x receives the increment Ax (Fig. 14la). 
In the figure the increment A,z is represented by the line seg- 
ment RjM, and is negative: A,z< 0. The partial differential d,z 
is equal to the increment of the z-coordinate of the point of the 
tangent line 7, when the argument x gains the same increment. 
In the case shown in Fig. 14la we have d,z <0, the representing 
line segment being RjT%. 

Similarly, the partial increment A,z is equal to the increment 
of the z-coordinate of the point of the surface as the argument y 
receives the increment A, (Fig. 1416). In the figure the increment 
A,z is positive (A,z>0) and is represented by the line seg- 
ment RjM)>. The partial differential d,z expresses the increment 
of the z-coordinate of the point of the tangent line T,. In the 
case shown in Fig. 1415 we have d,z>0, the representing seg- 
ment being Ro7>. 

From the formulas for the partial differentials we obtain 


dz dyz Oz dyz 
Ox dx ' Oy «dy 
It follows that partial derivatives, like ordinary derivatives, can 
be regarded as fractions whose numerators are the corresponding 
partial differentials and the denominators, the differentials of the 
corresponding independent variables. But the expressions = and 
5 are unified symbols which must not be understood as fractions, 
for, if we even agree that ox and dy denote dx and dy the sym- 
bols dz in the first and in the second cases designate different 
magnitudes (namely, d,z and d,z). 
As an instance, let us consider the Mendeleeu-Clapeyron* equation 


pu= RT 
1 Mendeleev, D. I. (1834-1907), the famous Russian scientist who constructed 


the periodic table of elements and discovered the periodic law. 
Clapeyron, B.P.E (1799-1864), a French physicist. 
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Op du oT : 
and find 7 a and an from it. We have 
ELH <\=-2 
ov ov\ uv}. u> 
dy _ 9 (RT\V_ RR 
OT OT \ p )= p 
and 
S=5(F)=% 
dp” op\ R} R 


Forming the product of these three partial derivatives we derive 
the relation 
ap av oT RT Rv RT 


playing an important role in thermodynamics. (Note that if the 
symbols designating partial derivatives and involving 0 were real 
fractions we would obtain J instead of —1, which is incorrect.) 

Partial increments and partial defferentials of a function of any 
number of independent variables are defined by analogy with the 
case of a function of two variables. If u=f(x,, x,, ..., X,) then, 
as above, we have 


du Ou 
dU Fax, du = Ox, dx,, cacy 


that is, a partial differential of a function of several independent 
variables with respect to one of them is equal to the product of 
the corresponding partial derivative by the differential of that 
variable. 

1{t. Total Differential. 

I. Total increment and their differential. Let a function z= f (x, y) 
be differentiable with respect to x and with respect to y. Then, 
using the partial derivatives of the function we can find arbitra- 
rily accurate approximations to its increments corresponding to a 
variation of x for a constant value of y and to a variation of y 
for a constant x. Therefore it appears natural to try to find an 
approximation to the increment of the function z=f(x, y) when 
both arguments simultaneously and independently gain arbitrary 
increments. In this genera] case the increment of the function is 
given by the formula 


Az=f(x+Ax, y+Ay)—fF(x, 9) 


and is termed the fotal increment. In Fig. 142 we see that the 
total increment corresponding to the passage from the point P(x, y) 
to the point P,(x+Ax, y-+-Ay) admits of the geometrical inter- 
pretation as the length of the line segment QM,,. 
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The total increment of a function can be expressed by an ext- 
remely complicated formula involving Ax and Ay. But this rela- 
tionship becomes quite simple when f(x, y) is a linear functicn: 
f(x, y)=ax-+by-+c, in this case we readily find Az=aAx-+bdAy. 

It turns out that when f(x, y) is not a linear function it is 
usually possible to choose, for given values of x and y, some 
constant coefficients A and B such that the expression A Ax-+B Ay, 
which may not exactly coincide with Az, differs from Az by an 
infinitesimal of higher order than 
the distance o between the points 
P and P, as p—+0 (we have p= 
=V Ax? + Ay?): 

Az=AAx+BAy+o(p) 


In this case the sum A Ax-+-BdAy 
is called the total differential of 
the function z=f (x, y) and is de- 
noted dz or df (x, y): 


Fig. 142 dz= Adx+ Bday (‘) 


(as before, Ax=dx and Ay=dy). 
Thus, as p—+0, the difference between the total increment Az 
of the function z=f (x, y) and its total differential dz is an infi- 
nitesimal of higher order than p. This is briefly stated thus: dz ts 
the principal part of tke increment Az. Now we can state the 
definition: 
Definition. A function z=f(x+, y) is said to be differenti- 
able at a given point (x, y) if its total increment fs repre- 
sentable in the form 


Az=AAx+BAy-+o/(p), p=V Ax? + Ay? 


where A and B are independent of Ax and Ay. 

The principal part of the total increment of a differentiable 
function which is a linear function of the increments of the inde- 
pendent variables is called the total differential (or, briefly, 
the differential) of the function: 


dz=AAx+ BAy 


A function differentiable at each point of a domain is said to 
be differentiable in that domain. 

It is clear that if a function is differentiable at a given point 
it is continuous af it. But the fact that a function is continuous 
at a point does not imply that it is differentiable at that point. 
Moreover, in the case of a function of one variable the existence 
of the differential is equivalent to the existence of the derivative 
(see Sec. 52), but this is no longer true for a function of two 
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variables: a function z= f(x, y) possessing both partial derivatives 


& and = may have no total differential, that is, is not neces- 


sarily differentiable! At the end of the present section we shall 
prove that the condition that both partial derivatives of the func- 
tion z=] (x, y) not only exist at the given point but also exist in 
a neighbourhood of the point and are continuous in it is sufficient 
for the function to be differentiable at that point. 

Now, assuming that the function in question possesses a total 
differential, we shall prove a proposition showing how the total 
differential can be found: 

Theorem. The total differential of a function of two independent 
variables is equal to the sum of the products of the partial deri- 
vatives of the function by the differentials of the corresponding 
independent variables. 

Proof. Formula (*) expressing the differential is valid for arbit- 
rary dx and dy and hence, in particular, for dy=0. In the latter 
case the total increment Az coincides with the partial increment 
A.z, and we obtain 

d,z= Adx 
whence (see Sec. 110, IJ) 


d ’ 
A =" = fi (x, y) 


The fact that B=f,(x, y) is proved similarly. Consequently, the 
expression for the total] differential for given values of x and y 
is written 


dz=fi(x, y)dx+f,(x, y)dy 

or 
Oz dz 
dz =~ dx -+ 5 dy 
which is what we set out to prove. 
Since 

0 7) 

= dx = d,2 and 5 49 = 4,2 
we obtain 

dz=d,z+d,z 

that is, the differential of a function of two independent variables 


is equal to the sum of its partial differentials. 
Examples. (1) Let z=: 3axy—x?—y*. Then 


dz == (3ay— 3x?) dx +- (3ax— 3y*) dy. 
(2) For the function z=x (x > 0) we have 
dz = yx¥-'dx-+-x9 Inxdy 
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In both examples the partial derivatives are continuous end 
functions are therefore differentiable. 

The definition of the total differential is extended without ch 
ges to functions of any number of independent variables. 
u=f(x,, X,, ..., %,) thon the total increment of the function: 


Au=f (x, +Ax,, x, +Ax,, 2.65 Sa bAX)—P te My eee Mel 


If the total increment is expressible as the sum of the principal p 
linear with respect to the increments of the independent variat 
and an infinitesimal of higher order the function is differentia 
and its total differential, i.e. the principal (linear) part of ifs 
tal increment, is 
Ou du , ou 
diaz dx, + 5%, +. + a aX, 

The relationship between the increment Aw and the diferent! 
du is given by the formula Au =du-+o(p) where o(0) is an infin’ 
simal of higher order relative to 


p=V Ax? +tAxi+...+Ax3 
As in the case of functions of two variables, the existence of c 
tinuous partial derivatives with respect to all independent vari: 
les guarantees the existence of the total differential. 

Note. Let u=/[(x,, x,, ..., X,) be a function of a independ 
variables differentiable in a given domain and let its total di 
rential be identically equal to zero for all the values of the 
dependent variables and arbitrary dx,, dx,, ..., dx,: 


j 6) 
du = 5 dx, + sede, +... 42 dy, ==0 


OX, coe 
Then, putting dx,5£0, dx, =dx,=...=dx,=0 we conclude ft! 
= =0. Similarly, all the other partial derivatives 2, 2 , 
xy Gx,’ Of, 


Batis st. also turn out to be identically equal to zero. Conseq 


ntly, in this case u is independent of x,, x,, ..., x, and i 
constant magnitude. 

I[*. Sufficient condition for differentiability. We shall prove 
theorem providing a sufficient condition for differentiability o' 
function of two variables (it was already mentioned after the | 
finition of difierentiability). 

Theorem. If a function z==f (x, y) possesses partial derivati: 
in a neighbourhood of a point P(x, y) and these derivati 
Fi(x, y) and f,(x, y) are continuous at that point the functi 
is differentiable at the point P(x, y). 

Proof. Let us consider the total increment of the function z 


= f (x, y): Az=f(x+Ax, yt Ay)—f (x, y) 
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On adding and subtracting the expression f(x, y-++Ay) we rewrite 
this formula as 


Az=[f(x+Ax, y+ Ay)—f (x, y+ Ay)|+ 
+ [Ff (x, y+Ay)—f (x, )) 


In other words, the increment of the function corresponding to 
the passage from the point P to the point P, (see Fig. 143) is 
representable as the sum of two ) 
increments, namely, of the | 
increment gained by the fun- 
ction for the given constant 
value of x (that is, correspon- 
ding to the passage from the 
point P to the point NV) and 
the increment for the given 
constant value y+Ay of the 
other argument (which cor- 
responds to the passage from 
the point N to the point P,).? 

The expression in the first 
parentheses is the increment 
of the function f(x, y) for the constant value y+Ay of the 
ordinate received when x is given the increment Ax. To this incre- 
ment we can apply Lagrange’s formula of finite increments (see 
Sec. 57), which results in 


F(x+Ax, yt+Ay)—f (x, yt Ay) =f (1, yt Ay) Ax 
(the position of the point Q(&,, y+Ay) with coordinates &, and 
y-+-Ay, &,€[x, x-+ Ax] is shown in Fig. 143). 
Similarly, applying Lagrange’s formula to the expression in the 
second parentheses as increment of the function corresponding to 
the variation of only one argument y we obtain 


i (x, y+Ay)—f (x, y=, (x, E.) Ay 


(the point R(x, §,) with coordinates x and &, &€[y, y+ Ay], 
lies on the line segment PN). 
Thus, we have 
Az=fz(,, y+ Ay) Ax + fi (x, £,) Ay 
By the hypothesis, the derivatives f; and y, are continuous fun- 


ctions. Therefore, since the points Q and R approach the point 
P and P,—P, we can write 


fiE,, yptAy)=fi(x, y)+e, and f(x, E)=fo(% y+e, 


1 The consideration is similar if we take the increments of the function cor- 
responding to the paths PN, and N,P,. 





25—2280 
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where e, and e, tend to zero together with Ax and Ay, and hence 
together with p= PP, =YV Ax?-+ Ay?. On substituting these expres- 
sions into the above formula of Az we receive 


Az=[fi(%, y) te] Ax+ [fi (x y) +e] Ay 


Az=f.(x, y)Ax+ fy (x, y) Ay+a (*) 


where a==e,Avte,Ay. By virtue of the inequalities [Ax{<p 
and {Ay|<p we have 


Ja{—=[e, Axe, Ay|<je, [[Ax[+[e,]|Ay|<p (Je, |+/e)) 
Consequently, 


that is, 


[a] 


Sle | +] ee! 


Since e, and e, tend to zero as p—+0 the ratio 121 atso tends to 
zero and therefore @ is an infinitesimal of higher order than 9. 
It follows that, according to the definition, the sum of the first 
two terms on the right-hand side of equality (*) which is linear 
ies and Ay is the total differential of the function at the point 

x, y). 

This theorem is readily extended to the case of more than two 
independent variables. 

112. Geometrical Interpretation of the Total Differential of a 
Function of Two Variables. As is known, the derivative and the 










differential of a function of one va- 
riable are connected with the tangent 
line to the graph of the function. It 
[| if turns out that, similarly, the partial 
aa, Yj derivatives and the total differential 
ee of a gee hig ae ale a 
PATTI 7 connected wi e tangent plane to 
‘vais the surface serving as the graph of 
Yt Ve the function. 
ff ) Let z=f (x, y) be a differentiable 
Z function at a point (x,, 4). Consider 
Pig. 144 the sections of the surface S repre- 
senting this function by the planes 
y=y, and x=x,. Let us draw the tangent lines M,7, and M,7, 
at the point M,(%, Yo, 2) (see Fig. 144) to the plane curves 
obtained in the sections. The plane T passing through these lines 
which meet at the point M, is called the tangent plane to the sur- 
face S at the point M,, the point M, being the point of tangency 
(the point of contact) of the plane 7 and the surface S. 
Let us derive the equation of the tangent plane. The straight 
line M,T, is in the plane y=y, parallel to the plane Oxz, its 
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slope relative to the x-axis being equal to f,(x,, y,). Therefore 
the line M,T,, is specified by the equations 


Z— 2% =f, (Xo, Yo) (x— Xp), Y= Jo 
The equations of the straight line M,7, are found similarly: 


Z—2, = fy (Xo, Yo) (Y—Yo), X= Xq 
The plane T passing through the point M, (xp, ¥, 2), its equation 
is written as 


Z£—2, > A (x—Xp) +- B (Y—Yo) 


The straight lines M,7, and M,7,, are in the plane: 7, and the- 
refore the coordinates of the points of these lines satisfy the equa- 
tion of the plane. Substituting the expressions of z—z, and y—y, 
from the equation of the straight line M,7, into the equation of 
the plane we obtain 


F(X» Yo) (X— %_) = A (x—Xp) 
whence 


A=f, (Xo, Yo) 
Furthermore, we similarly find that 


B=f, (Xo, Yo) 
Thus, the equation of the tangent plane takes the form 


L— 2) = he (Xo; Yo) (x— X,) +fy (Xo, Yo) (y—Y) (*) 


Later on (see Sec. 119) we shall prove that the tangent line 
drawn through the point M, (x, ¥%, 2) to any curve lying on the 
surface S and passing through that point is in the tangent plane (*). 

The geometrical meaning of the total differential of a function 
of two independent variables is clarified by the following propo- 
sition: 

Theorem. The total differential of a function z=f(¥, y) is 
equal to the increment of the z-coordinate of the tangent plane 
drawn to the graph of the function at the corresponding point. 

Proof. The right-hand side of the equation of the tangent plane 
(*) coincides with the expression of the total differential of 
the function z=/(x, y) (since x—x,=dx, y—y,=dy). It follows 
that the equation of the tangent plane can be written in the form 

2—2, = (d2)x=x, 
¥=Yo , 
where z, is the z-coordinate of the point of tangency, z is the 
coordinate of the moving point of the tangent plane and (dz),-~., 


the total differential of the function z=f(x, y) computed “for 
X=X, and y=y,. 
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lf x receives an increment Ax and y an increment Ay (Fiz. 
the function gains the corresponding increment Az represente 
the line segment R,M, equal to the increment of the 2-coord. 
oi the point of the surface S while the differential dz is: 
cerited by the segment R,7, which is the increment of the z- 
dinate of the corresponding 53 
the tangent plane 7. 

113. Applying Total Differe 
to Approximate Calculations. In 
53 we discussed the applicetio 
the differential of a function o} 
variable fo approximate calculzi 
In this section we shall trezt 
Jogous problems for functions ¢ 
veral variables and their dif 
tials. For the sake of simplicit: 
shall take functions of two ve 
Jes although all the facts we. 

Fig. 145 discuss are readily extended to } 
tions of any number of variable: 

The fundamental idea of the application of the differenti: 
approximate calculations lies in the replacement of the lotal i 
ment of a function by its total differential, that is, it reduc 
the approximate relation 


i (%) + Ax, y,+ Ay) —f (x, Y,) & dz 


valid for small Ax and Ay. Replacing dz by its expression in { 
of the derivatives we write this approximate equality 


j (%-+- Ax, Yo + Ay) © f (%, Yo) + fz (%, Yo) Ax+ f(x, u,) Ay 


Ii we put x,tAy=x, y,t+Ay=y this approximate relatis 
brought to the form 


P(%, YE (Les Yo) tbe os Yo) (4X — XI) HH es He) (Y—Y,) 


The Jatter formula indicates that the replacement of th: 
increment of the function by its total differential is equivales 
the replacement, in the vicinity of the point (x,, y,), of the 
clion f(x, y) by the linear function written on the right-hand 
of formula (*). This means, geometrically, that a portica of 
surface z=j(x, y) is replaced by the corresponding part oi 
tangent plane to the surface at the point ,(x,, 4, z,). 

Formula (*) enables us to compute approximations to the 
Jues of the function f(x, y) when x is close to x, end yt 
after the values f (%, Ys), fe (%. Ye) and fy (xe, yp) have been 
termined, 
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Example. Let us write down the approximate formula for com- 
puting the values of the function 


z= In (xy + 2y?— 2x) 


in the vicinity of the point (1, 1). Here we have x,=1, y,=1, 
and the computations yield 


Gz J Oz 
ax pp pa ee I); (Fee ela 


y=l 
Oz ] ' Gz _ 
c= precy (F),=5 

¥ 


=f 
Thus, since z,=0, we obtain 
In (xy + 2y?—2x) ~—(x—1) +5 (y—1) 


Let the reader compute several values of this function by means 
of the approximate formula and compare them with the tabular 
values. 

Now we shall show how the limiting absolute error in the deter- 
mination of a value of a function of two variables is found when 
the limiting absolute errors of its arguments are known. The rea- 
der should recall the subject matter of Sec. 53 (whose notation 
we retain here) before proceeding to what follows. 

Suppose it is required to compute the value of a given function 
z=f(x, y) corresponding to given values of the arguments x and 
y which are only known approximately: 


X=X,+dx, |dx|<e. y=y+dy, {dy|<e, 


where x, and y, are the given approximate values of the argu- 
ments and e, and e, the corresponding limiting absolute errors. 
To find the limiting absolute error ¢, of the value of the function 
it is necessary to estimate the modulus of the difference between 
the exact value /(x, y) and the approximate value f(x, ¥,). For- 
mula (*) implies 
[fF (x, y)—f (Xo, Yo) || Feo, Yo) dx +-f5 (Xo, Yo) dyl< 
<I Fz (%or Yo) [Jax 1+ I Fp Xo» Yo) [ldy] < 
<] fe (%or Yo) lex] fy Xo» Yo) | Fy 


Hence, we can put 
&,=|f2(%o Yo) [ex +] fy (Xo, Yo) | ey (**) 


On dividing e, by f(x. ¥.) we get the limiting relative error 6,. 
As an example, let us determine the limiting relative errors of 
a product and of a quotient. 
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(1) Let z=xy. If x, and y, are approximate values of the argu: 
ments, formula (**) yields 


&,=lyole,-+] ole, 
On dividing by |z,|=| x y,] we find 6,: 


a ON i sak 
= | Xo | a | Yo! Poetry 


Thus, the limiting relative error in the computation of a pro 
duct is equal to the sum of the limiting relative errors of the factors. 
Of course, this rule holds for any number of factors. 


(2) Let za and z=“. Then 
Xo 


& + 


ey 


J 
e.= — oe _— 
Xo Xo 











and 
ogre fe SU es 
oy gg ee 


that is, the limiting relative error of a quotient is egual to the 
sum of the limiting relative errors of the divident and the divisor. 
(Thus, the limiting relative errors appearing in the computations 
of the product and of the quotient of two magnitudes coincide.) 

Formula (**) also enables us to solve the reverse problem: given 
an admissible error e, of the determination of the function f(x, y) 
and some approximate values x, and y, of the arguments, it is 
required to find the admissible values of e, and e,. The conditions 
of the problem do not specify e, and e, uniquely since these two 
magnitudes are only connected by one relation (**). Therefore we 
can choose the values of e, and e, depending on which wha 
can be decreased more easily, that is, which of the magnitudes 
x and y can be measured with a greater accuracy. If it turns out 
that the given approximate values x, and y, are not measured 
sufficiently accurately they should be measured again with the 
required accuracy, after which the new approximate value of the 
function is computed (see Example 2 on page 167). 

114. Derivatives and Differentials of Higher Orders. 

I. Suppose that a function z=f(x, y) possesses the partial 
derivatives 


O , 0 ’ 
=f (x, y), a= ta (%, y) 


These derivatives, in their turn, are functions of x and y. The 
partial derivatives of these functions (provided they exist) are called 
the second partial derivatives or the partial derivatives of the second 
order of the given function f(x, y). Each of the derivatives [; (x, y) 
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and f, (x, y) (referred to as the first derivatives or the derivatives 
of the first order) has two partial derivatives, and thus we obtain 
four partial derivatives of the second order denoted 


0 {dz Cz ~ ” 0 {dz a*z 0" ° 
a (3) = ag = fete xy (3) asaya bw = 
A/dz\  ®z » . Qfdz\ dz »p 
ae (ap) apart tim ay (ag) = aye lie Me 
The derivatives fi, and fj, are termed mixed; the former is obtai- 
ned when the function is first differentiated with respect to x and 
then with respect to y and the latter when the indicated order of 
the differentiations is reversed. 


For instance, taking the function z=x5y*—3xy3—xy+1 we 
receive 


0 0 
02z 0? 
Gat = OXY", age = 2x 18xy 
022 ; 672 
aay OY 9VP— 1, agg = Bxty— Sy? — | 


In this example the mixed derivatives turn out to be identically 
coincident. The following theorem indicates that this fact is a 
particular case of a general rule which we state without proof: 

Theorem. If the mixed partial derivatives of the second order 
of a function z=f (x, y) are continuaus they coincide: 


F sy (%, Y)=fyx(¥, y) 

The condition of continuity of the mixed derivatives is essential: 
if it is violated the derivatives are not necessarily equal. 

Thus, under the above conditions a function z=f (x, y) of two 
variables possesses not four but three different partial derivatives 
of the second order: 

dz Gz O72 rz 
Ox Gedy dydx ANC Gye 

The partial derivatives of the partial derivatives of the second 
order are called partial derivatives of the third order (or third 
partial derivatives), etc. 

The above theorem on the equality of the mixed derivatives of 
the second order implies the following general proposition: 

The result of a repeated differentiation of a function of two inde- 
pendent variables does not depend on the order of the differentiations 
if all the partial derivatives in question are continuous. 

For example, let us prave that 


Gz 2 
Oxoy? ~~ dy Ox dy 
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Using the theorem on the equality of the mixed derivatives of the 
second order we write 

Gy adl(ae@z\ af ez )= 0°z 

Oxoy? ay (sa) ~~ Oy (55: ~ Oy Ox Ou 
which is what we wanted to prove. For all the other cases this 
general proposition is proved analogously. 

It is readily seen that the function z=/(x, y) has n+1 partial 

derivatives of the nth order; they can be denoted as 


O"2 O72 az 6"2 0"2 02 
Ox™ > Ox"®—ldy?§ = ax"-2ay2? °°  axta@y2-2% dxdy"-1'* gif 


As a rule, an elementary function of two independent variables 
possesses partial derivatives of any order throughout its domain 
of definition (except, possibly, at separate points or lines). 

Partial derivatives of higher orders of functions of any number 
of independent variables are defined similarly. The theorem on the 
independence of the result of repeated differentiations of the 
order of the differentiations applies to this case as well. For 
example, if u=f(x, y, z) then 

07u Ou Ou Pu OU Pu 


—— eee ——eeee SE ote ee 
ean eal 


Repeated differentiation of functions of several variables is 
performed practically by finding the required derivatives of higher 
order one after another. 

Il, The total differential of function z=f (x, y) (also termed the 
first differential or the differential of the first order) is expressed 
by the formula 


, , 0 0 
dz=fz (x, y)dx+fy (x, y)dy= a det = dy 


and is dependent on the arguments x and y and also on their 
dificrentials dx and dy. The differentials dx, dy do not depend on 
x and y and are regarded as constant magnitudes when tofal 
diflerentials of higher order are computed in succession (although 
they can take on arbitrary values; see the analogous remark for 
junctions of one argument in Sec. 55). 

The total differential of the second order (the second differential) 
is the total differential of the total differential of the first order dz 
computed under the assumption that dx and dy retain (arbitrary) 
constant values. If all the partial derivatives of the second order 
are continuous this definition implies the formula 


dz dz 0 {dz dz 0 {dz dz 


for the partial differential of the second order. On computing ‘he 
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partial derivatives of the expressions in the parentheses we obtain 
0 {oz 02 022 072 

and 
0 {dz 02 072 0*2z 


The substitution of these expressions into the above formula 
of d*z yields, after similar terms have been combined, the final 
formula 
a2z 2 a%z 
d?z = 5 dx? + 2 soe dx dy Toye ey? 

Total differentials of higher order are defined similarly by 
applying, in succession, the above procedure the required number 
of times on condition that all the partial derivatives involved are 
continuous. As an instance, let the reader verify that the total 
differential of the third order is given by the formula 

032 oz , 0°2 oz 

dz = s5 AX +3 aaa dx? dy+3 dx apr 2X4" + Zs 

and think about the general form of the subsequent total diffe- 
rentials. 

115. Reconstructing a Function from Its Total Differential. 

I. The case of two independent variables. Let x and y be inde- 
pendent variables and P(x, y) and Q(x, y) functions of these 
variables continuous together with their partial derivatives in a 
domain D (bounded or unbounded). This condition is supposed 
to hold throughout this section and will not be stipulated in the 
statements of the theorems. 

We say that an expression P(x, y)dx4-Q(x, y)dy is a total 
differential if there is a function u(x, y) whose total diffe- 
rential coincides with this expression: 


du=P (x, y)dx+-Q (x, y) dx (*) 

Let us analyse the conditions guaranteeing that a given expres- 
sion P(x, y)dx+Q(x, y)dy is a total] differentia). Remember that 
for a function of one variable a product of the form f[ (x) dx where 
f(x) is a continuous function is always a total differential since 
there exists a function y such that dy =f (x) dx. Indeed, any anti- 


derivative of f(x) can be taken as the function y: y=) F(x) dx. 
It turns out that for functions of two variables the situation is 
essentially different: an expression P(x, y)dx+-Q(x, y)dy is by far 
not always a total differential, and for a function u(x, y) such 
that du= P(x, y)-+ Q(x, y) to exist some additional conditions 
should hold. We shall give these conditions in the two theorems 


dy?® 
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below: the first of them expresses a necessary condition for an 
expression Pdx+-Qdy to be a total differential and the second 
provides a sufficient condition. 

Theorem (Necessary Condition). If an expression 


P(x, y)dx + Q(x, y) dy 
is a total differential in a domain D then at all the points of 
the domain D there holds the equality 


epee Ld (*) 
oy” Ox 


Proof. By the hypothesis, there exists a function u(x, y) for 
which equality (*) is fulfilled. Since 


du =S2dx-+F dy 
equality (*) implies 
0 
P(x, =z and Q(x, =o 


On differentiating the first of these relations with respect to y 
and the second with respect to x we obtain 


OP au aQ_ om 

Oy ox dy’ “Ox Gyax 
The mixed partial derivatives of the second order of the function 
u(x, y) which are the first derivatives of the functions P(x, 9) 


and Q(x, y) being continuous, the theorem in Sec. 114 implies 
that they are equal, that is, 


aP aq 


Oy Ox 


which is what we set out to prove. 

The theorem proved shows that if condition (**) does not hold 
the expression Pdx-+-Qdy is not a total differential. For example, 
in the expression ydx—xdy we have P=y and Q=—x. There- 
fore P,=1, Q:=—1; these derivatives are continuous throughout 
the xy-plane but condition (**) is violated: 134—I1. Hence, there 
exists no function whose total differential coincides with the expres- 
sion ydx—x dy. 

In the formulation of the necessary condition the domain D can 
be quite arbitrary but in the sufficient condition stated below it 
is essential that the domain D is simply connected (see Sec. 107, III). 

Theorem (Sufficient Condition). If the condition 

OP __ 9Q (**) 
OY Ox 
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is fulfilled at all the points of a simply connected domain D there 
exists a function u(x, y) defined in this domain whose total 


differential is 
du==P(x, y)dx+Q(x, y)dy (*) 


It can be shown that there exists an infinitude of functions 
having a given total differential: they are all given by the expres- 
sion u(x, y)+C where C is an arbitrary constant and u(x, y) is 
any function whose total differential is equal to the given expres- 
sion Pdx+Qdy (this proposition is similar to the analogous 
proposition for functions of one va- 
triable stated in Sec. 78, and we leave 
its proof to the reader; to this end, 
it is advisable to make use of the 
remark on page 384). 

Here we shall prove this theorem 
for the particular case of a simply 
connected domain D shaped as a re- 
ctangle with sides parallel to the co- 
ordinate axes (Fig. 146). The rectan- 
gular domain D can be finite or infi- 
nite; this means that it can be a strip, or a quadrant or a half- 
plane bounded by straight lines parallel to the coordinate axes; it 
can also coincide with the whole plane. These cases are obtained 
in the limit when some of the sides of the finite rectangle shown 
in Fig. 146 “recede” to infinity. For the general case of an arbitrary 
simply connected domain this theorem will be proved in Sec. 141. 

As was shown, the function u(x, y) (if it exists) must satisfy 
the two conditions 


7] 7) , 
(1) Z=P(, 9) and (2) F=Q(e, y) 
There are infinitely many functions satisfying the first of these 
conditions: they are all given by the formula 





u(x, 9) = § P(x, y)dx+oly) (***) 


where [x,, x] < (a, 6) and p(y) is an arbitrary function of y. For, 
the differentiation of expression (***) with respect to x immedia- 
tely results in u,=P (x, y). 

Now let us choose a function m(y) for which the second condi- 
tion is fulfilled. To this end, we differentiate the expression of 
u(x, y) with respect to y and equate the result to Q(x, y): 


ay ap | Pls whee +9" W) = QC 1) 
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It follows that 
x 
' 0 
e W=Q(x, W—F | P(x, wae 
Xo 


It can be shown (but we shall not present the proof here) that 
if the functions P(x, y) and P’,(x, y) are continuous the opera- 
tions of differentiation with respect to y and integration with 
respect to x can be interchanged (this is known as Leibniz’ rule). 
Therefore, taking into account equality (**), we get 


at _ ( aP(x, ») _ 0 0Qt, ») = 
Hy) Pls wde= |S Bdy = | ASP drm 
Xo Xo Xo 
=Q (x, y)—Q (Xo, y) 
The substitution of the value of the integral { SE Bas thus 


found into the formula expressing q’ (y) yields : 


Q’ (y) = Q (x, y)—Q (x, y) + Q (Xo, y) = Q (X5, y) 


The summands involving x have thus cancelled out, and on the 
right-hand side we have the function Q(x,, y) dependent solely 
on y. On integrating, we receive 


Uv 
p(y) = § Q(x. y)dy+C 


Yo 


where [¥, y] c(c, d) and C is an arbitrary constant. Thus, the 
function g(y) has been determined; its substitution into formula 
(***) gives us the final result: 


y 


u(x, y=) P(x, yydx+\ Q(t rdy+C (A) 


Yo 


The order of these operations can of course be reversed, that is, 
we can start with finding a function u(x, y) satisfying the second 
condition (its expression involves an arbitrary function of the 
argument x) and then determine this function by using the first 
condition. Let the reader check that this leads to the equivalent 
formula 

Jy a4 
a(x, y=S Q(x, yydy+\P(eiy)de+C 


Yo Xo 


The initial point (x, y,) entering into both formulas (A) and 
(B) can be chosen quite arbitrarily within the domain D. It is 
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advisable to choose it in such a way that the expression for 
Q (x,, y) (or for P(x, yo)) becomes as simple as possible. 

The proof of the theorem for the case of a rectangular domain 
with sides parallel to the coordinate axes given here incidentally 
provides formulas (A) and (B) for reconstructing a function u (x, y) 
from its total differential. 

In practical determination of a function u(x, y) from its total 
differential formulas (A) and (B) are rarely used since if is more 
convenient to apply the modified computational scheme involving 
indefinite integrals, which is demonstrated by the example below. 

Consider the expression 


(e” +- x) dx + (xe”— 2) dy 


Let us check that it is a total differential and determine the 
function w(x, y). Here we have 


_ - OP 6Q__y 
P=e+x, Q=xe—2y, Moet oe 
. e oP dQ ° 
These functions are everywhere continuous and a oe that is 


the sufficient condition for the existence of the function u(x, y) is 
fulfilled. Now let us find this function. We have the two relations 


0 
(1) Baie tx and (2) ap =e” — By 


The indefinite integration of (1) results in 
u (x, y=\@ +2) de+ey)= +540) 


Furthermore, 


Sp = x0! + @" (y) = xe? — 2y 
whence we obtain o’(y)=—2y since the terms with x mutually 


cancel out. Hence, 
Piyy=—y¥+C 
Consequently, 


ule, p= + B—4c 


The correctness of the result can be checked directly. 

II. The case of three independent variables. The method applied 
above for finding a function of two independent variables from 
its total differential is generalized almost without changes to the 
case of three arguments. Therefore we shall limit ourselves to 
a brief discussion. 

Let P(x, y, z), Q(x, y, z) and R(x, y, z) be functions of in- 
dependent variables x, y, z continuous together with their partial 
derivatives in a spatial domain &. There holds the following theorem: 


398 Ch. VII. Functions of Several Variables 


Theorem. If the expression 


P(x, 9, z)dx+Q(x, ¥, z2)dy+R(x, y, z)dz  (*) 

is a total differential of a function u(x, y, 2) in the domain 2 

then at all the points of the domain Q there must hold the con- 
ditions 

6P _ aQ 6Q OR OR __ oP - 


Indeed, since the function u(x, y, z) whose total differential is 
expression (*) exists, we have 


Ou Ou Ou 
du = a IX + 5, dy + Ge a2 
This yields the three equalities 
Ou Ou Ou 
a =P, ay 7 8 a= R [> *?)) 


which immediately imply identities (**) in accordance with the 
equality of the corresponding mixed partial derivatives of the 
function w(x, y, z). For instance, 
aQ Ou OR O7u , dQ OR 
Gz ~ dyaz 70 Gy dzoy’ © Or Gyr © 
Now let the domain Q be a rectangular parallelepiped with 
faces parallel to the coordinate planes (or a domain obtained as 
some faces of such a parallelepiped recede to infinity). Then, if 
conditions (**) hold throughout the domain Q there exists a func- 
tion u(x, y, z) whose total differential is equal to the expression (*). 
The argument similar to that in the case of a plane region leads 
us fo the following formula: 


te. 








x i] 
u(x, y, z)= | P (x, y, z)dx + \ Q (Xo, ¥, 2)dy+ 
Xo Yo 


r4 


+} R(x Yor 2)d2+C 


Zo 


It is of course supposed that the points (x, Yo, 2.) and (x, y, 2) 
belong to the domain 2 (Fig. 147). The order of operations in 
the determination of the function u can be of course changed; 
this leads to the corresponding modifications of the final formula. 

A more general class of domains 2 for which conditions (**) 
imply the existence of the function u(x, y, z) will be discussed 
in Sec. 143. 

We shall consider an example demonstrating the reconstruction 
of a function u(x, y, z) from its total differential without using 
the formula derived above. Let us find the genera} expression for 
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the function u(x, y, z) if 
du = (2xyz-+Iny)dx-+ (x82 + =) dy +- (x?y— 22) dz 
Here we have 
P=2xyz+iIny, Q = 82-+— 
R=x*y—2z 


and the partial derivatives of these functions are continuous in 
the half-space y >0. The expression of 


du is in fact a total differential since "4 (Za,Yo,2) (94,2) 









1 90Q dQ ag _. OR 
Oy 2xz+ yo ox? Oz =x oy ’ MZ, Y, 2) 
OR OP 
oa = AS MlZ0Yp,2p) 


Now let us find the expression of the 


function u(x, y, z). We begin with the J 


third condition (***): J 
0 
a Pye Fig. 147 


The general form of the function wu satisfying this condition is 


u= ( (x?9y— 22) dz+ p(x, y)=x*yz—2?+ p(x, y) 
where (x, y) is an arbitrary function of x and y which should 
now be chosen in such a way that the first two conditions (***) 
hold. To this end, we must have 
Ou __ Op __ 
op = exy2 + a = xyz Iny 
and 


Op OU 
whence sing and es that is, 


dp =Inydx+<dy 


Since iy on ee have arrived at the problem of 
finding a function p(x, y) of two variables having a given total 
differential. Therefore we use the procedure described in I to obtain 

p(x, y)=J Inydx=xIny+(y) 
and 
cA em Sa Fy 
yogt tS aH; 
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It is obvious that +’ (y)=0, i.e. p(y)=C-. Finally, we get 
= x?yz—z?+xIny+C 


Let the reader check directly the correctness of this result. 

116. Difierentiating Composite Functions. Rules for Finding 
Difierentials of Functions. 

I. Differentiating composite functions. Consider a function 
z=f(u, v) possessing the continuous partial] derivatives 2; and 
z, By Sec. 111, this function is differentiable and its incremext 
Az is representable in the form 


Az = Au +Zpvta (*) 


where @ is an infinitesimal of higher order than VAu?+ Av. Now 
suppose that wu and uvare, in their turn, difierentiable functions of 
an independent variable x, i.e. 


u=g(x) and v=(x) 
Thus, 
2=f[p(x), p(x)]=F (%) 


which means that z is a composite function of one variable x. 


Our aim is toexpress the derivative a in terms of the partial deri- 


vatives ad and 2 and the derivatives of the functions u and 0 
with respect to x. To this end, we give the argument x an incre- 
ment Ax. This makes uw and v receive, respectively, some incre- 


ments Au and Av in terms of which Az is expressed by formula (‘). 
Let us divide both sides of this formula by Ax: 


x dz Au , dz Av 
Gis sae oe 
The next step is to pass to the limit as Ax—+0. By the nypOnes 


sis, we have lim a i and lim Be ee The ratio — can be 


Ax+o Ax dx br+o Ar dx’ re 
represented as 
a a Vbur+ dot _ / (eV 4 (#) 
Ax V Au? Av? Ax aaa Av? } 


The first factor on the right-hand side tends to zero in accordance 
with the definition of a while the second factor tends to a definite 


number, namely, to (a) +(Z)- Consequently, Jim =. 


Finally, noting that the values of 2 and % depend solely on the 
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chosen value of x determining the values of u and v and are inde- 
pendent of Ax we obtain 


dz oz du , dzdv 
dx du de * do de 
Clearly, this formula is a generalization of the differentiation rule 
for a composite function of one variable. 

Now let us suppose that z is a composite function of two inde- 
pendent variables x and y, that is, 


z=f(u, v) 
where 


u=@(x, y) and v=*p(x, y) 
Thus, 


z=f[9 (x, y), p (x, y)] = F (x, y) 


We also suppose that all the functions involved possess continuous 
partial derivatives and therefore are differentiable. 

To find z, we must consider y constant, and then uw and v become 
functions of only one variable x; therefore we arrive at the case 
treated above. The only distinction is that the ordinary deriva- 


tives & and x are now replaced by the partial derivatives 


o and =. and we thus obtain 
Oz __ Oz Ou Oz OD 
dx ou ox + Oo Ox 
and, similarly, 
dz _ 92 du 4 dz 90 
oy” ou oy * oo oy 
Hence, 

A partial derivative of a composite function is equal to the sum 
of the products of the derivatives of the given function with respect 
to the intermediate arguments (i.e. u and v) by the partial de- 
rivatives of these arguments with respect to the corresponding 
independent variable (x or y). 

Example. Let us take the function z=e*%sin(x+y). If xy=u 
and x-+y=v, that is z=e"sinv, we obtain 


Oz du ,azdu_ , _ 
2,= 57 ar Vas ee sinv-y+te"cosu-Il= 


=e [ysin (x-+ y)-+cos (x + y)] 


+ O2 Ou , OZOV_,. 7 _ 
Ute oy ta 3y =e" Sin x-+e%cosu-1= 


=e [x sin (x+y) - cos (x +y)] 


and 


Z 


26—2280 
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The rule stated above also applies to functions of any number of 
independent variables and any number of intermediate arguments. 


Let z be defined as a function of arguments u, v, ..., w which 
are functions of independent variables x, y, ..., ¢. Then 
Oz Oz Ou , dzau Oz dw 
ae On ox ' Qoae T °°. Ow oe 


Oz Oz au , Gzavu Oz dw 


ay du Oy T avayt ++ Bw Oy 
a2 a2 au , aed, |, a2 ow 
G-matnat:: +e er 

In a particular case the arguments uw, v, ..., w may be functions 
of one independent variable, say, x. This means, that, ultimately, 
z is a function dependent solely on x. In this case its ordinary 
derivative (called a total derivative) is expressed by the formula 


Oz Oz du , dzdvu Gz dw 
oe Ou de + Gude! °° * "Ow de 


If x coincides with one of the arguments uw, v, ..., w, for de- 
finiteness, x =u, the latter formula yields 


dz 02z , dz du Gz dw 
ie ae 0 de oe oe ae 


Let the reader note the distinction between the derivatives - and 2 


involved in this formula: the former is a total derivative, that is, 
the ordinary derivative of z as function of x, and the latter is an 
(explicit) partial derivative of z with respect to the argument x 
entering originally into the expression of the function, that is, 
computed under the assumption that all the other arguments, al- 
though dependent on x in the composite function, are considered 
constant in this differentiation process. 


Examples. (1) Let us find the second derivatives 
of the function 


ax?’ gy** d24 


Doo ce eS 
OT Ver eee 


1 In the general case when u, v,..., w depend on several arguments x, 
t the derivatives Oe ee icine i ate si 
Yy, os 09 Ox Gu ox eee ow ox g otey of ou Fy, oee 


dz dw 
eb ae ar found here are termed fofal partial derivatives (with respect to 


1. G2 Oz ‘ ; 
£y sad) while >. soon Bo are referred to as explicit partial deriv- 
tives.—TTr. 
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where r is the polar radius of the point (x, y, z) in space: r= 
= /x?+y?+27, We have 





Ox =—s- Ox Or ox rer r 
dus dus 
wor BRT F 
and, furthermore, 
re — 3p2 OF x 
Cu Ox 8 ——3rx2? 2? — 3x? 
xe” r3 a © ~ 78 
Au  rr—dy? Ou r?—3z? 
oy 6 O22 re 


Note that the function —— satisfies the relation 


Au , u , Ou 
ae ta t a =9 


(2) Let 2= xe" where u= q(x). Then 


2% —3xtet* and $F = 3x%et* + x%e"" 2uq’ (x) 

II. Invariance of the form of the first differential and the ge- 
neral rules for computing differentials. 

Theorem. The total differential of a function z=—=f(u, @) re- 
tains its form irrespective of whether its arguments uw and @ are 
independent variables or functions of some other independent va- 
riables. 

If u and v are independent variables then the total differential is 


02 Oz 
dz = = du ++ du 


Now let w and uv be functions of independent variables x and y pos- 


sessing continuous partial derivatives. The formulas for a and a 


derived in I indicate that these derivatives are also continuous; 
consequently, z as function of x and y is differentiable, and the 
definition of the total differential implies 


dz= dx +5 dy 
On replacing se and 5 by the expressions given in I we get 


Oz Ou , Ozdv Oz Ou , dzau 
dem (FE et ae) + (Se op a) Y 
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Now, regrouping the terms, we arrive at the relation 
Oz [ Ou Ou dz {dv du 


where the expressions in the parentheses are, respectively, equal 
to du and dv. Consequently, 


which is what we intended to prove. 

Thus, a function of two variables, like a function of one variable, 
possesses the invariance property of the form of its first differen. 
tial (see Sec. 51, III). Total differentials of higher order do not 
possess this property. 

Analogously, if z=f(u, v, ..., w) then we always have 


Oz Oz dz 
dz=— du + =do +- ees +3, dw 


irrespective of whether the arguments u, v, ..., w depend or 
do not depend on some other independent variables. 

In the computation of the differential of a function of several 
independent variables we can use the same simple rules as in the 
case of one independent variable (Sec. 51). Let u, v, ..., w be 
functions of any number of independent variables. Then the follo- 
wing rules analogous to those in Sec. 51 hold: 


(1) d(u-+o+...+w)=du+du+...+dy; 

(2) d(uv)=vdu+-udv and, in particular, d(Cu)=Cdu where 
C = const; 

(3) d (=) = 2dne 

The proof of these rules follows directly from the invariance of 
the form of the first differential. As an instance, Jet us prove the 
second rule. The form of the differential being independent of the 
nature of the arguments, we can suppose that they are indepen- 
dent variables. Then 


d (uv) = 2 (uv) du +2 (uv) dv=vdu-+udu 


which is what we wanted to prove. 
The other rules are proved similarly. These rules sometimes 
enable us to simplify the calculations. 


Example. Let us find darctan =. Putting fu we obtain 





y _ ’ a I y 
d arctan — = (arctan u) du = | d (4) 


y? 
ty 
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Now, using the third rule, we finally get 


] dy—yd 
darctan = =——, “= — ai pdt tap aly 
eo 
By the way, it follows immediately that 
0 0 
5, arctan a, and sparctan 2 = aaa 


117. Existence Theorem for an Implicit Function. In our course 
we already dealt with implicit functions, that is, with those de- 
fined by means of equations connecting variable magnitudes. We 
remind the reader that an implicit function of one variable is 
specified by an equation 

F (x, y)=0 (*) 

As was noted in Sec. 12, there are cases when equation (*) 
does not determine a function; for instance, the equation x?-++ y?+ 
+5=0 has no real roots and hence y cannot be regarded as 
a function of x. In the general case, for a more complicated 
equation, it is extremely difficult to find out for what values of x 
equation (*) has roots and what is their number; then the question 
as to whether the equation specifies a function remains open. 

Here we are going to establish certain conditions guaranteeing 
that one of the variables involved in an equation F (x, y) =0 is 
specified as a function of the other. These conditions are given 
by the following theorem (which we present without proof): 

Theorem (On the Existence of an Implicit Function). Let 
F(x, y) be a function continuous together with its partial deri- 
vatives in a neighbourhood of a point M,(x,, y,). If 


F (Xo. Yo) == 0 and Fy (Xo) Yo) HO 
then for the values of x lying sufficiently close to x, the equ- 
ation 
F(x, y)=0 

possesses a unique solution y=@ (x) depending continuously on x 
such that @(+,)=y,. Besides, the function (x) also possesses 
a continuous derivative. 

Below are examples demonstrating the application of this 
theorem. 

(1) Let F(x, y) =x?-+y?—R?. The equation 

x?--y?— R?=0 

specifies a circle. At any point M,(%,, y,) on this circle such 


that y,0 (see Fig. 148) all the conditions of the above theorem 
are fulfilled: 


xo+ys—R?=0 and Fy (Xo, Yo) = 24,40 
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The function y=) R?—x? (the sign of the root is chosen in 
accordance with the sign of y,) is the only continuous function 
satisfying the given equation and the condition V R*’—x3=y,. 
Taking the opposite sign of the root we obtain another conti- 
nuous function (satisfying the same equation) which is no longer 
equal to y, at the point x=.x, (it assumes the value —y, for 
X=X,). It should also be noted that 
if for different values of x we choos 
the corresponding values of y with 
different signs the resultant function will 
be discontinuous (cf. footnote on page 
37) while the theorem speaks of the 
existence of a unique continuous fun- 
ction. 

The situation is quite different in 
the vicinity of the points A(R, 0) and 
B(—R, 0). For the point A there are 
no real values of y corresponding to the 
values x >R, and for x<R both conti- 
nuous real solutions y=+ V R?—x? and y=—YV R*—x? tum 
into zero for x=R. The matter is that here the partial deriva- 
tive F, turns into zero: F,(R, 0)=0, and therefore the conditions 
of the existence theorem are violated. On the other hand, we 
have F,(R, 0)=2R=<0 at this point, and hence x can be ex- 
pressed as a uniquely determined continuous function of y, which 
is again clearly seen in Fig. 148. 

(2) Let an implicit function be specified by the equation 


x8y + In y—x=0 (*) 


In this case F(x, y)=x5y+Iny—x. At the point M,(I, !) we 
have F(1, 1)=0. The partial derivatives F,=3x*y—I and F)= 


=x5-+-— are continuous in the vicinity of this point, and 


Fi(l, 1j=2540. Hence, by the existence theorem, there is a 
unique function y= q(x) satisfying the given equation such that 
p(1)=1. Although we have established the existence of the fun- 
ction p(x), it cannot be expressed as an elementary function of x 
since the equation is not solvable algebraically in y. Particular 
values of the function (x) can be found by setting certain values 
of x and applying the methods of Sec. 77 to solving the resultant 
equations. The function y=@(x) being continuous, for the values 
of x lying close to 1, the corresponding equation possesses a root 
close to I. 

An implicit function of two variables is specified by an equa- 
tion of the form 








Fig. 148 


F (x, y, z)=9 
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connecting the three variables x, y and z. The question of the 
existence of such a function is elucidated by the following 
theorem. 

Theorem. Let F(x, y, 2) be a function continuous together 
with its partial derivatives in a neighbourhood of a point 
Mo (or Vos Zo) Hi 


F (Xo. Vos Zo.) == 0 and Fz(Xo: Vor 20) 0 


then the equation F(x, y, 2)==0 possesses a unique solution 

=«(x, y), defined in a sufficiently small neighbourhood of the 
point (*,, ¥,), depending continuously on x and y and satisfying 
the condition p(x,, y,.)==2Z,. Moreover, the function p(x, y) also 
has continuous partial derivatives. 

It should also be noted that if F;=0 at the point M, but some 
other derivative, say F,, is different from zero (F,(%», Yo. Zo) =< 0) 
the equation may not define z as a function of x and y but spe- 
cifies y as a function of x and z. 

118. Differentiating Implicit Functions. Suppose that the condi- 
tions of the existence theorem for an implicit function stated in 
the foregoing section are fulfilled for a function F(x, y) so that 
the equation 

F(x, y)=0 


specifies y as function of x: y=g(x). The substitution of the 
function @(x) for y into this equation leads to the identity 
Fix, p(x)]=0 


It follows that the derivative of the function F(x, y) (where 
y=(x)) with respect to x is also identically zero. On differen- 
tiating this expression according to the differentiation rule for 
a composite function (see Sec. 116) we find 


, , a 
F,+F,2=0 


whence 
y’ = dy = _ Fs 
dx Fy 


This formula expresses the derivative of the implicit function 
y= (x) in terms of the partial derivatives of the given function 
F (x, y).1. The derivative y’ does not exist at the point (x, y) for 
which F,=0. But, as was mentioned, for such values of x and y 
the existence of the function p(x) itself is not guaranteed. 


1 Another method for computing the derivative of an implicit function of 
one variable was discussed in . 45, 
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Examples. (1) Let F(x, y)=x?+y?—1=0. We have oad 


and a 2y, and hence y’ = oo 


y y 
(2) Taking the equation F(x, y)=y+In y—x=0 we find, 
accor. to the solution of Example 2 in Sec. 117, that 
r x*y— 1 
e+e 
Now let us consider an equation 
F (x, y, z)=0 


specifying z as a function z=@/(x, y) of the independent variab- 
les x and y. The substitution of p(x, y) for z into the equation 
results in the identity 


F [x, y, @(x, y)] =0 


Consequently, the partial derivatives of the function F(x, y, 2) 
(with z replaced by p(x, y)) with respect to x and y must also be 
equal to zero. On differentiating, we obtain 


, ,O ; ,O 
F;+F,==0 and Fy+ Fiz =0 


whence 
dz Fy Oz __ Fy 


—oe oe —_, = 


ax FL’ Oy Fz 


These formulas express the partial derivatives of the implicit 
function z=q(x, y) in terms of the derivatives of the given fun- 
ction F(x, y, z). If F;=0 the formulas become senseless. 
Examples. (1) Let us find the partial derivatives of the function 
z specified by the equation F(x, y, z)=x?+y?+z27—1=0 (the 


equation of unit sphere). We have = 2x, =2y and om 2 


3 Oy 
hence, 
Oz =x dz 
i nd 


In this example it is possible to find the explicit expression of 
the function and to check the correctness of the results obtained. 
(2) Take the equation F (x, y, z) ==e-%—2z+e7=0. The diffe- 
rentiation yields 
wy = OF : OF 
—— = — ye, ap Uv, a= —2 +e 
Therefore, 





§ 3. Applications of Differential Calculus to Geometry 409 


In this case it is impossible to express z as an explicit function, 
and the values of the partial derivatives should be found for 
given values of the variables x and y after the corresponding 
value of the function z has been computed in some way. 

In the general case an equation of the form 


F(x, 9, Z,...,H=0 


specifies w as a function of x, y, z,...; by analogy with the 
foregoing cases, we find 


§ 8. Applications of Differential 
Calculus to Geometry 


119. Surfaces. If a surface in space is specified by an equation 


z=f (x, y) 


the equation of the tangent plane to the surface at its point 
Moy (Xo) Yo. 20) is written (see Sec. 112) as 


2—2, = fe (Xoy Yo) (X—X0) + Fy (%or Yo) (Y—Yo) 


Let us consider a surface S specified in the coordinate space 
Oxyz by an equation of the general form 


F (x, y, 2)=0 


not solved with respect fo a coordinate. Suppose that in 
a neighbourhood of a point M, (Xo, Yo, 29) the function F(x, y, z) 
satisfies the conditions of the existence theorem for an implicit 
function so that the equation F(x, y,z)=0 determines z as 
a function of x and y: z=f (x, y) and f (x) y,.)=2z,. According to 
Sec. 118, the derivatives of this function at the point (x,, y,) are 
expressed by the formulas 


Fx (Xo. Yor 20) Fy (Xo, Yo 20) 
Fz (Xo, Yor 20) ” F2 (Xo. Yor Zo) 


The equation of the tangent plane can be rewritten as 


fz (os Yo) = — by (Xos y¥.)=— 


eee Fy (xo, Yor 20) ee oar Fy (Xo, Yor Zo) — 
a Fz (Xo, Yoo Zo) (%— Xo} Fz (Xo, Yo, Zo) (Y—4o) 
or 

Fy, (Xo Yor 20) (4% —%0) + Fy (Xo, Yor 20) (Y—Yo) + 


+F2(%os Yor Zo) (2—2y) = 0 
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Using the subscript “0” to designate that the partial derivatives 
are taken at the point of tangency M, (Xo, Yo, Z,), that is, {or 
X=Xy, y=Y, and z=z,, we can write this equation in the abbre- 
viated form 


(Se) ee) +(F=) u—ye) + (FE), (2-20) =0 


This form of the equation of the tangent plane also remaitis 
valid when ( =(0. The equality = ),=0 simply means 
that the tangent plane at the given point of the surface is parallel 
to the z-axis. The equation of the tangent plane becomes senseless 


if all the three partial derivatives of the function F (x, y, 2) turn 


into zero at the point M,: (a OF OF 


| Dee are =) = (), Points of 
this kind are called singular, and we shall not treat them in 
our course. 


Definition. The straight line perpendicular to the tangent plane 
at the point of tangency is called the normal to the surface 
af that point. 

The equation of the tangent plane to a surface F(x, y, z)=0 at 
its point My(X,, Yo, 29) being known, we can write the equations 
of the normal to the surface at that point on the basis of the 
es established in analytic geometry. These equations have the 
orm 


(OF \~ (OF \ (OF \_ 

(ar), (a), (ae), 
If a surface is represented by an equation z=f (x, y) the equa- 
tions of the normal to the surface at its point M,(x,, Yo, 2) are 


written as 
X— Xo Y—-Yo _ 2-29 


—s 
SE ee 


Using the equation of the tangent plane we can readily find the 
expressions for the direction cosines of the normal; let the reader 
determine the direction cosines for the cases when a surface is 
specified by an equation explicitly and implicitly (these formulas 
will be used in what follows). 

Examples. (1) Let us derive the equation of the tangent plane 
and the equations of the normal to the sphere 


x? + yy? ++ 22 — R? 
at its point M, (xo, Yo, 2). We have 
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and hence the equation of the tangent plane is 
Xq (X— Xo) + Yo (Y—-Yo) + 2y (Z—2,) =0 
or 
XX + YoY + Zz = Xo-+ YS-+ 25 = R? 
The equations of the normal have the form 


X—%Xq__ Y—Yo __ 220 or x y 2 


Xo Yo Z0 %o Yo 2 
It follows that the normal to that sphere passes through the 
origin. 
(2) Let us form the equation of the tangent plane, parallel to 
the plane x-- y—z=0, to the ellipsoid of revolution x?-++ 4+ 22=1. 


: OF OF OF ‘ 

Since (S) = 2 (<)> y, and (=) = 22, the equation of 
the tangent plane at the corresponding point M,(x), Yo: 2p) 
(whose location is yet unknown) is written 


2X9 (X—Xo) + Yo (Y—Yo) + 22, (2—2%) =0 (*) 
The parallelism condition for the planes yields the relations 
2x Yo __ 22 


To these relations we should add the condition expressing the 
fact that the point M, lies on the ellipsoid: 


+ 
xo+ 5 + 20 = 


We thus arrive at the system of three equations with three un- 
knowns. Its solutions are the coordinates of the two points 


M; (3.1, —y) and Mi(— 3, —1, y)- On substituting the 
values of the coordinates thus found into equation (*) we obtain 
the equations of the two planes satisfying the conditions of the 
problem: 


X-+y—z=2 and x+y—z=—2 


In Sec. 112 the tangent plane to a surface was defined as the 
one passing through the tangent lines io the two plane curves 
obtained in the sections of the surface by the two coordinate pla- 
nes Oxz and Oyz. Now we shall establish a property of the tangent 
plane which, by the way, accounts for its name. 

If a curve L lies entirely on a surface the tangent line to that 
curve at its point M, is in the tangent plane to the surface drawn 
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through this point. In other words, if all the curves lying on the 
surface and passing through the point M, are drawn the tangent 
lines to these curves at the point M, are al) in a common plane 
which is the tangent plane to the surface. 

Let a surface be specified by an equation F(x, y, z)=0 and 
let L be asmooth curve on that surface passing through a point M, 
of the surface and represented by parametric equations x=x(t), 
y=y(t), z=z(t), the value of the parameter f corresponding to 
the point M, being equal to ¢,. The condition that the curve L 
lies entirely on the surface is expressed by the relation 


F{x(t), y(f), 2(t)]=0 
This relation being an identity for all the values of ¢, we can 
differentiate it with respect to ¢ in accordance with the differen- 
tiation rule for a composite function, which results in 

OF , , OF, , OF, _ 
on * +5, 4 on =0 
Indicating the values of the derivatives at the point M, by the 
subscript “0” we can write down the latter relation in the form 


(ae ) t+ (Sp) wet (Fe), 29 (" 
The values (=) (<) (=), of the partial derivatives 


depend solely on the equation of the surface and on the chosen 
point M, while the values of the derivatives xj, 4, Z) additio- 
nally depend on the choice of the curve L and are equal to the 
projections of the direction vector of the tangent line to the 
curve L at the point M, (see Sec. 68). Equality (**) indicates 
that any such tangent vector is perpendicular to one and the same 
normal {(Fx)o, (Fy)o. (Fz)ot (which is a direction vector of the nor- 
mal to the surface). (Equality (**) expresses the fact that the 
scalar product of these vectors is equal to zero.) This exactly 
means that all the tangent lines to the curves lying on the sur- 
face and passing through the point M, are in one plane which js 
the tangent plane to the surface. 

120. Space Curve as Line of Intersection of Two Surfaces, In 
Sec. 68 we studied parametric equations of space curves. A curve 
in ee can also be represented as a line of intersection of two 
surfaces: 


F (x, Y, z)=0Q, @ (x, Y) z)=0 (*) 


It is clear, geometrically, that the tangent to this curve at a point 
M,(%o, Yo. 20) iS the line of intersection of the tangent planes to 
these surfaces drawn through that point. Forming the equations 
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of these planes 
(Fe), —#0) + (F5), YH) + (F=) (2-20) =0 
(SF), ex) + (2) w—m) + (FP) 2-2.) =0 


we arrive at the equations of the sought-for tangent as line of 
intersection of the two planes. The direction vector T of this 
tangent line can be found as the vector product of the normal 
oe of the two tangent planes (Fig. 149). These normal vec- 
ors are 


lS )e (Bo Zap ad w=), (FB) 
whence ; k 


T=Ni x Ne=| (32), (G7). (a), 


(a), (ar), (3), 


Knowing the direction vector T and the point of tangency M, 
we can write down the canonical equations of the tangent line and 
also form the equation of the 


normal plane. Here we do not Ny r 
write these equations in the ge- z 

neral form and proceed to the 

example below demonstrating My 


the course of the calcuJations. 

Example. Let a curve be the 
line of intersection of the two 
cylinders: 





x*-+ 4? = 10 
and 
y?-+ 27 =25 
We shall form the equations of 7 Fig. 149 


the tangent line and of the 
normal plane to this curve at the point (1, 3, 4). 
To begin with, let us determine the projections of the vectors 


N, and Ne: . a5 
(a), =2 (a), =5 (37), =9 


(s),~% (5),=& (z),=8 


and 
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Next we compute their vector product: 


i jk 
T=NiXNo=|2 6 O|=48i—16j+ 12k 
06 8 








Now, knowing the vector T and the point of tangency we write down 
the sought-for equations: the equations of the tangent line are 
x—I y—3 z—4 
“12° 4 3 
and the equation of the normal plane is 


To compute the arc length for a space curve determined by 
equations of form (*) we should solve these equations with respect 
to two coordinates, for instance, with respect to y and 2; this 
leads fo some expressions of y and z as functions of the coordi- 
nate x: y=y(x), z=z(x). After y(x) and z(x) have been de- 
termined we can apply the formula for the arc Jength of a space 
curve specified parametrically (see Sec. 102), the role of the para- 
meter being played by x: fx. Thus we obtain 


int V I+y" +2" dx 


x 

where x, and x, are the abscissas of the initial and terminal 
points of the given arc. 

Example. Let us compute the length of the arc of the curve 
specified by the equations 

?—3y=0, 2xy—I9z=0 

and joining the point A (0, 0, 0) to the point B(3, 3, 2) (this curve 
is the line of intersection of the parabolic cylinder x*—3y=0 and 
the hyperbolic paraboloid 2xy—9z=0).: 

Expressing y and z from these equations in terms of x we get 


yas, z= whence 


3 3 
L=\ Y 45+ a de | (1 +5) dx = (+ =] 
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3 
=5 
0 





121. Necessary Conditions for Extremum. The definition of a 
point of extremum of a function of two variables is analogous to 
the corresponding definition for a function of one variable (see 
Sec. 60). Let z=/(%, y) be a function defined in a domain D and 
let P(x, Yo) be an interior point of the domain. 
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Definition. The point P,(x,, y,.) is said to be a point of 
extremum (a point of maximum or a point of minimum) of 
the function z=f (x, y) if, respectively, f (+0, Yo) is the greatest 
or the least value of the function f(x, y) in a neighbourhood of 
the point P,(%5, ¥,). 

Thus, f(x, y)< f(x,y) if P, is a point of maximum, and 
f (x, y) > F (xa, Yo) If P, is a point of minimum. 

he strict inequalities are replaced by non-strict ones (i.e. 
the symbols < and > are replaced by < and 2) the point P, 
is a point of non-strict extremum. 

The value f(x,, 4.) of the function is called then an extre- 
mal value (respectively, a maximum or a minimum value) of 
the function. We also say in these 
cases that the function f(x, y) attains 
an extremum (respectively, a maximum 
or a minimum) at the point P,. The 
shape of the surfaces representing a 
function in the vicinity of its points 
of extremum is shown in Fig. 150. 

We shall begin with establishing ne- 
cessary conditions for a function z= Fig. 150 
=f (x,y) to attain an extremum at a 
point P,(x,, y,). The function is supposed to be differentiable 
(extrema of non-differentiable functions will be treated later on). 

Necessary Condition for Extremum. If a differentiable function 
z==f(x, y) attains an extremum at a point P,(x,, y.) its partial 
derivatives turn into zero at that point: 


Oz Oz 
(Fe) enn =O (Fenn =? 
Y=Yo Y=Yo 

Proof. Let the function z=/(x, y) have an extremum at the 
point P,(x, y,). By the definition of an extremum, the function 
z=f (x, y) regarded as a function of one variable x for the fixed 
value y=y, of the other variable attains an extremum at the 
point x=.x,. As is known, for the function f(x, y,) to have an 
extremum for x= x, it is necessary that the derivative of / (x, y,) 
with respect to x should vanish at the point x= x,, that is, 





Similarly, the function z=/f(x, y) regarded as a function of one 
argument y for the fixed value x= yx, of the variable x has an 


extremum for y=y,. Hence, (Fees = 0, which is what we want- 
V=Ve 
ed to prove. 
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A point P,(x,, ¥,) at which both partial derivatives of a func- 
tion z=f (x, y) turn into zero is referred to as a stationary point 
of the function f(x, y). 

The equation of the tangent plane to the surface z=] (r, y) 
whose general form is 


2—ay= (2), x) + (22), vu) 


turns into z=2z, for a stationary point P,(x,, 4). 

Thus, geometrically, for a differentiable function z=f (x, y) fo 
attain an extremum at a point P,(X, Yo) it is necessary that the 
tangent plane to the surface (serving as the graph of the function) 
at the corresponding point should be parallel to the coordinate 
plane of the independent variables. 

To find the stationary points of a given function z=f (x, y) we 
should equate to zero its both partial derivatives and find the 
real roots of the resulting equations 

dz Oz r 


Example. Let us determine the stationary points of the function 
Zz == 2x5 + xy? +- 5x? + y? 
In this case the system of equations (*) takes the form 
6x2+y?+10x=0, 2xy+2y=—0 


From the second equation it follows that either y=0 or x=—I. 
Substituting, in turn, these values into the first equation we 
determine the four stationary points 


M,(0, 0), M, (—F. 0), M,(—1, 2), My(—1, —2) 


To find out which of these points are in fact points of extre- 
mum we should apply sufficient conditions for extremum (they 
will be established in the next section). 

It is sometimes possible to examine the character of a station- 
ary point without resorting to sufficient conditions. For instance, 
if the conditions of the problem directly indicate that the function 
in question has a maximum or a minimum at some point and if 
there is only one point satisfying system (*) (i.e. only one pair 
of values x, y turning equations (*) into identities) this single 
point is sure to be the sought-for point of extremum. 

Finally, note that a continuous function of two variables may 
have an extremum at a point where it is not differentiable (for 
instance, such an extremum may correspond to a caspidal point 
of the surface serving as the graph of the function). As an example, 


consider the function z=/x?+-y?. At the origin it obviously 
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attains a minimum value (equa! to zero) but is nondifferentiable 
for x=0, y=0; the graph of this function is a circular cone with 
vertex at the origin and Oz as axis. 

Thus, if we include not only differentiable functions but conti- 
nuous functions as well then 

a point of extremum of a function is either a stationary point 
or a point at which the function is nondifferentiable. 

For a function 

WT Xa. Keg veg: Xa) 


of any number n of independent variables the notion of an extre- 
mum is defined quite similarly, and the necessary conditions for 
extremum are derived analogously. Namely: 

A differentiable function of n arguments may have an extremum 


only for those values of x,, x,, ..., Xq for which all its n partial 
derivatives of the first order are equal to zero: 
Fe, Hae Sar oes Xp) =O, .0 5 Fen Ms Kgs oer X_) =O 


These equalities form a system of n equations in n unknowns 
from which the coordinates of the stationary points are found. 

122. Sufficient Conditions for Extremum of a Function of Two 
Variables. As in the case of a function of one variable, the neces- 
sary test for an extremum of a function of several variables estab- 
lished in the foregoing section is not sufficient. This means that 
the fact that the partial derivatives are zero at a given point 
does not imply that this point is necessarily a point of extremum. 
For instance, let us consider the function z=.xy. Its partial deri- 
vatives 2,=y and z,;=x are equal to zero at the origin where 
the function has no extremum. For, the function z=xy turns into 
zero at the origin but attains both positive and negative values 
in any neighbourhood of the origin (namely, positive values in the 
first and third quadrants and negative values in the second and 
fourth quadrants), and therefore the zero value assumed by the 
function at the origin is neither its maximum nor minimum value. 

Sufficient conditions for extremum for a function of several 
independent variables are essentially more complicated than in the 
case of a function of one argument. Here we shall state without 
proof sufficient conditions for extremum for a function of two 
independent variables. 

Let a function z=/(x, y) be continuous together with its par- 
tial derivatives of the first and second orders and let P,(%o, Yo) 
be a stationary point of the function, that is, 


(3),=° (H),=9 


Let us compute the values of the second derivatives of the function 
272280 
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f(x, y) at the point P,(x,, yo) and denote them, for brevily, 
dC: 


5 an 
A=(az), B=(sa)e C>(37), 


lf AC— B*?>0 the function f(x, y) has an extremum at ths 
point P,(x,, y,) which is a maximum if A<¢0 and a minimum 
if A>O (the condition AC—B?>0 implies that A and C ee 
necessarily of one sign). 

lf AC—B?<0 there is no extremum at the point P,(x,, y,). 

If AC—B?=0 the properties of the second derivatives do not 
provide any answer to the question of existence of an exfremum, 
and further investigation is needed. 

Examples. (1) We established in Sec. 121 that the functioa 


Z = 2x3 + xy? + 5x? + y? 
has the four stationary points 
5 8 
M, (0, 0), M,(—#. 0), My(—1, 2), Mc(—1, —2) 


The second partial derivatives of the function are 


Gz _9 Pz 
+ Gray “> GF 
For the point M, we have A=10, B=0, C=2. Here AC—B'= 


=20>0, and hence M, is a point of extremum; since A and C 
are positive if is a point of minimum. 


At the point M, we have A=—10, B=0, C=—4; this is 


a point of maximum. Let the reader check that the points M, 
and M, are not points of extremum 
(AC— B? < 0 for them). 

(2) Let us test the function 


z = x? —y 
for extremum. Equating to zero the 


partial derivatives we receive the 
equations 


7 — 127-410 = 2x42 





Oz Gz 

ay = ox =0, Gp ee 
specifying only one stationary point 
at the origin. Here we have A=2, B=0, C=—2. Hence AC— 
— B? <0, and the point (0, 0) is not a point of extremum. The 
equation z=x?—y? represents a hyperbolic paraboloid; Fig. 151 
clearly indicates that the stationary point (0, 0) is not a point of 
extremum. 


Fig. 15! 
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123. Determining the Greatest and the Least Values of Func- 
tions. Suppose that it is required to determine the greatest and 
the least values of a function z=/f(x, y) in a closed domain D. 
If one of these values (or both) is attained inside the domain it 
must be of course an extremal value. But it may turn out that 
the greatest or the least value of the function (or both) is attai- 
ned at a point belonging to the boundary of the domain. Therefore, 

to find the greatest (the least) value of a continuous function 
z=f(x, y) in a bounded closed domain it is necessary to determine 
all the maxima (minima) of the function attained inside the domain 
and also its greatest (least) value on the boundary of the domain. 
Then the greatest (the least) of these numbers is the sought-for 
greatest (least) value of the function. 

Example. Let us determine the poe in the xy-plane for which 
the sum of the squares of its distances from the three given 
points P, 0, 0), P,(i, 0) and P,(0, 1) has the least possible value 
and also the point within the triangle with vertices at P,, P, 
and P, for which the sum of the squares of its distances to the 
vertices has the greatest value. 

Take an arbitrary point P(x, y) in the plane. The sum of the 
squares of its distances from the given points P,, P,, P, (we 
denote this sum by z) is expressed by the formula 


z= yt (x—lP py +t g—ly 


z= 3x? + 3y?—2x—2y+2 
The first problem reduces to finding the least value of this 
function throughout the plane and the second problem to determining 
its greatest value on condition that the point P(x, y) belongs to 
the closed domain D bounded by the triangle P,P,P,. 
Let us find the extrema of the function 2 = 3x?+-3y?—2x—2y+-2, 
From the equations 


i.e, 


Oz 02 
a= 6x —-2=0 and ay = OY —2 =0 


we obtain 


Hence, there is only one stationary point P (5: 5): The func- 


tion z considered throughout the plane has no greatest value: since 
it is clear that, given an arbitrary number, there are points in 
the plane for which the sum of their distances to the origin ex- 
ceeds this number. On the other hand, this sum obviously pos- 
sesses the least value, and therefore thé stationary point P is the 


only one at which the function attains its least value (equal 


27* 
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to Is) By the way, the point P(z, 5) is the centre of gra: 


vity of the triangle with vertices at P,, P,, P3. 

Now we proceed to the second problem. The given function 
having no maximum, its greatest value in the domain D (th 
triangle P,P,P,) is the greatest of the values attained on th 
boundary of D, that is, on the sides of the triangle. 

On the side P,P, we have y=0, and hence, 


z= 3x?—2x-+ 2 


This function attains its greatest value (equal to 3) within the 
interval O<x<1 for x=1, that is, at the point P,. 
On the side P,P; we have x=0, and thus 


z= 3y?—2y4+-2 


The greatest value of this function in the interval O<y<]1 is 
attained for y=1, i.e. at the point P,, and is also equal to 3. 
Finally, for the side P,P, we have x-+y=1; consequently, 


z= 3x34 3 (1—x)?—2x—2 (1— x) +2 = 6x'— 6x-+3 


The latter function achieves its maximum value (equal to 3) in the 
interval OS x<1 for x=0 and x=1; this means that the gres- 
test value on the side P,P, is attained at the same points P, 
and P;. Thus, for the second problem we receive two points: P, 
and P,. Among all the points of the triangle these two points have 
the greatest value of the sum of the squares of their distances to 
the vertices P,, P,, P3. 

124°. Conditional Extremum. In problems involving the deter- 
mination of extrema of functions of several variables we oflen 
encounter the so-called conditional extrema. This notion will be 
demonstrated by the example of a function of two arguments. 

Let there be given a function z=f (x, y) and a curve L in the 
xy-plane. The problem is to find a point P(x, y) on the curve L 
such that the value f(x, y) of the function at that point is the 
greatest or the least compared with the values of the function at 
the points of the line L lying in the vicinity of the point P. 
A point P of this kind is termed a point of conditional extremum 
of the function f(x, y) on the line L. The distinction from an 
ordinary point of extremum (sometimes referred to as a point of 
unconditional extremum) is that the value of the function at a point 
of conditional extremum is compared not with the values at all 
the points of its sufficiently small neighbourhood but only at thos 
belonging to the curve L. 

It is obvious that a point of unconditional extremum is always 
a point of conditional extremum for any curve passing through 
this point. Of course, the converse is not true: a point of condl- 
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tional extremum is not necessarily a point of ordinary extremum. 
What has been said can be illustrated by the following simple 
example. The graph of the function z=/1—x?—y: is the upper 
hemisphere of radius 1 with centre at the origin (see Fig. 152). 
The function has a maximum at the origin, the pone 
point being the highest point M of the hemisphere. If L is the 
straight line passing through the points A(1l, 0) and B(0, 1) 
(its equation is x+y—1=0) it is 
clear, geometrically, that for the 
points of this line the greatest value 
of the function is attained at the point 
P ae x) bisecting the line segment 
AB. It is this point at which the con- 
ditional extremum (maximum) of the 
function z=V Il—x?—y? is achieved 
on the given line, the corresponding 

oint of the hemisphere being M,. At Fig. 152 
the same {time it is apparent that there 
is no ordinary extremum at that point. 

Note that in the problem of determining the greatest and the 
least values of a function in aclosed domain considered in Sec. 123 
we dealt with extremal values of the function on the boundary 
of the domain, that is, on a certain curve, and thus we were 
concerned with a problem of conditional extremum. 

Now we proceed to uae determination of the points of 
conditional extremum of a given function z=f(x, y) on a curve 
specified by an equation of the form (x, y)=0. Such an equa- 
tion is called a constraint equation or, simply, a constraint (also 
a coupling equation or a subsidiary condition). If this equation 
admits of the expressions of y as an explicit function of x, i.e. 
y== p(x), we can substitute (x) for y into the function z=f (x, y) 
to obtain the function of one variable 


z=f[x, $(x)] = (x) 

On finding the values of x for which this function attains extrema 
and determining the corresponding values of y from the equation 
p(x, y)=0 we obtain the desired points of conditional extremum. 

For instance, in the above example of the conditional extremum 
of the function z=)V 1—x?—y? with constraint x«+y—1=0 we 
have y= 1—vx, whence 


z=V 1—x'— (1 — x)? = V 2x— 2x? 


It is readily checked that z has a maximum for x=0.5; the sub- 
sidiary condition x-+-y—1=0 then yields the value y=0.5, and 
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we thus obtain the same point P which was earlier found geor:!- 
rically. 

A conditional extremum problem can be solved particularly 
simply when the subsidiary condition is representable by pare. 
metric equations x=<x(t), y=y/(t). For, on substituting the exp- 
ressions of x and y in terms of ¢ into the given function te 
immediately arrive at a problem of determining an extremum of 
a function of one variable. 

If the subsidiary condition is expressed by a complicated eque- 
tion and if it is impossible to express explicitly one variable in 
terms of the other or to pass to parametric equations the problea 
becomes more difficult. To analyse this case let us consider, as 
before, the variable y (entering into the expression z=[ (x, y)) a 
a function of x specified implicitly by the equation p(x, y)=0. 
The total derivative of the function z=f (x, y) with respect to x 
(see Sec. 116, I) is then written as 


ee : : dy _ 5 __ x(x, 9) if 

ag f(x, +h, Yy) = f(x, y) 9, (z, 7 l(t y) 
where y’ has been found according to the differentiation rule fo: 
an implicit function (Sec. 118). The total derivative thus found 
must turn into zero at the points of conditional extremum, which 
provides an equation connecting x and y. These variables must 
also satisfy the subsidiary equation, and hence we arrive at the 
system of two equations in two unknowns: 


—-S h=0, p(x, y)=0 


Now let us bring this system to a more convenient form by 
introducing a new auxiliary variable 4 and writing the first equa- 
tion as the proportion 

ee eee | : 

x Py " 
(the minus sign in A is chosen for the sake of convenience). Thes 
relations imply the equations 


F(x, y) +49: (%, 9) =9, fy (x, y) +49, (x, y)=0 (") 


which, together with the equation of constraint (x, y)=0, form 
a system of equations in the three unknowns x, y and 2. 

To memorize equations. (*) if is convenient to state them 2s 
the following rule: 

To determine the points at which a conditional extremum can be 
attained by a function z=f (x, y) with constraint (x, y)=0 one 
should form the auxiliary function 


D(x, y)=f (x, y)+4p(y, 9) 
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where X\ is an arbitrary constant parameter and solve the equations 
for the points of unconditional extremum for this auxiliary fun- 
ction. 

As a rule, this system of equations only provides necessary con- 
ditions, that is, not every pair of values of x and y satisfying 
this system is necessarily a point of conditional extremum. In sur 
course we shall not discuss sufficient conditions for the points of 
conditional extremum; in a concrete problem the given conditions 
often make it possible to find out whether the point determined 
from the above equations is an extremal point without resorting 
to sufficient conditions. The parame- 
ter A introduced above is called Lag- 
range’s multiplier, and the method 
itself is known as the method of 
Lagrange’s multipliers. 

Lagrange’s method admits of a 

simple geometrical interpretation 
which we are going to discuss now. 
Suppose that the level lines of the 
function z=f (x, y) (see Sec. 107) in 
question are as shown in Fig. 153, 
the curve L being the one for which Fig. 153 
the conditional extremum is sought. 
If the line L intersects a level line at a point Q this point 
cannot be a point of conditional extremum since the function 
f (x, y) assumes the values greater than that at the point Q 
on one side of the level line and smaller values on the other 
side. But if the line L has a common point P with a level line 
and does not intersect the latter it lies entirely on one side of 
that level line in the vicinity of the point, and then this point 
is a point of conditional extremum. At such a point the curve 
L. and the level line in question f(x, y)=C are tangent to 
each other (the lines are supposed to be smooth), and the 
slopes of their tangents must coincide. From the coupling equation 
p(x, y)=0 we get y'’=—gQ,/9,, while the equation of the level 
line implies y’ =— f;/f,. On equating the derivatives and making 
simple transformations we arrive at equations (*). 

This argument may prove inapplicable if the level line in ques- 
tion is such that f,=0 and {,=0 at all ifs points. As an example, 
let the reader consider the function z=4—x? and the level line 
x=0 corresponding to the value z=4. 

Example. Let us determine the greatest value of the function 
z=xy on condition that x and y are positive and satisfy the 


subsidiary equation 54 4] =(. Here we have a simple con- 





straint (specifying an ellipse), and therefore the problem can be 
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reduced directly to the determination of an extremum of a fune- 
tion of one variable if y is expressed in terms of x or if the 
ellipse is represented parametrically. Let the reader carry out 
these calculations; to demonstrate the method of Lagrange’s mul- 
tipliers we shall apply to this problem the general techniques 
described above. 

Let us form the auxiliary function: 


D(x, y=xy +h (+4) 


(The constant term on the left-hand side of the subsidiary equation 
gives zero when differentiated, and therefore we have simply dis- 
carded it.) On equating to zero the partial derivatives with respect 
to x and y we obtain 


a@ 


The elimination of 4 now leads to the equation 4y2—x* =0 which 
should be solved simultaneously with the coupling equation. This 
solution is x=2 and y=1 (the conditions of the problem require 
that x and y should be positive). 

For the values of x and y in question the function z=xy is 


positive and turns into zero at the points (2/2, 0) and (0, 2) 
where the ellipse intersects the coordinate axes. Therefore the 
single stationary point P(2, 1) of the auxiliary function is the 
point of conditional extremum of the given function. Namely, at 
this point the function attains its conditional maximum: z,,,=2. 
It can readily be verified that the ellipse touches at the point P 
the level line of the function z=xy passing through that point 
(this level line is the hyperbola xy = 2). 

There is a wider variety of conditional extremum problems for 
functions of three variables. Let there be given a function 
u=f(x, y, z) of three variables x, y and z connected by one 
equation p(x, y, z)=0 which is an equation of a surface. Then 
a point of conditional extremum is a point of the surface 
p(x, y, 2)=0 at which the given function attains the greatest 
or the least value compared with its values at all the points on 
the surface in the vicinity of that point. 

We can also pose the extremum problem for the function 
f(x, y, z) on condition that the variables x and y are connected 
by two constraints: 9, (x, y, z)=0 and 9,(x, y, z)=0,! These 
subsidiary conditions specify a curve in space, and hence the 
problem reduces to determining a point of the curve at which 


1Let the reader explain why the problem may lose its sense for a greater 
number of constraints. 
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the function assumes its extremal value, only the values of the 
function at the points of that curve being compared. 

In the case of two constraints the method of Lagrange’s mul- 
tipliers is applied as follows. We construct the auxiliary function 


D(x, y, z) =f (x, Y, z)+4,9, (x, Y, Z) +A, (x, Y, 2) 
with two additional unknown parameters (Lagrange’s multipliers) 


A, and A, and form the system of equations for determining the 
points of unconditional extremum of this new function: 


ob —oOOf dp OP, _ 
Ge = Ge bln Be te Ge =O 
aD OF gO 4 Oe 
ay ay At Gy the Gy =O 
oD af op OP2 __ 
Br Ge ts By tha GF = 0 


Adding to these equations the two subsidiary conditions we arrive 
at a system of five simultaneous equations in the five unknowns 
x, y, 2, 4,, 4, The sought-for points of conditional extremum 
must be among those whose coordinates x, y, z, are solutions of 
this system. 

In the most general case the problem is posed as follows: given 
a function u=f(x,, %, .-.,; X,) of n variables, it is required to 
find its extrema on condition- that the variables are subjected to 
m(m <n) subsidiary conditions 


Py (X15 Xero ey Xn) =O 
@, (%,, Xe» we ey x,)=0, eee Om (x;; Xe) Pisses X,) =0 


In this case the auxiliary function of n variables involves m 
additional unknown parameters (Lagrange’s multipliers): 


DO=f+A,Q, + AP, + oe8 +An Om 
To find the points of extrema of this function we form the cor- 
responding system of m-+-n equations from which the possible 
values of the coordinates x,, x,, ..., x, of the points of condi- 
tional extremum are found. 

Examples. (1) Among all the rectangular parallelepipeds with 
given total surface area S it is mecessary to choose ‘the one of 
the greatest volume. 

Let the sides of the parallelepiped be denoted x, ‘y and z. The 
problem reduces to determining the greatest value of the function 
V = xyz on condition that xy yz bene S. 

The auxiliary function is @ (x, y, 2)=xyz+-A(xy+yz-+2x). The 
equations for determining the points of extremum are of the form 


yz-+A(y+z)=0, xz-+-A(x-+-2)=0, xy+A(x+y)=0 


426 Ch. VII. Functions of Several Variables 


On subtracting these equations from one another we receive 


(2+) (y—x) =0, (x-+4) (2—g) =0, 
(y+4) (x—z) =0 
It follows that x=y=z, that is, the sought-for parallelepiped is 


a cube. 
The dimensions of this cube are found from the constraints: 


ys SYS 
X=Y=2= — and V= 
4 6 6Y6 


(2) Let us determine the greatest distance from the origin to 
the points of the line of intersection of the paraboloid of revolu- 
tion z=x?+y? with the plane x+2y—z=0. (The least distance 
is equal to zero since the line of intersection passes through the 
origin.) 

The distance from a point P(x, y, 2) to the origin is equal to 
r=Vx?+y?-+2?, The greatest value of the root and that of the 
radicand are attained at the same point; therefore we shall find 
the conditional maximum of the function u=x?-+ y?+-2? for two 
subsidiary conditions 


Q, (%, ¥, z)=x?+y?—z=0 and 9g,(%, y, 2)=x+2y—2=0 
On forming the auxiliary function 
D= x+y? +2? +A, (x? + Y—z) +h, (x+ 2y—z) 
and equating to zero its partial derivatives we obtain 
2x-+- 2h, x+-A,=0, 2y-4+24,4+21,=0, 22—A,—1,=0 


Let us express the coordinates x, y and z from these relations in 
terms of Langrange’s multipliers: 





P 





___ As po Ae 
2(1--A;)’ 1A," 2 

Substituting these expressions into the subsidiary conditions we 
recelve 

7( As yaa —$( Ag jaa 

4 \1--A, a3 2\I+%,/° «2 
Finally, on equating the left-hand sides of these equations we 
arrive at the quadratic equation with respect to the ratio Ton 
Next we find the two roots of this quadratic equation and then 
determine the values of A, and 4,. One of the roots is =e 


it leads to the values A, =0 and A,=0. The point corresponding 
to them is the origin at which a minimum is achieved. The other 
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As 
Tae 
are found directly without computing A, and 4,: x=1, y=2 and 
z=65. It is clear that the point (1, 2, 5) is at the greatest dis- 
tance from the origin, and r V 30. 





root is =—2, The values of x, y and z corresponding to it 


max 
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125. The Notion of a Scalar Field. Level Surfaces. Suppose 
that at each point P of a domain D a certain value of a scalar 
physical magnitude uw is specified; a magnitude of this kind is 
completely determined by its numerical values. Examples of such 
magnitudes are the temperature at the points of a heated body 
which may vary from point to point, the density of the distribu- 
tion of an electric charge in an electrified body, the potential of 
an electric field, etc. In such a case we say that there is a scalar 
point function defined in the domain D and write u=u(P). 

The domain D in which the function w(P) is defined may coin- 
cide with the whole space or be its part. 

Definition. If there is a scalar point function w(P) defined in 
a domain D it is called a scalar field in D. 

We shall suppose that the field in question is stationary, that 
is, the magnitude u(P) is independent of time ¢. By the way, 
later on (see Sec. 157) we shall also encounter non-stationary 
fields, and then the magnitude wu will depend not only on the 
point P but also on time ¢. 

If the physical magnitude in question is a vector quantity the 
corresponding field is spoken of as a vector field; such are, for 
example, a field of force, an electric field (i.e. a field of electric 
intensity), a magnetic field and the like. We shall treat vector 
fields in § 3, Chapter IX. 

If a scalar field is related to a coordinate system Oxyz the spe- 
cification of the variable point P is equivalent to the specification 
of its coordinates x, y, z, and the function u(P) can then be 
written as an ordinary function of three variables: u=u(x, y, 2). 
We have thus arrived at a physical interpretation of a function 
of three variables. 

Definition. A level surface of a scalar field is the locus of 
points at which the corresponding function wu assumes a given 
constant value, that is, 


U(x, ¥, Z)=C 


In physics, when dealing with a field of a potential, we consider 
the corresponding level surfaces, that is, surfaces of constant 
potential, referred to as equipotential surfaces. 
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The equation of the level surface passing through a given point 
Mo(Xo, Yo, Z,) is written 


U(x, Y, Z)=U (Xo, Yor 20) 


In particular, if the scalar field in question is plane, that is, 
if we deal with a distribution of a physical magnitude in a plane 
region, the function u depends on two 
variables, for instance, on x and y. 
Then we speak of level lines of the 
field which are the level lines of the 
function u(x, y) (see Sec. 108, I): 


u(x, Yy=C 


126. Directional Derivative. An 
important characteristic of a scalar 
field is the rate of its change in the 
given direction. Consider a scalar Az 
field, i.e. a function u(x, y, z). Let Fig. 154 
us take a point P(x, y, z) and a ray 
A issued from it. The direction of the ray can be specified by the 
angles a, B, y it forms with the positive directions of the coor- 
dinate axes Ox, Oy, Oz (Fig. 154). If e, is unit vector along the 
ray 4 its projections are the direction cosines: 





e, = {cosa, cos, cos y} 


Let P,(x,, y,, 2,) be a point on the ray A, the distance PP, 
peing denoted p. The projections of the vector PP, on the coor- 
dinate axes are, on the one hand, equal to pcosa, pcosf and 
ocosy, and, on the other hand, to the differences x,—x, y,—y 
and z,—z. Consequently, 


X,=X+pcosa, y,=—y-+pcosp, 2,—2+pcosy 
Now let us consider the increment of the function u gained as 
we pass from the point P to the point P,: 
u(P,)—u(P)=u(x+pcosa, y+pcosp, 2+pcosy)—u (x, y, 2) 


If the point P, moves in the ray A this results solely in a change 
of the magnitude p in the expression of the difference u(P,)—u(P), 
Let us form the ratio 

u (P,)—u (P) 
p 


and pass to the limit as p—+0. This leads to the notion of the 
(directional) derivative along a given direction: 
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Definition. The (directional) derivative of the function 
u(x, y, 2) in the direction of the ray 4 at the point P is the limit 


a (P:)— 4 (P) __ 


lim 
p> 0 
sai fies un (x-}-p cosa, y+pcosp, 2-4 pcos y)—a2(x, y, 2) (*) 
0 


o-~0 
(provided it exists). 
We shall denote this limit by ss or w(x, y, z). Its magnitude 


depends both on the choice of the point P(x, y, z) and on the 
direction of the ray A, i.e. on a, B and y. If the position of the 
point P is fixed the value of the directional derivative ux only 
depends on the direction of the ray. 

The definition of the directional derivative indicates that if the 
direction of the ray 4 coincides with the positive direction of the 


x-axis, that is, if @=0 and B=y=5, limit (*):is simply equal 
to the partial derivative of the function u (x, y, z) with respect to x: 


lim a(x-+p, Y, z)—u {x, Y, z) _ Ou 
p>0 p ax 


An analogous situation occurs when A goes along Oy or Oz. 

As is known, the partial derivatives u,, u, and uz, characterize 
the rate of change of the function uw in the directions of the coor- 
dinate axes (see Sec. 110). Similarly, the directional derivative 
uy, is equal to the rate of change of the function u(x, y, z) at the 
point P in the direction of the ray 4. The absolute value of the 
derivative uw, in the direction of the ray 4 determines the magni- 
tude of the rate of change in this direction, and the sign of the 
derivative indicates the character of the variation of u (i.e. its in- 
crease or decrease). 

The computation of the directional derivative is based on the 
following theorem: 

Theorem. If a(x, y, 2) is a differentiable function its direc- 
tional derivative exists for the ray 4 going in any direction and 
is expressed by the formula 


Ou Ou On ou $e 
Fh dx COS eb 5, 60S BF 55 cosy (**) 


where cos@, cos and cosy are the direction cosines of the ray A. 
Proof. The function u(x, y, z) being differentiable, its total 
increment (see Sec. 111, I) can be written as 


Au=u(x-+Ax, y+Ay, z+Az)—ulx, y, z)= 
gE Nc 2 KN + 2% Az + o(p) 
Ox ay 9 a2 
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where p=) Ax?-+ Ay?+-Az*. Putting Ax~pcosa, Ay=pcosf and 
Az=pcosy we can represent the difference u(P,)—u (P) in the form 


) 
u (P,)—u (P) =i pcosa +5" pcosB-+5p.cos-y-+0(0) 


Hence, the ratio aren is expressed as 


P,)—u(P) @ a a 
aa bie Viel AS yoat ? =F cosa + 5 cosB +5: cosy +20) 

The values of the partial derivatives a - and es at the point 
P and also a, f and y being independent of p, the passage to the 
limit as 9-0 leads to 

(7) , P;)—u(P) @ a Ou 
gy = tim SED AI = Fe c0S of 51 cos B +32 008 9 


which is what we intended to prove. 

Formula (**) implies directly the above assertion that if the 
direction of the ray 4 coincides with the positive direction of one 
of the coordinate axes the derivative in this direction is equal 


to the comespondine _parsial derivative; for instance, if a=0 and 
u 


mu Ou 
Formula (**) also shows that the derivative in the direction 2’ 
opposite to & is equal to the minus derivative along the ray 1. 
In fact, when the direction is changed to the opposite the angles a, 
B and y gain the increments equal to x, and therefore 


Fr = 5008 (+m) +5 cos (B-+-2) +3 cos (ya) =—H 


Thus, 1f the direction is reversed the absolute value of the rate 
of change of the function u remains the same, and only the cha- 
racter of variation of the function is changed: if, for example, the 
function increases in the direction 4 it decreases in the opposite 
direction 4’ and vice versa. 
Example. Consider the function u=xyz. Let us determine its 
, derivative at the point P(5, 1, 2) in the direction from this point 
‘* to the point Q(7, —1, 3). 
We first find the partial derivatives of the function u= xyz: 
Ou 


Cu ou 
ar 9% oye 2 4 


Now, it is necessary to compute their values at the point P: 


3: ) p= 2 (Fe) p= 10, (%)e=5 
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The projections of the vector PQ being equal to 2, —2 and 1, 
its direction cosines are 


iS ce ee cos B = =" cos y=— 
Very 3’ a 3 
Consequently, 
Ou 2 2 J 11 
Ra2Zt10-(—F)+5-g=~—F 


The minus sign indicates that the function u decreases in the given 
direction. 

If we deal with a plane field the direction of a given ray A is 
completely determined by its angle of inclination a to the axis of 
abscissas. The formula for the directional derivative of a plane 
field can be obtained from the general formula (**) by putting 
y= and B=>—a, which yields 

Ou On ou. 
Dt de COS% Tg, Sin 
Ou du : n Ou Ou 
If a=0 then aR Ox? and if a=a then AL On: 

127. Gradient. Let us examine more closely the formula for the 

directional derivative: 


du du 

04 Ox 
As was mentioned, the second factors in each summand are the 
projections of the unit vector e, of the ray A: 


COs & -+- 57 008 B-+ 52 C08 y 


e, = {cosa, cosB, cos y} 
Now let us take the vector whose projections on the coordinate 


axes are equal to the values of the partial derivatives 2, = and 
oe at a chosen point P(x, y, z). This vector is called the gradient 
of the function u(x, y, z) at that point; it is denoted by the symbol 
grad uw or yu. 

Definition. The gradient of the function x(x, y, z) is the 
vector whose projections are the values of the partial derivatives 
of the function, that is, 


4] 6] 4] 
grada= sei ji+55k 


It should be stressed that the projections of the gradient depend 
on the choice of the point P(x, y, z) and may vary when the coor- 
dinates of this point change. Thus, at each point of the domain 
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of definition of the scalar field specified by the function u (x, y, 2) 
there is a definite vector equal to the gradient of that function. 
Note that the gradient of the linear function u=ax+by-+cz+d 
is a constant vector: grad u=ai+bj+ck. 

Using the notion of the gradient we can rewrite the formula 
for the directional derivative in the form 


ot grad w-e, (*) 


Consequently, 

the derivative of a function in a given direction is equal to the 
scalar product of the gradient of the function by the unit vector 
in that direction. 

The scalar product of two vectors being equal to the modulus 
of one vector multiplied by the projection of the other vector on 
the former, we can also state that 

the derivative of a function in a given direction is equal to the 
projection of the gradient of the function on the ray along which 

the differentiation is carried out, 
A that is 


o =| grad u |cosq 


where p is the angle between the 
vector grad uw and the ray }. 





(Fig. 155). 
It follows immediately that 
Fig. 155 the directional derivative attains 


its greatest value for cosp=1, 
i.e. for p=0, this greatest value being equal to |gradu|. 

Thus, |gradu| is the greatest possible value of the derivative 
uw; at the given point P, and the direction of the vector grad u 
coincides with the direction of the ray issued from the point P 
along which the rate of change of the function is the greatest, 
that is, the direction of the gradient is that of the fastest increase 
of the function, It is obvious that the opposite direction is the 
one along which the function has the fastest decrease. 

Now we proceed to prove a theorem establishing the relationship 
between the gradient of a function and the level surfaces of the 
corresponding scalar field. 

Theorem. The gradient of a function u(x, y, z) Is at each 
point in the direction of the normal to the level surface, of the 
corresponding scalar field, passing through that point (see Fig. 156). 

Proof. Let us choose an arbitrary point P, (x, Y, 2,). The equation 
of the Jevel surface passing through the point P, is written as 
u(x, y, 2)=u, where ug=U(Xq, Yo, 2p). 
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Let us form the equation of the normal to this surface at the 
point P, (see Sec. 119): 


7au\  (du\  /ou\ 
(a). (He (z), 
This equation shows directly that the gradient of che souetien 
: P ° . u u 
ul . y, z) at the point P, (its projections are (a) (S), and 
(5)) is a direction vector of the Z Tuy 


normal, which is what we set out 
to prove. 

Thus, the gradient is at each 
point perpendicular to the tangent fp 
plane to the level surface passing 
through the given point}, i.e. its UiBUZ at, 
projection on that plane is equal 
to zero. Thus: 

the derivative in any direction 
tangent to the level surface pas- 
sing through the given point is 
equal to zero. 

We shall enumerate some proper- 
ties of the gradient which often facilitate its computation. 

(1) grad (u,+u,)=grad u,+grad u,. 

(2) grad Cu, =C grad u, where C is a constant. 

Let the reader establish these properties. 

(3) grad uu,=u, grad u,+u, grad u,. Indeed, we have 





Fig. 156 


grad uy, = PCa) 4 Ce) 5 4 Olea p 


0 0 0 . , O 
=u, (Ft Sj +Sk) +4, (i +B j+ Bk) = 
=u, grad u,+u, grad u,. 


(4) grad f(u)=f' (u) grad u. For we have 
7] O ., O 
grad Fu) =F FW +S M+ Zw k= 
; Ou. 17.. OU. 17.,.0 , 
=P MEit+hMSIthwEk=F w) erady 
These properties of the gradient indicate that it can be com- 
ae by analogy with the well-known differentiation rules for 
unctions. 


1 If there is a point at which grad u=0 it is a singular point of the level 
Surface (see Sec. 119); as was said, such points are not treated in our course. 


28—2280 
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Examples. (1) Let us take the function r= V x? +- y? +2? (expres- 
sing the distance from the point (x, y, z) to the origin). We have 
Or. , Or. , Or, xi-yj+tzk_ er 
grad ae a,) 2 ae6 = 


and hence, the vector gradr is in the direction of the radius vec- 
tor r, its modulus being equal to unity. 


(2) Consider the scalar field specified by the function 4 where r 


is the same as in Example 1 and g=const. According to 
Property (4), we write 


grad 2 = —-~% grad r= —it- 
For a plane field u=u(x, y) its gradient 
grad um iTS 


lies in the xy-plane and is perpendicular to the level line pas- 
sing through the given point (x, y). 

Ii a sufficiently dense system of contour lines of a given plane 
field (see Fig. 157) has been constructed, it is possible to obtain 
approximations to the modulus and 
to the direction of the gradient. 
Namely, the direction of the gra- 
dient is always perpendicular to 
the corresponding level line, and, 
for sufficiently small values of 4, 
the derivative in this direction is 
approximately given by the for- 
mula 

Ou, u(P)—u(P.e) 
0. iPeP OPP 





where P,(x,, y,) is the given 

Fig. 157 point of the level line u(x, y)= 

=C (C=u(x,, y,)) and P is the 

corresponding point of the level line u(x, y)=C-+A. The mag- 

nitude of A is given, and the length of the line sigment P,P can 

be measured as the distance along the normal between the neigh- 

bouring level lines depicted in the diagram. Thus we find an ap- 

proximation to the modulus of the gradient since it is equal to 
the derivative in the direction of the gradient: 


h 
|grad ul ~ PoP 


The construction of the vector gradu according to the scheme 
described here is shown in Fig. 157. 
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QUESTIONS 


I]. What do we call a function of two independent variables? 
What is the domain of definition of such a function? 

2. Describe the methods of tabular and analytical specification 
on a function of two independent variables. 

3. What do we call the graph of a function of two independent 
variables? Describe the method of graphical representation of such 
a function. 

4, Describe the method of investigation of a function of two 
independent variables with the aid of functions of one independent 
variable. What is a level line of a function z=f (x, y)? 

5. What do we call the limit of a function z=f (x, y) as x +x, 
and y—+¥Y,? 

6. State the definition of continuity for a function of two inde- 

pendent variables at a point and in a domain. Give examples of 
discontinuous functions. 
- 7. State the definition of the partial derivative of a function 
of two independent variables with respect to one of them. Gene- 
ralize this definition to functions of more than two independent 
variables. 

8. What is the geometrical meaning of the partial derivatives 
of a function z=/f (x, y) in Cartesian coordinates? 

9, What do we call the partial increment and the partial diffe- 
rential of a function z=/(x, y) with respect to x? How is a par- 
tial differential of a function expressed in terms of the correspond- 
ing partial derivative? 

10. What is the geometrical meaning of the partial differentials 
of a function z=f (x, y) in Cartesian coordinates? 

11. What do we call the total increment and the total differen- 
tial of a function z=—f (x, y)P How is the total differential of a 
function expressed in terms of its partial derivatives? 

{2*. What is a differentiable function of several independent variab- 
les? State and prove the sufficient condition for differentiability. 

13. What do we call the tangent plane to a surface at its given 
point? Derive the equation of the tangent plane. 

14. What is the geometrical meaning of the total differential of 
a function z= (x, y) in Cartesian coordinates? 

15. How is the total differential of a function applied to appro- 
ximate calculation of its values? 

16. Derive the formula for the limiting absolute error in the 
computation of the value of a function of several variables. 

17. Derive the formulas for the limiting relative errors occurring 
in the computation of a product and a quotient. 

18. State the definition of a partial derivative of the nth order 
of a function of two independent variables. 


20° 
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19. State the theorem on the equality of the mixed partial 
derivatives of the second order. 

20. Extend the definition of a partial derivative of the nth 
order to functions of several independent variables. 

21. State the definition of the total differential of the second 
order of a function of two arguments and write down the formula 
expressing the second differential. 

22. State the necessary and sufficient conditions for an expres- 
sion P(x, y)dx+Q (x, y)dy to be a total differential. Prove these 
conditions. State the corresponding conditions for functions of 
three variables. 

23. Derive the differentiation rule for a composite function. 

24. What do we call the total derivative? 

25. Describe the invariance property of the form of the total 
differential of a function of several variables. 

26. Enumerate the basic rules for finding the differential of a 
function of any number of independent variables. 

27. State the existence theorem for an implicit function. 

28. State the differentiation rule for an implicit function. 

29. Write down the equations of the tangent plane and of the 
normal to a surface specified by an equation of the general form 
in Cartesian coordinates. 

How can we form the equations of the tangent line and of 
the normal plane to a curve specified as a line of intersection of 
two surfaces? 

31. State the definition of an extremum (a maximum or a mi- 
nimum) of a function of two variables. 

32. What is the necessary conditions for extremum of a function 
of two independent variables? Describe the geometrical meaning 
of these conditions. 

33. State the sufficient conditions for extremum for a function 
of two independent variables. 

34, Describe the method for determining the greatest and the 
least values of a function of two independent variables defined in 
a closed domain. 

35*. State the definition of the point of a conditional extremum 
of a function f(x, y) on a line L. 

36*. Describe the techniques for finding the points of conditional 
extremum. 

37*. State the general conditional extremum problem for func- 
tions of three and more independent variables. 

38. What do we call a scalar field? What is a level surface of 
a scalar field? 

39. Derive the formula for the directional derivative. 

40. State the definition of the gradient of a scalar field. 

41. State and prove the basic properties of the gradient. 
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128. The Volume of a Curvilinear Cylinder. The Double Integ- 
ral. Now we proceed to study integral calculus for functions of 
two independent variables. To begin with, we shall consider the 
concrete problem of computing the area of curvilinear cylinder, 
which leads directly to the notion of the double integral. 

A curvilinear cylinder (cylindroid) is a solid with boundary con- 
sisting of a closed domain D of the xy-plane, a surface z=f (x, y) 
where [{x, y) is a continuous and nonnegative function in the do- 
main D and the cylindrical surface whose 
elements (generators) are parallel to Oz and 
directrix is the boundary of the domain D ; 

(see Fig. 158). Al 

The domain D is called the base of the | | [| 
cylindroid; it is supposed to be bounded, | il | 
and its boundary usually consists of one or WU le 
several closed piece-wise smooth curves. In il [tA I: 
a particular case there may be no lateral mL 
cylindrical surface; an instance of such a Fig. 158 
cylindroid is thesolid bounded by the 
plane Oxy and the upper hemisphere z=]/R2?—x?—y?. 

The volume of an arbitrary solid can usually be represented as 
a sum or difference of the volumes of cylindrical bodies. 

When defining the volume of a solid we proceed from the fol- 
lowing two fundamental hypotheses: 

(1) If a body is broken up into parts its volume is equal to 
the sum of the volumes of the parts. | 

(2) The volume of a right cylinder, that is, of a cylindroid 
(with element parallel to Oz) bounded by the xy-plane and ano- 
ther plane parallel to the former, is equal to the product of the 
base area by the altitude of the body. 
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Let us denote the sought-for volume by V. Now we break up 
the base of the curvilinear cylinder (i.e. the domain D) inton 
closed subdomains (cells) of arbitrary shape. This is referred to 
as a partition of the domain D. Let the cells be numbered in an 
arbitrary order and denotéd o,, o,,..., 9,, their areas being, 
respectively, Ag,, Ao,, ..., Ao,. Next 
we draw a cylindrical surface through 
the boundary of each subdomain (these 
boundaries serve as the directrices of 
the cylinders) with elements parallel 
to Oz. These cylindrical surfaces divi- 
de the upper bounding surface (with 
equation z=f (x, y)) into n parts, and 
the whole cylindroid is thus broken 
up into n subcylindroids (Fig. 159). 
Let us choose an arbitrary point P,(x;, y;) 

Fig. 159 in each cell o, and replace the correspo- 

nding subcylindroid by the right cy- 

linder with the same base and altitude equal to z;—f(x;, y). 
This results in an n-step solid whose volume is 


Vil (%4, y;) Ao, +f (x,, Ys) Ao,-+ cee +f (Xn Y,) Ao, = 
= 2 i (xp, Y;) Ao; 


It appears natural to regard the volume V,, of the n-step body 
thus constructed as an approximation to the volume V of the 
given curvilinear cylinder and assume that, the greater the num- 
ber n and the smaller each of the cells, the more accurate is the 
approximation. The next step is to pass to the limit as n—-co 
on condition that not only the area of each subdomain tends to 
zero but also all its dimensions. To state what has been said in 
a more precise manner we introduce the notion of the diameter of 
a bounded closed domain as the greatest distance between the points 
of its boundary; the above condition means that the diameters of 
the cells should tend fo zero as n—+oo; then the cells themselves 
contract to points. ? 

Therefore, in accordance with what has been said, we define the 
sought-for volume V as the limit of V, when the maximal diame- 





1 For example, the diameter of a rectangle is equal to the length of Its 
diagonal 4nd that of an ellipse to its major axis; for a circle this definition of 
the diameter coincides with the ordinary one. If it is only required that the 
area of a domain tends to zero the domain itself does not necessarily contract 
to a point. For instance, the area of the rectangle with constant base and Inf. 
nitesimal altitude tends to zero but the rectangle itself contracts not to a point 
but to its base, that is, to a line segment. 
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ter of the partition (that is, the greatest of the diameters of the 
ak yaya the original domain is broken into) tends to zero 
while n— oo: 


ft 
V=limV,=lim 2 E(x yi) Ao, 


(The maximal diameter of a partition of a domain is sometimes 
called the fineness of the partition.) 

There are various problems leading to the compufation of the 
limit of a sum of this kind for functions of two variables. 

Now we consider this question in the general form. Let f(x, y) 
be a function of two variables (not necessarily positive) bounded 
in a closed finite domain D. Let us divide the domain D into 
cells as was indicated above, choose an arbitrary point P,(x,, y,) 
in each cell and compose the sum 


b> f(x 41) Ao; (*) 


where f(x,, y,) is the value of the function f(x, y) at the point 
P; and Ao, the area of the subdomain o,. A sum of form (*) is 
called an integral sum associated with the function f (x, y) and the 
domain D for the given partition of the domain into n subdomains. 

Definition. The limit? of Integral sum (*) (provided it exists) 
as the fineness of the partition tends to zero is called the double 
integral of the function f(x, y) over the domain D. 

This is written as 


im BF ad dorm (CT Ce ade 


(read “the double integral of f(x, y)do over the domain D"”). The 
expression f(x, y)do symbolizing the form of the summands 
entering into the integral sum is termed the element of integration, 
the function f(x, y) is called the integrand, do is the element of 
area and D the domain of integration, the arguments x and y 
being referred to as the variables of integration. 

Thus, we can say that the volume of a curvilinear cylinder 
considered above is expressed by the double integral of the func- 
tion f(x, y) over the domain serving as the base of the cylinder: 


V=\\ Fe y) do 


1 The precise definition of the Nmit of integral sum (*) is stated by ana- 
logy with the corresponding definition given in Sec. 87. 
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There holds the following theorem analogous to the existence 
theorem for the ordinary definite integral (Sec. 87): 

Theorem (On the Existence of the Double Integral). If f (x,y) 
is a continuous function in a bounded closed domain D its integ- 
ral sum tends to a definite limit as the maximal diameter of the 
partition tends fo zero. This limit, that is, the double integral 


\\ F(x, y)do, is independent of the way in which the domain D 


D 
is divided into the cells ao, and on the choice of the points P, in 
the cells. 

The double integral is of course a number dependent solely on 
the integrand and on the domain of integration and completely 
independent of the notation of the variables of integration; for 
instance, 


\ i (x, y)do= i f(u, v)do 


As will be shown later, the computation of a double integral 
can usually be reduced to two ordinary definite integrations. 

129. Properties of Double Integrals. The reader has undoubtedly 
noted that the fundamental idea of the construction of the double 
integral is analogous to that of the definite integral of a function 
of one independent variable. Therefore the properties of the double 
integral (and also the proofs of these properties) are almost the 
same as in the case of the ordinary definite integral. That is 
why, assuming that all the functions involved are continuous and 
{heir double integrals thus exist, we shall only state these pro- 
perties without presenting the proofs. 

1. The double integral of a sum of a finite number of functions 
is equal to the sum of the double integrals of the summands: 


Lee, Nel, Nhe. bo(e, Nido 


D 


= \ F(x, ndo+ \\ ace, y)do+...+\\ w(x, 9)d0 


Il. A constant factor in the integrand can be taken outside the 
symbol of the double integral: 


Vf of (x, y)do=e\\ f(x, y)do 


D 


Ill. If the domain of integration D is split into two domains 
D, and D, having no interior points in common then 


\ f(x, y) do =| \ f(x, 9) do-+ VF, y)do 
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IV. If two functions f(x, y) and p(x, y) satisfy the condition 
f(x, YS (x, y) at all the points of the domain of integration D 
then 


rie, yydo>\ Vote, vdeo 

These integrals are only equal when both functions coincide. 

In particular, Property IV implies that 

if the integrand does not change sign in the domain of integration 
the double integral is a number of the same sign as the integrand 
function. 

Property II] and the above consequence of Property IV lead to 
a more precise geometrical interpretation of the double integral. 
Let us agree to assign the plus sign to the volume of a cylindroid 
lying above the plane Oxy and the minus sign to that below Oxy. 
Then, if 2==f(x, y) is the equation of the bounding surface the 


double integra! (Vite, y)do is equal to the algebraic sum of the 
D 


volumes of the bodies corresponding to the positive and negative 
values of the function f(x, y). 

If the integrand in a double integral is identically equal to 
1 the integral is equal to the area S of the domain of integra- 


tion, i.e. 
( ( dao=S 
D 


In this case the double integral expresses the volume of the 
right cylinder with base D and unit altitude; it is clear that the 
numerical value of this volume is equal to that of the area of 
the base of the cylinder. 

V. If mand M are the feast and the greatest values of the 
integrand in the domain of integration D the value of the double 
Integral files between the products of the least and the greatest 
values mt and M by the area of the domain of integration: 


mS<\ \ f(x, y)do< MS 
D 


where S is the area of the domain D. 

VI. The double integral is equal to the product of the value of 
the integrand at a point of the domain of integration by the area 
of the domain of integration, that is, 


) f(x, 9) do=f (&, 0) S 


The value [(E, 1) entering into the latter relation is called the 
mean value of the function f(x, y) in the domain D (cf. Sec, 90). 
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The geometrical meaning of the last property (known as the 
mean value theorem for the double integral) is that there exists a 
right cylinder whose base coincides with the base D of the given 
curvilinear cylinder and whose altitude is equal to the z-coordinate 
of the surface z=f(x, y) at a pou (E, 1) of the base such that 
its volume is equal to that of the given cylindroid. This 2z-coor- 
dinale is nothing but the mean value of the function f(x, y) in 
the domain D. 

130, Evaluating Double Integrals. To evaluate the double integ- 


ral \ \ F(x, y)do it is convenient to use a special representation 
D 


of the element of area do. Let us divide the domain of integra- 
tion D lying in the xy-plane into subdomains by means of two 
systems of coordinate lines: x=const and y=const. These are 
straight lines parallel, respectively, to Oy and Ox, the subdomains 
(cells) being rectangles with sides parallel to the coordinate axes. 
It is clear that the area of each cell not adjoining the boundary 
of the domain D is equal to the product of its dimensions Ar 
and Ay. Therefore the element of area do can be written as 


do = dx dy 


that is, the element of areain Cartesian coordinates is equal to the 
product of the differentials of the independent variables.+ Hence, 
we have 


If Fu, ydo=l VF (x, y)deay (*) 
D D 


In the computation of double integral (*) we shall take advantage 
of the fact that the integral expresses the volume V of the curvi- 
linear cylinder with base D bounded by the surface z=f(x, 4). 
We remind the reader that the problem of computing the volume 
of a solid was already considered in connection with the appli- 
cations of the definite integral to geometrical problems, In Sec. 101 
we derived the formula 


b 
V=\S(x)dx (**) 


for the volume of a solid where S(x) is the cross-section area in 
the plane perpendicular to the axis of abscissas cutting that axis 
at the point x while x=a and x=6 are the equations of the 
planes bounding the given solid (see Fig. 122 on p. 348). We 


1 A cell adjoining the boundary of the domain of integration Is not neces- 
sarily of the’shape of a rectangle, and its area may differ from dxdy,. It can 
be proved that ihe part of the integral sum including such subdomains vanishes 
in the limiting process. 
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shall apply this formula to evaluating the double integral 


\ f(x, y)dxdy 


Let us begin with the case when the domain of integration D 
satisfies the following condition: every straight line parallel to 
the x-axis or to the y-axis and cutting the boundary of the domain 
has at most two common points with it. A cylindrical body of 
this type is depicted in Fig. 160. 

Let us include the domain D in the rectangle 


axx<sb, cxy<d 
whose sides touch the boundary of the domain at points A, B, C 
and £. The interval (a, bj] is the orthogonal projection of the 


z-H(Zy) 





77 
YY 
Ya |_/ 










Fig. 160 Fig. 161 


domain D on Ox and the interval [c, d} the orthogonal projection 
of ; on Oy. Fig. 161 shows the xy-plane and the domain D lying 
in it. 

The points A and C divide the boundary of the domain D into 
two parts: the arc ABC and the arc AEC; each of them has exactly 
one common point with any straight line parallel to the y-axis 
and cutting the domain D. Therefore the equations of these arcs 
can be written in the form solved with respect to y; let 


j y=y,(x) be the equation of ABC 
an 
y=y,(x) be the equation of AEC 
Similarly, the points B and E break up the boundary into two 
arcs BAE and BCE whose equations can be written as 


x=xX,(y) (the equation of BAE) 


and 
x=x,(y) (the equation of BCE) 


Let us consider the section of the cylindroid by an arbitrary 
plane parallel to the plane Oyz; the equation of such a plane is 
x=const, ac x<cb (see Fig. 160). In the section we obtain a 
curvilinear trapezoid PMNR whose area is expressed by the 
integral of f(x, y) regarded as a function of one variable y 
ranging from the ordinate of the point P to the ordinate of the 
point R. P is the lowest (in the xy-plane) common point of the 
straight line x=const with the domain D and R is its highest 
common point with D. From the equations of the curves ABC 
and AEC it follows that, for the given value of x, the ordinates 
of these points are, respectively, equal to y,(x) and y, (x). 

Consequently, the integral 


Ys (x) 


{ f(x, y) dy 


Ys (x) 


expresses the area of the plane section PMNR. It is clear that 
the value of this integral depends on the chosen value of x; in 
other words, the area of this section is a function of x; we shall 
denote it S (x): 

Y3 (x) 

S(x)= J} F(x, ydy 

Yr (x) 
(It can be proved that if the functions [7 (x, y), y,(x) and y,(x) 
are continuous the function S(x) is continuous as well.) 

According to formula (**), the volume of the entire curvilinear 

cylinder is equal to the integral of S(x) over the interval of 
variation of x, that is, over [a, 6]. Substituting the expression 
of S(x) into that integral we finally receive 


OT ys (x) 
vVa\S F(x, acdy=\| \ f(, saya 
D a LY, (x) 
or, in a more convenient form ?, 
Ss (*) 


\ VF te, sax dy =| ax Fe, yay (A) 
b M1 (* 


The limits of integration in the inner integral in formula (A) 
are variable; they indicate the range of variation of y for a 


1 The derivation of formula (A) presented here is based on visual geomet- 
tical considerations and is not of course a rigorous analytical proof. 
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constant value of the othér argument x. The limits of integration 
in the outer integral are constant; they indicate the range of the 
variable x. 
Interchanging the roles of x and y, that is, starting from the 
sections of the body by the planes y=const (c< ys), we first 
Xs (y) 


find that the area Q (y) of such a section is equal to { f(x, y)dx 


xy (y) 
where y is considered constant in the integration process and then 
integrate the function Q(y) between the limits of variation of y, 
i.e. from c to d, to obtain the alternative expression of the double 
integral: 
x, (y 


\ f(a, yydndy=S dy Ie y)ax (B) 
¢c *1(y 


Here the inner integration is performed with respect to x and the 
outer with respect to y. 

Formulas (A) and (B) show that the computation of the double 
integral reduces to two consecutive ordinary definite integrations; 
one should memorize that in the inner 
integral one of the variables is considered 
constant in the integration process. The 
expressions on the right-hand sides of 
formulas (A) and (B) are called (twofold) 
iterated or repeated integrals, the whole 
computation process being referred to as 
the reduction of the double integral to an 
iterated integral. 

The reduction of a double integral to an 
iterated integral becomes particularly simp- Fig. 162 
fe when the domain of integration D isa 
rectangle with sides parallel to the coordinate axes (see Fig. 162). 
In this case not only the limits of integration in the outer in- 
tegral are constant but those in the inner integral as well: 

6 d db 
Fe, y)do = dx\ F(x, y)dy=§ dy \ f(x, y)dx 





In more complicated cases to reduce a double integral to an 
iterated one we should construct the domain of integration (it is 
advisable to represent it in the xy-plane as was done in Fig. 161), 
decide on the order of integrations, that is, choose one of the 
variables for the inner integration and the other for the outer 
integration, and then set up the limits of integration. 

In the examples below wé demonstrate the technique of setting 
the limits of integration. 
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Examples. (1) Let us reduce the double integral Ul F(x, y) dx dy 
D 


taken over the triangular domain D bounded by the straight lines 
y=0, y=x and x=a (Fig. 163) to an iterated integral. If we 
first integrate with respect to y and then with respect to x the 
inner integration is performed from the line y=0 to the line 
y=x while the outer integration from the 
point x=0 to the point x=a. Thus, 


lft, y) dx dy = \ dx | Fe, y) dy 


D 
Reversing the order of integration we receive 





UV F(x, yydxdy=J dy§ F(x, y)de 
D 0 y 


Fig, 163 
(2) Let us reduce the integral ( { f(x, y)dxdy to an iterated 


. D 
integral for the domain D bounded by the lines y=0, y=x? and 
Xx+y=2, 

The domain D is shown in Fig. 164 where the coordinates of 
its extreme points are written down. The shape of the domain 


indicates that it is more conve- 
nient to integrate first with respect 
to x and then with respect to y: 


| 2-y 
Vl f(x, y)dedy = dy \ f(y, y) dx 
D 0 V7 


If the order of integration is rever- 
sed the result cannot be written 
in the form of one iterated integ- 
ral since different parts of the Fig. 164 

line OBA are described by different 

equations. Therefore we split the domain D into two: OBC and 
CBA, which results in 


C(4,0) 





2—x 


J x“ 2 
Fee, y) dx dy = \ dx \ F y) dy+\dx \ f(x, y)dy 
0 l 0 

This example shows that it is extremely important to make an 
appropriate choice of the order of integration (in this example 
we obtain a more complicated expression in the latter case than 
in the former). 

Formulas (A) and (B) can sometimes be applied to domains of 
a more general form. For instance, formula (A) can be used in 
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the case shown in Fig. 165 and formula (B) in the case in Fig. 166. 
As a rule, complicated domains can be split into a finite number 
of simpler domains (e.g. see Fig. 167) admitting the application 
of formulas (A) and (B) to the computation of the double integ- 
rals over these subdomains, which results in the computation of 
the double integral over the original domain. 





Fig. 165 Fig. 166 Fig. 167 


Let us consider some examples demonstrating the evaluation 
of double integrals. 
Examples. (1) Let us evaluate the double integral of the function 


| } 
z= l=] X—TZY 
over the rectangle D determined by the conditions —Il<x<l, 


—2<y<2: 
i) (i—zx—zy) dx dy 


Geometrically, the integral / is equal to the volume of the right 
quadrangular prism with the domain 
D as base truncated by the plane 


| ] 
a*tyytz=! 


(see Fig. 168). Let us take the itera- 
ted integral with inner integration 
with respect to y and outer integra- 
tion with respect to x: Fig. 168 








r= feldb)on | (a 


J -2 -| 
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The same result is obtained when the order of integration is re- 
versed: 


[= ( ay (i—zx—qy) dx = \ (x-g—s us) 


1 —2 


dy = 





2 2 
= § 2-42) 4r=(a—40")/ 
(2) Let us compute the double integral 
iy) (v + y) dx dy 





= § 
2 


over the domain D bounded by the lines 
y=x and y=x?, The domain D is shown 
z in Fig. 169. Performing the inner integration 

with respect to y and the outer integration 
Fig. 169 with respect to x we obtain 





\I ie dedy (ax | et ordy=( y+ [idea 


| ] 
a( (ete **)\ gy (Be _*\| 3 
=\(¥+4 ‘i 5) dx= (4 £0) “0 





The correctness of the result is readily checked if we change 
the order of integration: 


i) tondcay= (ay [ey dem | ty] dy = 
0 Y 


J 5 
y y? _(¥ ay? ¢) 3 
=\ (£+yV9—-$—v) y= 45 o/| = 
0 





0 

(3) Let us compute the volume of the solid bounded by the cy- 
lindrical surfaces z=4—y? and y= and the plane z=0 
(Fig. 170a). 


The upper boundary of the solid is the surface with equation 
z=4—'y2, The domain of integration D is bounded by the para- 


bola y=* and the line of intersection of the cylinder z=4—y' 


with the plane z=0, i.e. the straight line y=2 (see Fig. 1706). 
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The solid being symmetric about the yz-plane, it is sufficient to 
compute half the sought-for volume: 


sl] t 


2 2 2 
a a ad dy = | |4y—+]° dx = 
2 





Consequently, 


256 
Let the reader compute this integral for the reversed order of in- 
tegration. 

(4) Let us find the volume V of the solid bounded by the surface 

z= 1—4x°— 2 

and by the plane Oxy. : 

The solid in question is a segment of 
the elliptical paraboloid lying above 
the plane Oxy (Fig. 171). The paraboloid 
cuts the xy-plane along the ellipse 

Ax? + y? = | 7p 7 ¥ 
Z 

The problem thus reduces to computing Fig. 171 
the volume of the “cylindroid” without 
lateral cylindrical surface bounded above by the paraboloid 


2= |— 4x2 y? 


and having the interior of the ellipse as base. 
292280 


450 Ch. VIII. Double and Triple Integrals 


The solid under consideration being symmetric wilh respect to 
the planes Oxz and Oyz, it is sufficient to determine the quarter 
volume lying in the first coordinate trihedral. The latter is equal 
to the double integral over the domain specified by the conditions 
4°ty2< 1, x>0, and y>0, i.e. over the quarter ellipse. Inte- 
grating with respect to y and then with respect to x we receive 


| 
2 V T4x8 - > 
5 Val ae \ (I— 4x*— y") dy => | (1— 4x2) 2d 
0 0 0 
The substitution 2x=sin?t results in 


ot 
2 
te 2 ea 
TVA Zz) cottdta zea ig 
0 
(see Sec, 94) whence 
Pp) 
ay 


ee Change of Variables in the Double Integral. Polar Coordi- 
nates. 

I. The rule for change of variable in the definite integral (see 
Sec. 94, II) plays an extremely important role in practical calcu- 
lations; it states that 


ot | Us 
J Fx)dx =f Fp (uy) y! (u) du 
x; Uy 

The function x= *p(u) is usually monotone; in the case of mo- 
notonicity it specifies a one-to-one correspondence between the 
points of the interval [u,, u,] of variation of the variable u and 
the points of the interval [x,, x,} of variation of the variable x 
(see Sec. 18). 

Thus, when performing the change of variable according {o the 
formula x=%p(u) we must replace dx by dx= wp’ (u)du and the old 
limits of integration x, and x, for the variable x by the new ones 
u, and u, for the variable u. 

The rule for change of variables in the double integral is essen- 
tially more complicated and its detailed discussion falls out of the 
framework of our course. We shall confine ourselves to the final 
formula and to the example of its application in the case of the 
transformation from Cartesian coordinates to polar ones. 

If the variables x and y in the double integral are replaced by 
some new variables u and v given by formulas 


x=X(u, UV), y=y(u, v) (*) 
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the formula for change of variables has the form 
= 0 (x, 
\\ F(x, ») do \\ Fle v), y(u, oe | du do (**) 
D ‘ 


wrere 








ax ax 
O(x, y) __|Ou0v|]  Oxdy Ox dy 
O(u, v) |9¥9¥|~dudv  dvdu 
Ou du 


The latter expression is (Jacobi’s)! functional determinant also 
termed a Jacobian whose elements are the partial derivatives of 
the functions (*). 

Thus, when making a change of variables specified by formu- 
las (*) we should replace do=dxdy according to the formula 


0 (x, y) du dv 


do =| 500-0) 











and also replace the original domain of integration D with respect 
to the variables x and y by the corresponding new domain of in- 
tegration D* with respect to the variables u and v. The new ex- 
pression for do is the element of area in the coordinates u and v.* 





Fig. 172 


We shall not present the detailed statement of all conditions 
providing the validity of formula (**) and only note that the 
functions (*) are supposed to be continuous together with their 
partial derivatives and that the correspondence between the do- 
mains D and D* should be one-to-one at least for the interior 
points (see Fig. 172). 

An appropriate change of variables may essentially simplify the 
given integral, for instance, it may lead to constant limits of in- 
tegration in the transformed integral. 


1 Jacobi, K.G.J. (1804-1851), a German mathematician. 

2 The new variables u and v_ themselves are called curvilinear coordinates. 
There are various systems of curvilinear coordinates playing an important role 
in mathematics and its applications. 


20% 


452 Ch. VIII. Double and Triple Integrals 


II. The double integral in polar coordinates. Let us apply the 
general formula (**) to the transformation from Cartesian coordi- 
nates (x and y) to polar coordinates (which we denote r and ¢ 
instead of uw and v): 

x=rcos q, y=rsing 

If is assumed that r2>>0 and that the angle o ranges from 0 
to 2n or from —x to a. 

The Jacobian of this transformation (or, synonymously, of this 
mapping) is 

ee ee OS m-rcos p—(—rsing)sing=r 
Therefore, 
Ul F(x, y)dxdy =\\ f(rcose, rsing)rdodr (***) 


D D* 


where D and D* are the domains in the planes Oxy and 0,rq cor- 
responding to each other under this transformation (when speaking 
about the plane O,rp we interpret r and @ as Cartesian coordina- 
tes in an auxiliary plane). 


oh 
i ! 
d J 
(4 






Fig. 173 


For example, let D be a semicircle of radius R with centre at 
the origin lying in the half-plane y>0 (Fig. 173). The correspon- 
ding domain D* in the auxiliary plane O,rq is the rectangle O< r< 
<R, OX g<x Hence 


mx R 
(I f (x, 9) dx dy =\ dg § f (rcosq, rsin @)rdr 
D 0 60 


If D is the whole circle of radius R with centre at the origin 
the corresponding domain D®* is formed of the two rectangles shown 


1 In this transformation the point (0, 0) of the xy-plane goes into the line 
segment [0, x] on the axis OP jn the r@-plane. This violation of the one-to-one 
correspondence occurs on the boundary of the domain D*, and the transforma- 
tion formula for the integral remains valid. 
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in Fig, 173 in heavy and dotted lines; in this case the integration 
with respect to @m goes from 0 to 2n. 

Let the reader plot the domains D* corresponding to the do- 
mains D of the shape of a sector of a circle with centre at the 
origin and of an annulus between 
concentric circles. 

The formula for the element of 
area in polar coordinates can be 
obtained directly on the basis of vi- 
sual geometrical considerations. To 
this end, Jet us construct the coor- 
dinate lines r=const and mg=const 
(of the polar coordinate system r, 9) 
lying in the xy-plane; they break 
up the plane Oxy into curvilinear 
quadrilaterals bounded by arcs of 
concentric circles and their radii (see Fie, 174 
Fig. 174). Consider the quadrilateral = 
given in heavy fine in Fig. 174. Its area Ao is expressed as 





Ao => (r-+Ar)Ag— > 1 Ap=r Ar Ag +4 Ar Ap 


The second summand 54Ar Ag on the right is an infinitesimal 


of higher order than the first summand; on discarding this term 
we arrive at the approximate relation 


Ao ~ r Ar Ag 


which shows that it is natural to expect that the element of area 
in polar coordinates is written asdo—=rdrdg. Thus, we again come 
to formula (***). 

To reduce a double integral written in polar coordinates to an 
iterated integral it is often possible to resort to the rules below 
without constructing the domain D* in the auxiliary plane O,rq. 

1. Let the pole lie outside the domain of integration D enclo- 
sed within two rays p=q, and p=q, and possessing the property 
that any straight line m=const has at most two common points 
with its boundary (see Fig. 175a; a domain of this type can also 
be of the shape shown in Fig. 1755). 

Let the polar equations of the arcs ADC and ABC be, respec- 
tively, r=r,(p) and r=r,(g), both functions being continuous 
in the closed interval [9g,, 9,]. 

Performing the inner integration with respect to r between the 
limits of its variation for a constant g, that is, from r,(@) to 
r.(~), and the outer integration with respect to m from gq, to q, 
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we receive 
Cz ry (9) 
I=\ dp { f(rcosg, rsing)rdr 
3 ry (Q) 


The opposite order of integration, that is, the inner integration 
with respect to @ and the outer with respect to 7, is encountered 
more rarely. If the line ADC in Fig. 175a degenerates into the 
point O we have r, (9)=0. 





raf; 
2(P) hp 





Fig. 175 


In the particular case when the domain of integration is a part 
of an annulus between concentric circles determined by conditions 
n<r<cr, 02.<9<p, the limits of integration with respect to 
both variables are constant: 


Gz rs 
r= dg | f(rcosg, rsing)rdr 
G1 ls 


2. Let the pole be inside the domain of integration, the latter 
being such that any polar radius meets its boundary at one point 
(such a domain is said to be starlike (or starshaped) with respect 
to the pole). Performing the inner integration with respect to r 
and the outer with respect to @ we obtain 


2n sr (9) 
I =| dp \ f(rcosg, rsin@)rdr 
0 0 


where r= 7(q) is the polar equation of the boundary of the domain. 
In particular. for r=r(g)=R=const, that is, when the domain 
of integration is the circle of radius R and centre at the pole, 
we have 
270 R 
1 =\ dg \ f(rcosq, rsin@)rdr 
0 Oo 
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Examples. (1) Let us set up the limits of integration in the 
double integral over the domain Dof the shape of the disc x?-++- y*<<ax 
(Fig. 176). Passing to polar coordinates we write down the equa- 
tion of the circle in the form r=acosq. Here we have r,(g)=0 
and r,(~)=acosg. The limits of varia- 


tion of @ are —s and >: Therefore, 
Ps 
2 acos 
[= ( do \ f(rcosg, rsing)rdr 
bi 4 0 





(2) Let us determine the volume of 
the solid which is the common part of a 
ball of radius a and of a circular cylin- 


der of radius 5 on condition that the centre of the ball is on 


the surface of the cylinder. Here it is convenient to choose the 
coordinate system as shown in Fig. 177. The solid being sym- 
metric about the planes Oxy and 
Oxz, it is sufficient to compute the 
quarter volume lying in the first 
octant. Thus, 


qV=\\ Vara # dx dy 
D 


Fig. 176 


where D is the half-disc serving as 
half of the base of the cylinder. 

In this case it is extremely conve- 

Fig. 177 nient to pass to polar coordinates in 

the double integral expressing the 

sought-for voiume. Since the polar equation of the semicircle bou- 

nding the domain D is written r=acosqg (see Example 1) we re- 

ceive, integrating first with respect to r and then with respect to 

g, the expression 





0 0 
On computing the inner integral with respect to r and integrating 
the result with respect to m we obtain 


acos@ ck 


; Jagat —sim 9) dp == ($—3) 


a—- 


x 
I ‘| (a?—r?) ? 
hie a 
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whence 


4 14 2 
Y=7@ ($-4) 
II]. The Euler-Poisson integral. Let us evaluate the Euler 
Poisson integral 


{ e-*" dx 


0 


whose convergence was established in Sec. 98. 

Let D be the square with side a, and D, and D, be the 
quarter circles of, respectively, radii a 
and a2; these domains are depicted in 
Fig. 178 To evaluate the desired im- 
proper integral we consider the double 
integrals of the auxiliary function e~&'+¥") 
over the domains D, D, and D,. The 
integrand e-(*+y") being positive, the doub- 
_ le integral of it increases as the domain 

a ave x of integration is extended; hence we can 
Fig. 178 write the inequalities 


{{ ety dg< ( ery dgc i e~ (2! +#") dg (*) 
D D D 


2 8 





The integrals over the domains D, and D, are readily compu- 
ted in polar coordinates; indeed, we have 


+ > 


(Jems dam fae fertrar=f[—§ 


Dy 





[]de=4 (1—en*") 


and for the domain D, we obtain Je ~(? 49") dg == (1—e7#’) by 


substituting a//2 for a into the ce formula. 
Now we proceed to the integral over the square D: 


{Senate do = ( dx ( entev dy = Gea (et dy 
D do 0 0 8 


The inner integral being independent of x and of the notation of 
the variable of integration (this means that y can be replaced by 
any symbol and, in particular, by x), the right-hand side of the 
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last equality is nothing but the product of two equal integrals; 


consequently, 
a 2 
{\ e499 do =( \e" dx 
DB 0 


Substituting the expressions of the two integrals computed above 
into inequality (*) we obtain 


a 


= (1—e-@") < (f e-*" dx < = (1 —e~20") 


0 
If a—+oo the leftmost and the rightmost terms of these inequali- 
ties tend to one and the same limit zi hence, by the theorem 
proved in Sec. 30, we have 


a 2 a 2 @ 2 
lim(fewtds) =(1im fees) =(ferear) =§ 


0 0 
whence 


The integrand being an even function, we arrive at the final result 


( e-*de =Vn 


= © 


132. Applications of Double Integrals to Problems of Mechanics. 

I. The mass of a plate with variable density. Let us consider a 
plate (lamina) lying in the xy-plane and occupying a domain D. 
The plate is supposed to be sufficiently thin so that the variation 
of the mass density in the direction perpendicular to the plane 
Oxy can be neglected. 

The surface density of such a plate at a given point is the limit 
of the ratio of the mass of the element of area of the plate to that 
area as the element is contracted to this point. 

The surface density thus defined depends solely on the loca- 
tion of the given point and thus is a function of the coordinates 


of the point: 
5=6(x, y) 


If the density were constant (6=—const) the total mass of the 
plate would. be equal to M=6S where S is the area of the plate. 
If the plate is nonhomogeneous its mass is distributed with a va- 
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whence 
2 
ae 3 == eae =e 
as 7 (5 =) 


II]. The Euler-Poisson integral. Let us evaluate the Euler- 
Poisson integral 


@ 


a dx 


whose convergence was established in Sec. 98. 

Let D be the square with side a, and D, and D, be the 
quarter circles of, respectively, radii a 
and aV2; these domains are depicted in 
Fig. 178, To evaluate the desired im- 
proper integral we consider the double 
integrals of the auxiliary function e~%'+#") 
over the domains D, D, and D,. The 
integrand e-(*+9") being positive, the doub- 
le integral of it increases as the domain 
7 aq avz x of integration is extended; hence we can 

Fig. 178 write the inequalities 


{ { e-@tte do < ({ eA dg< ( e~(=*+9") dg (*) 
D; D 





The integrals over the domains D, and D, are readily compu- 
ted in polar coordinates; indeed, we have 


a 


wt a4 
2 2 

(x24 2 és ~ 72 eas 
\fe (x?+y") dg Jae \« rdr \[-5 


D; 0 





fh dp=> (1—e-*") 


and for the domain D, we obtain alae Aa 


substituting aV2 for a into the poeniek formula. 
Now we proceed to the integral over the square D: 


((e-ttt0" do = ( de (eater dy = (esa (eH dy 
D 6 6 d Q 


The inner integral being independent of x and of the notation of 
the variable of integration (this means that y can be replaced by 
any symbol and, in particular, by x), the right-hand side of the 
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If the plate is homogeneous, that is, 5(x, y)=const, these for- 


mulas turn into 
{ \xd0 ({ yao 


D _. D 
— Ss ) q= S 








where S is the area of the plate. 

Let the reader check that if the plate is of the shape of a cur- 
vilinear trapezoid the reduction A the double integrals in the 
numerators to repeated integrals yields the formulas derived in 
Sec, 103. 

III. The moments of inertia of a plate. 

The moment of inertia of a material point P with mass m about an 
axis is the product of the mass by the square of the distance from 
the point P to that axis. 

To find the expressions for the moments of inertia of a plate 
about the coordinate axes we apply the same technique as in the 
case of the static moments. Therefore we confine ourselves to writ- 
ing down the final result for the case 5(x, y)=1: 


I,=\\ ydo, Iy=S\ do 
D D 


where J, and /, are, respectively, the moments of inertia of the 
plate about Ox and Ov. 


We also note that the integral \{ xydo is called the product 


D 
of inertia (of the figure D); it is denoted /,,. 

In mechanics we also deal with the moment of inertia of a mass 
point about a point which is equa] to the product of the mass by 
the square of its distance from the given point. Accordingly, the 
moment of inertia of the plate about the origin is 


L=\\@+e)domhetl, 


We see that this is nothing but the moment of inertia of the plate 
about the z-axis 
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133. The Mass of a Nonhomogeneous Body. The Triple Integral. 
The notion of the double integral was introduced in connection 
with the problem of computing the volume of a curvilinear cylin- 
der. As was shown in Sec. 132, I, the problem of finding the 
mass of a nonhomogeneous plate also leads to the double integ- 
ral. In this section we shall state the definition of the triple in- 
tegral proceeding from the problem of finding the mass of a non- 
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riable density 5=6(x, y). The problem is to compute the mass 
of the nonhomogeneous plate for a given function 6 (x, y). To this 
end we divide the domain D occupied by the plate into subdo- 
mains 0,, 0,, ..., 6, With areas Ao,, Ao,, ..., Ao, (Fig. 179), 
choose a point P;(x;, y;) within each subdomain and consider the 
density of mass distribution at all the points of the subdomain 
Oo; ((=1, 2, ..., m) as being appro- 
ximately constant and equal to the 
value of the density 5(x,, y;,) at the 
chosen point. Then an approximation 
to the total mass of the plate can 
be written as the integral sum 





M,= B6(% y)A0; 


Fig. 179 To determine the exact value of the 

mass we should compute the limit of 

sum (*) as n—-oo on condition that every subdomain is cont- 
racted to a point. This results in 


M= i 5 (x, y)do 


II. The static moments and the coordinates of the centre of 
gravity of a plate. We now proceed to compute the static mo- 
ments of a given plate about the coordinate axes. To this end, 
we consider the masses of the subdomains oa, (i=1, 2, ..., n) as 
concentrated at the points P;(x;, y,;) and determine the static 
moments of the resulting system of mass points (see Sec. 103): 


Mo — >> y5 (x; y) 40, MP= p> x;5 (x;, y;) Ao; 
= J = 


As usual, on passing to the limit and replacing the integral sums 
by the corresponding integrals we obtain the static moments of 
the plate: 
M,= \\ y6 (x, y)do, M,=\5 x6 (x, y) do 
D D 
Taking advantage of the results of Sec. 103 we now find the 
coordinates of the centre of gravity of the plate: 


({ x6 (x, y) do {fyb e y) do 
D D 


{\ 5e, y)do V1 (2, y)do 
D D 
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If the plate is homogeneous, that is, 5(x, y)=const, these for- 


mulas turn into 
| \xdo \\ yao 
D D 


oe ees 








where S is the area of the plate. 

Let the reader check that if the plate is of the shape of a cur- 
vilinear trapezoid the reduction of the double integrals in the 
numerators to repeated integrals yields the formulas derived in 
Sec. 103. 

III. The moments of inertia of a plate. 

The moment of inertia of a material point P with mass m about an 
axis is the product of the mass by the square of the distance from 
the point P to that axis. 

To find the expressions for the moments of inertia of a plate 
about the coordinate axes we apply the same technique as in the 
case of the static moments. Therefore we confine ourselves to writ- 
ing down the final result for the case 5(x, y)=1: 


= iy) yedo, 1,= \\ x? da 


where J, and J, are, respectively, the moments of inertia of the 
plate about Ox and Oy. 


We also note that the integral \\ xydo is called the product 


D 
of inertia (of the figure D); it is denoted /,.,. 

In mechanics we also deal with the moment of inertia of a mass 
point about a point which is equal to the product of the mass by 
the square of its distance from the given point. Accordingly, the 
moment of inertia of the plate about the origin is 


1=\\ @+y)do=1,+1, 
D 


We see that this is nothing but the moment of inertia of the plate 
about the z-axis 
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133. The Mass of a Nonhomogeneous Body. The Triple Integral. 
The notion of the double integral was introduced in connection 
with the problem of computing the volume of a curvilinear cylin- 
der. As was shown in Sec. 132, I, the problem of finding the 
mass of a nonhomogeneous plate also leads to the double integ- 
ral. In this section we shall state the definition of the friple in- 
tegral proceeding from the problem of finding the mass of a non- 
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homogeneous physical body. Since there is a complete analogy 
between the definitions of the double and the triple integrals we 
shall limit ourselves to a brief account of the theory of the triple 
integral. Let us consider a body occupying a spatial domain 2; 
we shall suppose that the density of mass distribution within the 
body is a known function continuous throughout Q: 


5= 8 (x, y, 2) 


The unit of density is kg/m?. 

Let us break up the domain Q in an arbitrary fashion into n 
parts and denote by Av,, Av,, ..., Au, the volumes of thes 
parts. Choosing a point P;(x;, y,, z;) in each subdomain and 2s 
suming that the density is approximately constant and equal to 
its value at the point P, within every subdomain we can write 
down the approximation 


M,= pa 5 (x; Ys, 2;) Av, (*) 


to the mass of the body. The limit of sum (*) as n—+00, on 
condition that each subdomain is contracted to a point (that is, 
as the diameters* of the subdomains tend to zero) is equal to the 
total mass M of the body: 


M = lim p> 8 (Xj, Yi, 2) Av,= SSI 5 (x, y, z)do 


The sum (*) is called an integral sum and its limit is called 
the triple integral of the function 6(x, y, z) over the spatial do- 
main 2. 

There are various other problems leading to the computation 
of a triple integral. Therefore we shall consider the general form 
of the triple integral 


N\5 f(x, y, 2)du= lim z i (Xs Yn 2;) Ao, 


where f(x, y, z) is an arbitrary continuous function in a finite 
domain 22 of volume V; such a domain is usually bounded by 
one or several closed surfaces. 


1 As was said in Sec. 107, it is impossible to give a visual geometrical in- 
terpretation of a function of three independent variables. That fs why we intro- 
duce the notion of the triple integral, without geometrical considerations, on 
the basis of the mechanical problem of determining the mass of a physical body. 

2 The diameter ofa spatial figure is defined by analogy with the diameter of a 
plane figure (see p. 438). If the diameter of a spatial subdomain tends to zero 
its volume also tends to zero. 
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In this integral with respect to z the variables x and y are regar- 
ded as being constant in the integration process. 

The value of the sought-for triple integral can now be found 
if we take the integral of the function F(x, y) on condition that 
the point P(x, y) runs through the domain D, that is, if we com- 
pute the double integral 


i) F(x. y)dxdy 


Thus, the triple integral J can be represented in the form 
2, (x. y) 
p=\\dedy ( f(x, y, 2)dz 
Db 2; (z, 9) 

Furthermore, reducing the double integral over D to an iterated 
integral with inner integration with respect to y and outer infe- 
gration with respect to x we obtain 

& U3 (x) 2, (x, y) 
T=\de \ dy J Fie, y, ade (*) 


a ¥3 (z) Zz, (x, ¥) 

where y, (x) and y,(x) are the ordinates of the points of intersec- 
tion of the straight line x=const in the xy-plane with the boun- 
dary of the domain D and a and 
b are the abscissas of the end zh ZoZoft) 
points of the interval of the x-axis ; 
onto which the domain D is pro- “££ 
jected. 

We see that the computation of 
the triple integral over the do- 
main 9 reduces to three consecu- 
tive definite integrations. 

Formula (*) also remains valid p22 65) 
for domains of the form of a cyli- : 
ndroid bounded by a cylindrical 
Pili i oe parallel to 
Oz and by two surfaces z=2z, (x, y) 
and z=2z,(x, y) (see Fig. 181). cz” 

If the domain of integration is Fig. 181 
the interior of a_ parallelepiped 


with faces parallel to the coordinate planes (Fig. 182) the limits 
of integration are constant in all the three integrals: 





bo ¢ ft 
Wh Fe, y, 2) dxdy dz = \ de dy \ F(x, y, z)dz 


In this case the order of integration can be changed in an arbi- 
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to the product of the differentials of the variables of integration:' 
du = dx dy dz 
Accordingly, we shall write 


T= NN F(x, y, 2)dxdy de 


Now we proceed to establish a rule for computing such an 
integral. We shall assume that the domain of integration Q is of 
the shape depicted in Fig. 180. 

Let us  circumscribe about 
the domain 2 a cylindrical sur- 
face with elements perpendicular 
to the xy-plane. It touches the 
boundary of the domain 2 along 
a line L which splits the boun- 
ding surface of Q into two 
parts, namely, the upper and 
the lower parts. Let the equation 
of the lower part be z=z, (x, y) 
and oe of the upper part z= 
=Z,\X, ’ 

This cylindrical surface cuts 

Fig. 180 the xy-plane along the boundary 

of the plane region D serving 

as the orthogonal projection of the spatial domain Q on that 

plane; the line L is then projected on the boundary of the do- 
main D. 

Let us begin with the integration in the direction of Oz. To this 
end, we integrate the function f/(x, y, z) along a line segment 
enclosed in £2 and parallel to Oz, its extension meeting the do- 
main D at a point P(x, y) (see the line segment af in Fig. 180). 
For given values of x and y the variable z ranges from z, (x, y) 
(the z-coordinate of the point a) to z,(x, y) (the z-coordinate of 
the point 8) 

The result of this first integration is an expression dependent 
on the point P(x, y); we denote it by F(x, y): 





22 (x, 


) 
F(x, N= { Fe, y, 2)de 


24 (x, y) 


1 In connection with this assertion see the footnote on p. 442 which should 
be restated for the case of a spatial domain. 

2 If the domain of integration is of a more complicated form it should 
be divided into a number of parts of the indicated shape (provided it is pos- 
sible) and the given integral should he computed as the sum of the integrals 
taken over these parts. 
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and x-+-y=1: 


~x 


Im (ax { [e+y—@t+ y+ 2 | dy = 
0 0 
— fae peter os 


I 
1 @ 1, x8 (l—x8}, 
= lees t zt] easy 





The rule for change of variables in a triple integral is derived 
on the basis of the same principles as in the case of the double 
integral. Here we do not present 
the general formula and confine 
ourselves to considering the cases 
of the transformation to cylin- 
drical and spherical coordinates 
which admit of a visual geomet- 
rica] interpretation. 

II. Cylindrical coordinates. 
Let us consider a domain Q in 
space where cylindrical coordi- 
nates (r, @, 2) are introduced. 
In these coordinates the posi- 
tion of the moving point M in 
Space is determined by the polar Fig. 184 
coordinates (r, @) of its projec- 
tion P on the plane Oxy and by its z-coordinate. Choosing the 
coordinate axes as shown in Fig. 184 we can write down the re- 
lations connecting the Cartesian and cylindrical coordinates of the 
point M: 





x=rcosg, y=rsing, 2=2 (*) 


Let us divide the domain Q into subdomains v; with the aid 
of three systems of coordinate surfaces r=const, p=const and 
z==const which are, respectively, circular cylindrical surfaces 
with Oz as axis, half-planes passing through the axis Oz and 
planes parallel to the plane Oxy. The subdomains uv, are right 
cylinders of the form of MN (Fig. 184). The volume of such a 
cylinder being equal to the product of the base area by the alti- 
tude, we obtain the following expression for the element of volume 
in cylindrical coordinates: 

du=rdrdgpdz 


The transformation of the triple integral |{{ f(x, y, z)dv to cylin- 
Q 


30—2280 
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trary manner with the retention of the limits of integration fc; 
each variable. 

In the general case a change of the order of integration in tke 
above-described procedure (for instance, the passage to the cas 





Fig. 182 


when we first integrate with respect to y and then with respect 
fo x and z in the plane Oxz) results in a change of the order of 
integration in the threefold iterated integral and in a change of 
the limits of integration for each va- 
riable. 

Example. Let us evaluate the triple 
integral 


I =$§f (x-+-y+z)dxdy dz 


over the domain £2 bounded by the co- 
ordinate planes 
u=Q, z=0 


x=0, 4 


Fig. 183 and the plane xtytz=1 (this is 
the pyramid depicted in Fig. 183). 
The integration with respect to z goes from z=0 to z=!1— 
—x-—y. Therefore, denoting the projection of the domain 2 on 
the xy-plane by D, we obtain 





1-1—y 


[= Cardy f (etytede=(f |o+y)2+4| ; dxdy= 
D 0 D 


=\l[ety—e+ypt | dedy 
D 


Now we must set up the limits of integration for the domain D 
which is the triangle with sides having the equations x=0, y=0 
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and x+ty= 1]: 
I 1—x 
I= (de { [(e+y)— (ety +32 | dy = 


= ae [phe 





The rule for change of variables in a triple integral is derived 
on the basis of the same principles as in the case of the double 
integral. Here we do not present 
the general formula and confine 
ourselves to considering the cases 
of the transformation to cylin- 
drical and spherical coordinates 
which admit of a visual geomet- 
tical interpretation. 

II. Cylindrical coordinates. 
Let us consider a domain Q in 
space where cylindrical coordi- 
nates (r, m, 2) are introduced. 
In these coordinates the posi- 
tion of the moving point M in 
Space is determined by the polar Fig. 184 
coordinates (r, gp) of its projec- 
tion P on the plane Oxy and by its z-coordinate. Choosing the 
coordinate axes as shown in Fig. 184 we can write down the re- 
eet connecting the Cartesian and cylindrical coordinates of the 
point M: 





x=rcosg, y=rsing, z=z (*) 


Let us divide the domain Q into subdomains vu; with the aid 
of three systems of coordinate surfaces r=const, p=const and 
z==const which are, respectively, circular cylindrical surfaces 
with Oz as axis, half-planes passing through the axis Oz and 
planes parallel to the plane Oxy. The subdomains uv; are right 
cylinders of the form of MN (Fig. 184). The volume of such a 
cylinder being equal to the product of the base area by the alti- 
tude, we obtain the following expression for the element of volume 
in cylindrical coordinates: 

du=rdrdgdz 


The transformation of the triple integral {14 i (x, y, z)do to cylin- 
n 


30—2280 
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drical coordinates is performed by analogy with the fransicrmetix. 
of the double integral from Cartesian to polar coardinates. Te ths 
end, the variables x, y, 2 in the function f{x, y, 2) are change: 
according to jormulas (*) and the element of volume do is rer iz. 
ced by rdrdgdz; in the new variables r, ¢, z the triple integz 
is taken over the corresponding domain 9* in the auziliery C- 
tesian coordinates O,rqz. The final result is written 2s 


(Wie, y, z)du=\\ j(rcosq, rsing, z)rdrd¢ dz 
2 Q3 


In many cases encountered in practice there is no need in cox 
structing the domain &* since the limits of integration in the 7 er 
coordinates can be usually set up in accordance with the sh coe €. 
the original domain Q. As a rule, the inner integration is periovms< 

vith respect to the variable z; the equations of the surfzces bor. 
ding the domain 2 should be written in the cylindrical coarire. be: 
In particular, if the domain of integration is the interis: c° 
right cylinder rik, O<z<, all te 


z| limits of integration are constent: 
232 R E 
j=\ dg \ rdr ( f(reoss, rsine, zcz 
0 8) G 


li, in the cese of such < domain, th 
order of integration is changed the Himits 
of integration for each of ihe erzx- 
ments remain invariable. 
Example. Let us evaluaie the intec- 
ral \\\ 2dv over the domein Q bount< 
ie J = 
Fig & be ian 





by the peraboloid z=x*—y 223 
bounded above by the sphere ty iz=6 (see Fig. 185}. 2 ims 
cylindrical coordinates the equations of these surfaces ere, respect: 
vely, z=r? and r?+z?=6. Its line of intersection is < circle in the 
plane z=2; the radius of this circle is equal io V2 (ihese velre: 
appear when the system oi equations z=77, rit zi=6 is solved 
Consequently, 


22; V2 V&—s! 

fan a 

\(\zdo={ do \ rdr \ zdz= 

“2 fs) G 73 
Ce ty "e i 

ra) 2 i) 5—rt . ‘< 

= CO —_ — — f2— rf =—s 

\ dg \ 5 2 rdr=x | (6—r?—r'yra 5 
5 G 6 


ee Spherical coordinates. Now Jet us perform the Tre 
n from Cartesian coordinates (x, y, z) to spherical cocrcincies 
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(r, 8, m) in the triple integral (Vt Fe, y, 2)duv over a spatial 
Q) 


domain @. In spherical coordinates the position of the variable 
point M is specified by its distance r 
from the origin (i.e. by the length of the 
radius vector of the point), the angle 0 
between the radius vector of the point and 
the z-axis and by the angle @ between the 
projection of the radius vector on the plane 
Oxy and the x-axis (see Fig. 186). The 
angle @ varies from 0 to'n and @ from 0 
to 2.1 

The connection between the Cartesian 
and spherical coordinates is readily estab- 
lished. Fig. 186 indicates that Fig. 186 


MP =rsin(5—8) =rcos®, OP =rcos (F—0) =rsiné 
x=OPcosp and y=OPsing 





It follows that 
x=rsinO@cosg, y=rsinOsing, z=rcosé (2*) 


Let us break up the domain Q into subdomains v; by means 
of three systems of coordinate surfaces r=const, 9=const and 
m=corst. These surfaces are, res- 
pectively, concentric spheres with 
centre at the origin, half-planes 
passing through the z-axis and 
circular cones with common vertex 
at the origin and the positive or 
negative half of Oz as axis. The 
subdomains uv, are of the shape of a 
y curvilinear “hexahedron” MN shown 

/ in heavy line in Fig. 187. Discar- 

ding the infinitesimals of higher 

BEF PST order we can approximately consi- 
A ap der the hexahedron MN as a rec- 
Fig. 187 tangular parallelepiped with dimen- 

sions dr in the direction of the 

radius vector, rd0 in the meridional direction and rsin@dq@ in the 
direction of the parallel. Then for the element of volume in spheri- 





1 In cartography the position of the point on the surface of the Earth is 
specified by the angle @ (called the longitude of the point) and by the angle 


e°= 5-0 (the latitude of the point). The longitude then varies from 0 to 2n 


(or from —ax to x) and the latitude from -> to > 


30” 
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cal coordinates we obtain the expression 
du=r*sin@drdqd0 


Changing the variables x, y, z in the triple integral according 
to formulas (**) and taking the above expression of the element 
of volume du we pass to the integration over the corresponding 
domain Q* in the auxiliary Cartesian coordinates 0,r8q: 


Sie, y, 2) du = 


= If f(rsinOcosg, rsin@sing, rcos 8) r? sin Odr dp dé 


Qe 


The application of spherical coordinates becomes particularly 
convenient when the domain of integration Q is a ball with centre 
at the origin or a spherical shel! bounded by two concentric 
spheres of radii R, and R, (R, << R,). In the latter case the limits 
of integration are set up as 

2n 


7 Rs 
{ sin ode | dy | f(rsin8cosg, rsin@sing, rcos@)r?dr 
0 0 Ry 


If Q is a ball of radius R we should put R,=R and R,=0 in 
the latter formula. The limits of integration we have spoken about 
have been set up in accordance with the shape of the domain 2 
without resorting to the auxiliary Cartesian coordinates 0,r8g. 


Example. Let us compute the triple integral ] = (i ( xyz du where 2 
| 


is the part of the ball x?-+y?+27< R? in the first coordinate 
trihedral. Setting up the limits of integration we find 


a Zt 
2 


2 R 
jae sin® cos 6.40 | sin pcos pdg | rdr=zeg tae 
0 0 


In conclusion we note that an appropriate choice of the coor- 
dinate system depends both on the shape of the domain of inte- 
gration and on the properties of the integrand, and it is impos- 
sible to elaborate a general rule for such a choice. It is sometimes 
advisable to represent the given integral in different coordinates 
and then decide which of them is more suitable. 

135. Applications of Triple Integrals. The application of triple 
integrals to computing static moments and moments of inertia of 
spatial bodies 1s based on the same principles as the application 
of double integrals to the moments of plane plates (see 
Sec. 132). To determine the coordinates of the centre of 
gravity of a body it is necessary to find the static moments 
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with respect to the coordinate planes Oxy, Oxz and Oyz (we-denote 
them M,,, M,, and M,,). Repeating the argument of Sec. 132, II 
(let the reader consider this question in detail) we derive the 
following formulas for the coordinates &, n, © of the centre of 
gravity of anonhomogeneous physical body occupying a domain 2 
and having a (volume) densify of mass distribution 6(x, y, 2): 


M Vf x8 do tie. J\$ v6 ‘hs fAf sae 


_ yz ak: ee Be = 
E= M (\{ oa IM {\{ Sao M {\{ 6a 
Q Q 22 


4 











If the body is homogeneous, i.e. 5=consf, these formulas are 


simplified: 
Sffew — S{fvd SV ew 


—_ 2 











where V is the volume of the body. 

Example. Let us determine the coordinates of the centre of gra- 
vity of the homogeneous half-ball @ specified by the conditions 
v+y+2<cR’, z20 
The coordinates § and ny of the centre of gravity are equal to zero 
since the half-ball is symmetric with respect to the axis Oz (it 

is a solid of revolution about Oz). 


The integral I\§ zdv is readily computed in spherical coordi- 
£2 


nates: 
af 


\({ hii | vite 6d0 Fae dr =5 In Rt 2 aR 
2 6 J og 


The volume of the half-ball being equal to = aR’, we get = 
1 





- DA 
ous _3p 
3 


Let us proceed to find the moments of inertia of a body about 
the coordinate axes (see Sec. 132, III). Since the squares of the 
distances from the moving point P(x, y, z) to the axes Ox, Oy 
and Oz are, respectively, y?+-z?, x?-+2? and x?-+y?, we obtain 
(for the sake of simplicity we put 6= 1) the formulas 


1.=\\l w+e)dv, 1,=S\\ (ted, SS (ety) ae 


Q Q R 
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As in the case of a plane region, the integrals 
1 =\S\ xy dv, Tye=§\\ yedo, Lag =\\§ zxdv 
(2 Q Q 


are termed the products of inertia. 
For the moment of inertia about the origin we derive the ez- 
pression 
1o=\\f\(etyt+z) do 
2 


If the body is nonhomogeneous each of these formulas involves 
the additional factor 6(x, y, z) (the density of the body at tk: 
point P(x, y, z)) under the integral sign. 

Example. Let us compute the moment of inertia of a hone 
geneous ball of radius R with respect to its centre. In this caz 
it is convenient to use spherical coordinates with origin at th- 
centre of the ball. This yields 


R 


ot 2X 
fam | in dB \ dg 7 dr =2OR’ _ = MR 





where M is the mass of the ball. 

Since the moments of inertia of the ball relative to the cosr- 
dinate axes (passing through its centre) are obviously equal to 
each other, we can make use of the relation /,+/,+/,=2I, to 
receive 


1,=1,=1,=— MR 


The moments of inertia of a physical body play an important 
role in the computation of the kinetic energy of a rotary motion 
of the body about the corresponding axis. Let a body rotate 
about the axis Oz with constant angular velocity w. We shall find 
the kinetic energy J, of the body. As is known, the kinetic energy 


of a mass point is equal to = mv where m is the mass of the point 


and uv the magnitude of its velocity. The kinetic energy of a sy- 
stem of material points is defined as the sum of the kinetic ener- 
gies of the constituent mass points, and the kinetic energy of 2 
body as the sum of the kinetic energies of the parts the whole 
body is divided info. This makes it possible to apply the integral 
to computing the kinetic energy. 

Let P(x, y, z) be a variable point of the domain ® occupied by 
the body and dv the volume of an infinitesimal neighbourhood of 
this point. The magnitude of the linear velocity o of the point P 


in the rotary motion about the z-axis is equal to of x*+y', and 
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therefore the kinetic energy of the element du of the body Q is 
expressed as 


+ 8(P) due? (x? +93) 


where 6(P)=85(x, y, z) is the mass density of the body at the 
point P. Consequently, for the kinetic energy of the whole body 
we obtain the expression 


J,=\\Vou (2+?) 6(P)dv= + ot \\{ (x? + y?) 6 (P) du 
Q Q 


that is, 


I 
J,=5 

Thus, the kinetic energy of a body rotating about an axis with 
constant angular velocity is equal to half the product of the square 
of the angular velocity by the moment of inertia of the body with 
respect to the axis of revolution. 
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136%. Integrals with Finite Limits. We have already dealt with 
integrals involving integrands dependent on two variables and in- 
tegration with respect to one of the variables under the assump- 
tion that the other variable is considered constant in the integra- 
tion process. We had such a situation in Sec. 115 when a function 
was reconstructed from its total differential and in Sec. 130 when 
the double integral was evaluated by means of successive definite 
integrations. Since integrals of this kind are widely encountered 
in mathematical analysis and other divisions of higher mathema- 
tics (for instance, in the theory of equations of mathematical phy- 
sics) we shall consider them in more detail in this section. 

Let there be given a function [(x, A) defined and continuous 
for all the values of x and 4 satisfying the conditions 


asx<xb and AAA, 
(These conditions specify a rectangle in the plane Oxi.) 
If the integral { f (x, 4)dx has been computed for every value 


A€E[A%,, 4,] then to each A there corresponds a definite value of 
the integral which thus is a function of the parameter 4; denot- 
ing this function F(A) we write 


b 
F)=JS f(x, Adz (*) 
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In this section we suppose that the interval of integration [a, 5] 
is finite (the case of an infinite interval of integration will be 
treated in the next section). The interval [A,, 4,] serving as the 
domain of definition of the function F(A) can be finite or infinite. 

l 
Examples. (1) If A540 we have (Ade) aSo For 4=0 
0 
this integral is equal to 1. Here the function F(A) is defined and 
continuous for all the values of A (let the reader check the con- 
tinuity for A=0). 
(2) Considering the values of 4 satisfying the condition }]A]>1 


: dx . x il . | 
we can write | par aresin Z|, =arcsin =. For A=+1! the 
0 


integral becomes improper (in this case the integrand has an in- 
finite discontinuity at the point = 1) but convergent. 


dx 3291)? 
(3) For AE{[—I, 1] we have \ ype = eV =f) 








inet V4—# 
14- VI— 2 

It should be stressed once again that if the function f(x, A) 
and the interval [a, b] are fixed integral (*) depends solely on A. 
Our further aim is to investigate the properties of the function 
F(X) termed an integral dependent on the parameter i. First of 
all we prove the following fundamental theorem: 

Theorem I. If f(¥, A) is a continuous function for acxr<8, 

6 


—w 


A. <A<A, the function F(A)= (F(x, A)dx is continuous in the 


interval [4,, A,]. 

Proof. To simplify the proof we shall suppose additionally that 
the function /(x, 4) possesses the partia] derivative f; (x, 4) boun- 
ded for all the values of x and A in question: | fi (x, A)|<M (this 
additional condition is not mentioned in the statement of the theo- 
rem which also remains true when it is violated). 

Let A and A-+ AA be two values of the parameter belonging to 
the interval (A,, 4,]. By definition, we have 

b b 
F(A) =\ f(x, Ade and F(A+ Aa) =| F(x, A+Adjae 
The increment of the function F(A) is equal to 
b 
F (M--AA)—F (A) =S[f (x, MEAN —F (x, AYJde (**) 


Ga 
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Let us rewrite the expression of the integrand in (**) by using 
Lagrange’s formula of finite increments: 


f(x, A+ Ad)—F (x, A)=fi (x, §) AA 


where §€(A, A4-++-Ad)}. The derivative f{, being bounded, we arrive 
at the inequality 


[F(%, A+44)—F (x, 4) <M | AA| 


Since the absolute value of an integral does not exceed the integral 
of the modulus of the integrand (see Sec. 90, IJ), we have 


b 
JF (ALAA) —F (A) =[J [Ff (x, A+ AN —F (x, A] dx|< 


b 
< | M|A\|dx=M (b—a)| Aaf 


It follows that F(A+AA)—F(A)—+0 as AA—+0, that is, the 
function F(A) is continuous. 

In what follows we shall use this theorem in its original for- 
mulation (without stipulating the existence and the boundedness 
of the derivative [x;, which is inessential although this hypothesis 
was taken into account in the present proof). It should also be 
noted that the condition that the interval [a, 6] is finite was es- 
sentially used in this proof. ; 


The condition expressing the continuity of the integral ( i (x, A)dx 


dependent on the — 4 can be written in the form 


tim VF A) dx = { f(x, 9) dx rr) 


indicating that the limit of the continuous function F (A) asA—A, 
is equal to the particular value of this function for A=A,. 

When using this theorem we should check that all its conditions 
are fulfilled since if otherwise our conclusions may be incorrect. 
For instance, let 


x |! ] 
Foy= 285, = arctan} > arctan 





This function is continuous for all the values of the Tas! ys 
except for 4=0; the matter is that the integrand f(x, 4)=>——; 


; aTR 
is a discontinuous function for A=0O and x=0Q, 
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For the function F(A) to be differentiable some additional requi- 
reinents should be imposed on the function f(x, A): 

Theorem Il. If f(x, 4) is a function defined and continuous 
for axxr<b, 4,44, together with its partial derivative 
Fi (x, 4) the function F(A) possesses a continuous derivative 
with respect to 4 expressed by the formula 


Proof. We shall again take advantage of formula (**) expres. 
sing the increment of the function F(A). On dividing its both 
sides by Ad and transforming the integrand according to Lagrange’s 
theorem on finite increments we receive 


b 
F (A+-AA)—F (A , 
=f he, Bae 
a 


Since EE (A, A+ AA), we have E—+A as AA—+0. Therefore, pas: 
sing to the limit as AN —-0, we obtain 


b 
_ F(A AA)—F(A) 1: 
lim ET lim SRG 6) dx 


Ai, +0 


By the hypothesis, the derivative f; (x, 4) is continuous; conse- 
quently, the limit on the right-hand side of the latter relation 
exists (see Formula (***)). Hence, the limit on the left-hand side 
also exists, these limits being equal to each other and expressing 
the derivative F’ (A): 
b 
Fa)=\ ite, Adds 


The theorem has been proved. It can be stated briefly as 

the derivative of an integral with respect to a parameter it 
depends on is equal to the integral of the derivative of the integrand 
with respect to that parameter. This proposition is known as Leib- 
niz’ rule; it says that, under certain conditions, it is allowable 
to interchange the operation of integration with respect to x and 
the operation of differentiation with respect to 4. This rule was 
already mentioned in Sec. 115 in connection with the reconstruc- 
tion of a function from its total differential. 

Leibniz’ rule sometimes facilitates the computation of complicated 
definite integrals. 
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H 

Example. We have { = arctan = =-Larctan—. Differen- 
0 

tiating both sides of this equality with respect to the parameter a 
and applying Leibniz’ rule to the differentiation of the integral 
(this means that the integral is differentiated under the sign of integ- 
ration, that is, the integrand itself is differentiated with respect 
to a) we obtain 


f 
—2a dx l ] I ] I 
| epepo ararclang + ay (-#) 
ag 
0 


whence 


* — 
x? ++ q? 





1 
dx ! ! 
\ Gant = oar arctan > + sata 
0 


I 
Differentiating repeatedly we can compute the integrals \ at 
0 


forn=3, 4,.... Their direct computation without using Leibniz’ 
rule involves more lengthy calculations. 

Up till now we considered integrals with constant limits of 
integration. But there also occur integrals with variable limits of 
integration which themselves are functions of the parameter the 
integrand depends on. For instance, this is the case in the inner 
integral involved into the repeated integral to which a double 
integral is reduced. 

Let 

b (A) 

F()= | f(x, Ads 

a (h) 
We shall assume that the integrand f(x, 4) and its partial 
derivative fi, (x, 4) are continuous in a rectangle axx<b, 
MASA, (a, 6, 4,, A4,=const), and that the functions a(A) and 
b(4) are continuous in the interval [A,, 4.], possess continuous 
derivatives and satisfy the conditions aca(s)<6(A)<6. Then 
the function F(A) is continuous and differentiable, and its deriva- 
tive is given by the formula 


b (A) 
F' (2) = | fi (x, 4)dx-+F[(A), 4]b' A)—F{a (A), Aa’ (a) 
a (A) 
(this is the general form of Leibniz’ rule). 


We shall not present the proof of this formula and confine our- 
selves to the remark that Leibniz’ rule for integrals with constant 
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foo) 


For instance, the integrals sink ty and if Oe a satisfy 
0 








1-x? 1x? 


0 
the conditions of this definition for all the values of % since the 
moduli of their integrands do not exceed the positive function 
rar the improper integral of the latter being convergent. 
Regularly convergent improper integrals (*) possess the following 
properties which we state without proof: 


1. If f(x, 4) is @ continuous function for xa, WE(2,, 4,] and 
the integral F(A)= ( f (x, 4)dx is regularly convergent the function 
0 


F (4) depends continuously on the parameter }.. 

2. If, in addition to the conditions stated in 1, the function 
f (x, 4) possesses the continuous partial derivative fj,(x, 4) and the 
integral of this derivative is also regularly convergent the function 
F (4) is differentiable and its derivative is given by the formula 


PO=F) Fs Ndxe=V KG, Naz 


b 

For an improper integral of the form ( f(x, 4)dx involving a 
discontinuous integrand f (x, 2.) the notion of regular convergence 
is introduced in a similar fashion. 


As an example demonstrating the properties stated above let us 
consider the important integral! 


I(k) =\ e-**cosaxdx (**) 
0 


encountered in the theory of equations of mathematical physics. 
By the way, for 4=0 this integral turns into the integral 





I (0) =| e-* dx = ue computed in Sec. 131. Integral (**) is regu- 
0 

larly convergent since |e->" cosax|<e-*". On differentiating integ- 

ral (**) we receive 


Paj=— \ xe~*" sinAxdx 
0 


Such a differentiation is a legitimate operation in this case because 
the latter integral is also regularly convergent. Indeed, we have 
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@ 








|xe-*’ sindx|<xe-*", and the integral { xe-*" dx is convergent: 
0 
\- 2 
22 ex? {ae | P 
{ xe *dx=—-5 » =: To evaluate the integral expressing 
0 
I’(4) we integrate by parts putting xe-* dx—=dv and sindx=u. 
| : 
Then v=—senr* and du=}cos/x, and we obtain 
cp) Z 
ae l fp Ne oh ; 
I’ (A) =— | xe-*"* sinkxdx= > e-* sin LX — | er* cosi.xdx 
0 0 





The expression 5e-* sin ke vanishes for x=0 and x=oo, and 
the latter integral is again equal to / (2). We thus arrive at the 
relation J’ (A) =—£/ (2) which can be rewritten as 


(2 rer i, 

Fay =[In IA) =—z 

On integrating we find In/ (A Se iC. For 4=0 the integral 
Via Vx 


£(0) is equal to —;— whence C=In— ~~. Finally, In/(i)= 
=—+1In Via 


= 5 and 








1) = He et 
I]. The gamma function. An important example of a non-ele- 


mentary function specified by an improper integral dependent ona 
parameter is the so-called gamma function 


P (4) = | 2 te-* de 
0 
also termed Euler’s integral of the second kind. The gamma function 
is frequently used in various problems of mathematical analysis 
and its applications. 

First of all, let us show that the function (A) is defined and 
continuous for 27> 0. To this end, it is sufficient to prove that 
the integral specifying the gamma function is regularly convergent 
for every closed interval [?,, 4,] where 0<4, <4, <0. 

Note that if 221 the integrand x?-1e~* is continuous for x >0; 
if 7< 1 this function has an infinite discontinuity at the point 
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x=(. Therefore it is convenient to split the integral specifying 
the gamma function into two: 


1 oD 
P(A) = \xa-1 e-* dx-+-| xh-le-*dx 
0 1 
Let us begin with studying the first integral. For O<x<1 we 
have the inequalities x*-le-*< x4-1< x-1 because AD>A,. The 


1 
integral \xhns dx= = is convergent for 4, > 0; hence, the first 





0 
integral in the above sum is regularly convergent for A>A, > 0. 
In the second integral we have x>=1, and therefore x*-!e-*<< x*- 1¢-* 
since A<A,. As x-» 00 the function x*:-' increases slower than 
the exponential function e* where @ is any fixed positive num- 


xAam1 
err =e 





ber. Indeed, applying L’Hospital’s rule we obtain lim 
x—> 


eee 
and hence the ratio —_ is bounded in the interval 1< x <oo. 





Xx x 
1 — -—— |. 
Let us choose a=>, then x4:-1e"*< Me*e-*=Me 2. Since the 
[ee] 


x 
integral {Me * dx is convergent the second integral is regularly 


1 
convergent for A<A,. 

Thus, each of the integrals in question is a continuous func- 
tion and, consequently, ‘he gamma function (which is their sum) 
is continuous in any closed interval [A,, 4,] where 0<A, <A, <0 
(we can simply say that it converges for A> 0). It can also be 
shown that the function ['(A) possesses derivatives of any order. 

Let us write down the integral expressing (4 +1) and perform 
integration by parts by putting x*-=u and e-*dx =du: 


rA+1)= { xke-* dx = — xhe-* 


0 





ie A—-1 p—-x 
y+) ax 1 e-* dx 


The expression x*e-* vanishes for x=0 and x=oo; taking the 
factor A outside the sign-of integration in the integral on the 
right-hand side we arrive at the recurrence formula 


T (A+ 1) =-AP (A) 


expressing the most important property of the gamma function. 
Using the latter formula we can readily compute the value of 
the gamma function when A is a positive integer. Noting that 
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P(1)= { e-*dx=1 and applying the recurrence formula we o3ie:- 
6 


LT (an +1)j)=nYr (np) =n (n—1)T(n—lj=... 
...=n(n>I1)(n—2) ... 2-1-Tilj=al 


Thus, for any positive infeger n we have 


P(n-+1)=n! 


Let us also compute the value rf zs frequently encountered in 
* 
applications. Making the substitution x= 7? in the integral exsrest 
ing T(z) we receive 


r (+} a(x Fesdrao (er tdtaVe 
6 if) 


% 


(Se dt is the Euler-Poisson integral evaluated in Sec. 131} 


“Applying the recurrence formula we consecutively find 
3\_ I 5\ 347- nf7\_ 154;- 
r(s\=5 Vx, r(s)\= Vz, r(s)=sV5, eos 


The values of the integral specifying the gamma function fc 
other values of % can be found by means of approximate methois: 
in special handbooks there are extensive tables of the values of 
the gamma function (e.g. see [14]). 

There are many important integrals expressible in terms of the 
gamma function. An example of this type is Euler's integral cj 
the first kind: 


Bip, g)= { xP-1 (1 —x)9-1 dx 


It can be shown (but we do uot present the proof here) that the 
junction B(p, qg) dependent on the two variables p and a is def- 
ned for p>0O, g>0 and is expressed in terms of the gemme 
function by the formula 


YT fp) T 
Bip, N= peas (p>0, 7>0) 


1 
Euler’s integral of the first kind RB (p, g) =| x71 (1—z)F-1 dr is 
also termed the befa function. 
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QUESTIONS 


1. How is the volume of a curvilinear cylinder found? 

2. What is the double integral of a given function over a gi- 
ven domain? 

3. State the existence theorem for the double integral. 

4. Enumerate the properties of the double integral. 

5. Derive the rule for computing a double integral over a do- 
main whose boundary has at most two common points with every 
straight line parallel to the one of coordinate axes. Write down 
the corresponding formulas. 

6. State the rule for change of variables in the double integral. 

7, What do we call a Jacobian? What is the element of area 
in curvilinear coordinates? 

8. Derive the formula for the element of area in polar coordi- 
nates proceeding from geometrical considerations. 

9, How do we compute a double integral in polar coordinates 
by means of repeated integration? 

10. How is the mass of a nonhomogeneous plate with given den- 
sity found? 

11, Derive the formulas for computing the static moments and 
the moments of inertia of a plate. 

12. How do we determine the mass of a physical body with gi- 
ven mass density? 

13. What is the triple integral of a given function over a gi- 
ven spatial domain? 

14. Enumerate the properties of the triple integral. 

15. How are triple integrals computed in Cartesian coordinates? 

16. How are triple integrals computed in cylindrical coordinates? 

17. How are triple integrals computed in spherical coordinates? 

18. Derive the formulas for computing the coordinates of the 
centre of gravity of a spatial body. 

19. Derive the formulas for the moments of inertia of a body. 

20°. State the definition of an integral dependent on a parame- 
ter. Give examples. 

21°, State and prove the theorem of the continuity of an integ- 
ral dependent on a parameter. 

22°. State and prove the theorem on the differentiability of an 
integral with respect to the parameter it depends on (Leibniz’ 


ule). 
23°. What is a regularly convergent rae integral dependent 
on a patameter? Enumerate the properties of such integrals. 

24°, What is the gamma function? Prove that it is continuous 
and enumerate its properties. 
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1388. The Work of a Field of Force. The Line Integral. In Sec. 
86, II we considered the problem of computing the work of ¢ 
variable force in a rectilinear motion of a body, the force being 
directed along the path of motion. Now we proceed to a move 
general problem of this kind. 

Suppose that there is a plane force field defined in a domain D 
in the plane Oxy. This means that the material point placed in 
the domain D is subjected to the action of a force! F in the 
plane Oxy whose magnitude and direction are specified at every 
point of D (spatial fields will be treated in Sec. 146). The do- 
main D may coincide with the entire plane Oxy or be a part of the 

lane. 

: The dependence of the force F on the location of its point of 
application is described by a relation 


F=F (x, y) 


where x and y are the coordinates of the point of application of 
the force. It is supposed that the field is stationary, that is, the 
force F does not depend on time ¢ and is only specified by ihe 
coordinates of the point. 

To specify the force F(x, y) we can specify its projections on 
the coordinate axes which are also functions of the variables x 


1 In physics, to characterize a force field irrespective of the materiel point 
placed in it the notion of the infensity of the field is introduced which is under- 
stood as a vector representing the force of action of the field upon 2 
“unit body”: upon a body of unit mass if we deal with the field of gravitation 
or upon a particle carrying unit electric charge if we deal with an electrostetic 
field and the like. Then the force with which the field acts upon an erbitrery 
body is equal to the product of the intensity of the field by, respectively, the 
mass or the charge of the body, etc. If should also be noted that a field of 
force is a special case of a vector field (see Sec. 151). 
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and y. Denoting the projections as P(x, y) and Q(x, y) we write 
F= P(x, y)itQ (x, y)j 


Let the material point move along a path L in the domain D 
under the action of the force field (see Fig. 188 where L is the 
line joining the points B and C). Let us compute the work per- 
formed by the force field F(x, y) in this motion of the point. 

To this end, we break up the path L into n parts by means of 
points B,, B,, B,, ..-, By, Bay, (the point B, coincides with B 
and B,,, with C), the coordinates of the points of division B,, 





Fig. 188 


k=1, 2, ..., n+1 being denoted x, and y,. Next we replace each 


curvilinear part B,B,,, by the displacement vector B,B,,, and 
consider the force acting on the point as it passes the line segment 
B,B,,, aS, approximately, being constant and equal to the value 
of the force of the field at the point B,: 


Fe=P (xp, Yr) it Q pr Yn) 5 
Then the work corresponding to this part is 


AA,=[F,l+| ByBgr1 [cos a, 


where a, is the angle between the vectors F, and 8,8,,,. This 
expression is the scalar product of the vectors F, and B,B,,,, i.e. 


Sa 


AA,= Fy ByBras 


The projections of the vector B,B,,, on the axes Ox and Oy be- 
ing equal, respectively, to x,,;—x,=Ax, and yp,,—Y,=Ay,, We 
have 


BrBrar= Axl -+ Ay, 


31? 
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The well-known formula for the scalar product now implies tt 
following expression for the work of the field on this part of it 
path of motion: 


AAy=P (Xp, Yp) AX, 4+-Q (Xp, Yy) Ay 


Summing these expressions over all the parts the original pet 
is divided into, we obtain an approximation to the sought-ic- 
work: 


A, = 2 P (Xp, Yx) AX, + Q (Xp, Yn) AY, (") 


Finally, passing to the limit as n—+oo (on condition that tt 
length of the longest part tends to zero) we obtain the true woz 
of the field. 

There are various problems leading to the passage to the linit 
in sums of type (*), not only the problem of work, and therefcz 
we snall consider this question ix 
the general form abstracting froz 
the physical meaning of the functions 
P(x, y) and Q(x, y) as projections 
of a force. Let P(x, y) and Q(z, 4 
be arbitrary functions of two variab- 
les continuous in a domain D and 
Jet L be a smooth curve lying enti- 
rely within this domain. Dividing 
the curve L into n parts, choosing an 
arbitrary point B,(&,, m,) in ezch 
segment of the curve (in particular, these points may coincide 
with the end points of the parts, as shown in Fig. 188) and dero- 
ting the projections of the Ath part on the axes of coordinates by 
Ax,, Ay, (Fig. 189) we form the sum 


2P (Ep, Te) Ax, +Q (E,, 1,4) Ay, (**) 
Sum (**) is called an integral sum, and its limit 


lim BI P(t Ue) Ave +Q Urns Ye) Due=S P(x, y)dx+Q lx, whey 


is a line integral over the path L.+ 

Definition. The limit of integral sum (**) as the length of the 
longest of the parts the line ZL is divided into tends to zero js 
called the line integral over the path L. 





1 An integral of this kind is sometimes termed a line integral with resped ts 
coordinates or a line integral of the second type. Line integrals of another kind 
known as fine integral with respect to arc length or line integral of the frst 
type will be studied in Sec. 145, 
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The curve L is then called the path or the contour of integra- 
fion, the point B is called the inttial point and the point C the 
terminal point of the path of integration. 

In particular, if Q(x, y)==0 the integra] has the form 


\ P(x, y)dx 
L 


and is called a line integral with respect to the coordinate x. Simi- 
larly, if P(x, y) ==0 we speak about a line integral with respect 
to the coordinate y: 


(Q(x, dy 
L 


Coming back to the problem connected with the computation 
of work we can say that the work of a field of force performed 
as the material point moves in the contour L is expressed by the 
line integral 


( P(x, yydx+Q (x, y)dy 
L 


where P(x, y) and Q(x, y) are the projections of the forces of 
the field on the coordinate axes. 

139. Evaluating Line Integrals. Integral over a Closed Contour. 
We shall show that the evaluation of line’ integrals reduces 
to the computation of ordinary definite integrals. For instance, 
Jet us consider an integral of the form 


| P(x, y) dx 
L 


Suppose that the path of integration L is specified by parametric 
equations 

x=x(t), y=y(t) 
where the functions x(/), y(t) and their derivatives are continu- 
ous. Let tg be the value of the parameter ¢ corresponding to the 
initial point B of the contour and f- that corresponding to the 
terminal point C. Consider the integral sum 


2 P (Eg: Nis) Ax, 
whose limit is the given line integral. Let us express it in terms 
of the variable ¢. Since 
AX p= X p41 Xp =H (beg 1) —% (Ey) 
the application of Lagrange’s formula (see Sec. 57) gives us 
Ax, =x’ (0,) At, 
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where 8, belongs to the interval [?,, t,,,] and Af,=t,4,—4,. As 
the intermediate point (E,, ,) we shall take the one correspon: 
ding to the value 8, of the parameter. Then 


Sp=X (0), Te =Y (9y) 
The transformed expression 


2 P [x (8,), 4 (O,)) x’ (0,) Af, 


is an ordinary integral sum associated with the function of one 
variable P[x(t), y (t)]-x’ (f), and its limit is nothing but the def- 
nite integral 

tc 

| Plx(t), y(t] x’ (f) dt 

t 
Thus, 7 


f 


C 
5 P(x, y)dx= \ Pix(t), y(t) x! (t)dt 
B 


We similarly conclude that 
f 


(Qt, ydy= J Q[x(), y (Oly (ade 
L tp 
What has been said implies the following computation rule for 
the line integral: 
To transform the line integral 


\ P(x, dx + Q(x, say 
taken over the curve «==x(t), y= y(#) to an ordinary definite 
integral one should replace x, y, dx and dy in the element of 
integration by their expressions in terms of ¢ and dt and eva- 
luate the resulting definite integral over the interval of variation 
of the parameter fF: 


| P(x, y)dx+Q(x, y)dy= 


L 
tc 
=| {P[x(t, yO) x’ O+Ax(), y Oly’ (O} at 
‘B 


where tp and f¢ are the values of the parameter ¢ corresponding 
to the points B and C of the curve L. 

It follows from this rule that the line integral always exists if the 
functions P(x, y) and Q(x, y) are continuous and the functions 


§ J. Line Integrals 487 


x(t) and y(¢) are continuous together with their derivatives. The 
latter condition means (if we assume additionally that the deri- 
vatives x’(t) and y’(t) do not vanish simultaneously) that L is 
a smooth curve, that is, it has a tangent whose position varies 
continuously. By the way, the line L may consist of several arcs 
for each of which this condition holds. Then the whole curve -L 
is termed piecewise smooth, and, for continuous functions P and 
Q, the line integral over such a curve also exists. When an inte- 
gral over a piecewise smooth contour L is computed the fatter 
should be divided into smooth parts, after which the integrals 
over these parts are computed and added together. 

If the line L is specified by an equation of the form y=y (x) 
we can use the general formula by putting t=«x to obtain 


aC 
(P(x, ydet+ Q(x, vdy=§ {PL y+ yy’ hae 
L *B 
where X, and x;- are the abscissas of the points B and C. 
Let the reader write down the reduction formula for a line 


integral to the definite integral when the path of integration is 
determined by an equation x= x(y). 





Figs 190 


If the whole contour of integration consists of a number of arcs 
specified by equations of different types the contour should be 
divided into parts and the desired integral should be computed 
as the sum of the integrals taken over the parts. 

We also mention the following two important special cases: 

If the contour of integration L is a line segment parallel to 
the axis of abscissas (see Fig. 190a) the line integral is originally 
written as a definite integral. Indeed, in this case we have y=y, 
and dy=0, and hence 
\ P(x, y)dx+Q (x, y) dy = | P(x, Yo) dx 
L xs 
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If L is a segment of a straight line parallel to the axis of 
ordinates (Fig. 1906), we have x=x,, dx=0, and hence 


Vs 


J P(x, y) dx + Q (x, y) dy = | Q(x, y)dy 


Vs 


Examples. (1) Let us evaluate the integral ] = ( xy dx +(x + y)dy 
L 


if the line L (see Fig. 191) is: 
(a) the line segment Fria) the point O(0, 0) to the point 
(1, 1 


(b) the arc of the parabola y=.x? con: 
necting the same points; 

(c) the polygonal line OBA. 

In Case (a) the equation of the path 
of integration is y=x. Consequently, 
dy=dx, and we obtain 





=f +-2x) dx = (+ +23) =F 





Fig. 191 


In Case (b) we have “a =x° and dy=2vxdx, and thus 
[= Fe (x22) Qx]dx= 7 


In Case (c) the contour of integration should be split into the 
two parts OB and BA. For the part OB we have y=0 and dy=0 
and for BA we have a and dx=0. Therefore 


J 3 
|= 4ydy= CEP) aS 


We see that in all the three cases we have obtained different 
results although the initial and the terminal points of the con- 
tour of integration remained invariable. Hence, generally speaking, 
the line integral depends not only on the initial and terminal 
points of the contour of integration but also on the shape of the 
curve connecting these points. This question will be discussed in 
more detail in Sec. 14}. 

(2) Let us compute the integral 


re T= \ xydx 
L 
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of integration expressing x as a one-valued function of y, we 
substitute x=y? and dx=2ydy into the integral and receive 


2y° |! 4 
j= \ y?y -2y dy = Be ea 


If the same contour L is specified so that x is expressed as 
a function of y it should be split into the two parts AO and OB 


whose equations are y=—V x and y= +) x. Then we obtain 


| | ayde | xydem 


0 
wa a a Ae 





1 3 
ry 4 
=2\ dx= = 
(3) Let us find the integral 
[= ( ydx—xdy 
L 


Fig. 192 


where L is the are of the cycloid x= 
=2(t—sint), y=2(1—cos?f) joining its points O(0, .0) and 
A (4x, 0). Using the general ale and taking into account that 
the value of the parameter corresponding to the point O is f=0 


and that corresponding to A is t=2x we obtain 
251 
i = [4(1—cos t)?@—4 (f—sin f) sin t] df = 
0 


On 
— { t sin ta 
0 


Integration by parts in the Jast integral leads to the final 
result: 


2 2st 


—2sint 


27 
=4 { (2—2cost—fsint)dt=4 2 
0 0 








0 


[ = ]6n—4(—tcost-+sinf) — 247 


Up till now we dealt with nonclosed contours of integration 
whose initial and ferminal points were different. The specification 
of these points determined the direction of integration. It is clear 
that if the direction of integration is reversed the line integral 
changes its sign to the opposite. This conclusion can be drawn, 
for instance, from the general rule for reduction oi the line 
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integral to the definite one. Writing, for brevity, P and Q insteed 
of P(x, y) and Q(x, y) we express this property as 


( Pdx+ Qdy=— | Pdx+Qdy 


~L +0, 


where the symbols —L and +L designate (conditionally) the 
line L taken with the two opposite directions. 

There are also many cases when a line integral is taken over 
a closed contour. We shall limit ourselves to the case when the 
contour is a piecewise smooth closed simple curve (i.e. not inter- 
secting itself) of the type shown in Fig. 193. Line integrals of 


this kind are designated by the symbol gp. It is obvious that for 


L 
an integral over a closed contour the choice of the initial point 
(which simultaneously is the terminal 
point) is inessential, and the value of the 
integral depends solely on the orientation 
of the contour, that is, on the choice of 
the direction of integration. 

For a (simple) closed contour in the 
plane the direction in which it is traver- 
sed is termed positive if the domain boun- 

Fig. 193 ded by the contour always remains on the 

left. The opposite direction is called ne- 

gative (we also say that the contour is oriented positively or ne- 

gatively). In the former case the contour is traced counterclock- 

wise and in the latter clockwise. In this terminology it is sup- 

posed that the orientations of the contour and of the coordinate 

system are coherent: if the positively oriented contour is traced 

counterclockwise the shortest rotation from Ox to Oy should also 

be in the counterclockwise direction as shown in Fig. 193 
(a right-handed coordinate system). 


Let us agree that in what follows an integral | Pdx-+Q dy over 





L 
a closed contour L is understood as being taken in the positive 
direction; the integration in the opposite direction will be sym- 
bolized as 
( Pdx+Qdy 
=L 
Our discussion shows that these integrals only differ in sign. 
The following proposition indicates a specific property of line 
integrals over closed contours: 
Theorem. If a domain D bounded by a closed contour L Is 
split into two parts D, and D, the fine integral over the whole 
contour L is equal to the sum of the integrals taken in the same 
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direction over the contours L, and L, bounding the domains D, 
and D,. 

Proof. Let the domain D be bounded by the closed curve L shown 
as the line AECBA in Fig. 194 and the domains D, and D, by 
the lines L, and L, shown, respectively, as AECA and ACBA. 
We apparently have 


{ Pdx+Qdy= | Pdx+Qdy+\ Pdx+ Qay 
(e AEC CA 

and 
( Pdx+Qdy= | Pdxt+Qdy+ | Pdx+Qdy 
L; AC CBA 


The integrals over CA and AC are taken along one and the same 
line but in the opposite directions, and therefore their sum is 
equal to zero. Finally, on adding the last 
two equalities termwise we obtain 


| Pdx+Q dy -+- ( Pdx+-Qdy= 





Ly 2 
= | Pdx4-Qdy+ | Pdxt+Qdy= 
AEC CBA 
= | Pdx+ Qdy 
L 


Fig. 194 


which is what we set out to prove. 

This theorem obviously remains true for any number of subdo- 
mains the domain D is split into. 

140. Green’s! Formula. In this section we shall prove Green’s 
theorem which provides a formula connecting a line integral over 
a closed contour with a double integral over the domain bounded 
by the contour. This formula will play an important role. 

Theorem. If the functions P(x, y) and Q(x, y) are continu- 
ous together with their partial derivatives in a closed bounded 
domain D then 


\{ (32 —F) ax dy=| Pdx+Qay (*) 
D L 


where ZL is the boundary of the domain D and the integration 
along L goes in the positive direction. ? 


1 Green, G. (1793-1841), an English physicist and mathematician. 

* More precisely, we shall suppose that the functions P and Q and their 
partial derivatives are defined and continuous in a wider open domain G con- 
taining the closed domain D. In what follows we shall essentially use this 
condition. 
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Relation (*) is known as Green's formula. 

Proof. Let us begin with a domain Din the plane Oxy bounded 
by a curve L having at most two common points with every 
Straight line parallel to Ox or to Oy (Fig. 195). We shall 

transform the double integral /= 


= {(=ee dxdy by integrating 
D 

first with respect to y and then 

with respect to x, which yields 


b Ys OP (x ' 
= Y 
I= dx | = dy 

a U(x) 





where y=y,(x) is the equation of 
the arc ABC and y=y, (x) that 


Fig. 195 
of the arc AEC. On performing the inner integration we obtain 


Ys (x) b 


b 
J=\ P(x, y)| de=J {P[x, x (x)J—P[x, ys (Ide 


Y1(*) 
b a 
= § Pix, y, (x)]de+ | P(x, y, (x)] dx 


(we interchanged the limits of integration in the last integral 
which resulted in the change oi sign). 


The first integral is nothing but the line integral \ P (x, y) dx, 
ABC 
and the second is the line integral \ P (x, y)dx. The sum of 


CEA 
these integrals is the line integral of P with respect to x taken 
round the whole contour L in the negative direction. Consequently, 


ge =e “ 
\\ ge dxdy=—| Pax (**) 
Similarly 7 ° 
ag do %3(y) 90 a 
[Vspaxdy— [dy | Pax {10l%W). v1 Ol W) she 
¢ Xqly c 


where x=x,(y) and x=-x,(y) are, respectively, the equations of 
the curves EAB and ECB written in the form solved in x. Argu- 
ing as in the former case we conclude that 


((Bardy= | Qe y)dyt+ | Qe. ndy 
D ECB 


BAE 
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The sum of the integrals on the right-hand side of the last equa- 
lity can be replaced by one integral over the whole contour L 
this time taken in the: positive direction: 


(\ eaxdy=Qdy co) 
L 


D 


Finally, on subtracting termwise equality (**) from equality (***) 
we receive 


i) (3-3) dedy— |\ Pdx+Qdy 


which is what we had to prove. 
Formula (**) also remains valid in the case of a domain depic- 
ted in Fig. 196. In this case the computation of the double in- 


tegral (( 2 dxdy leads (in the notation 


D 
of Fig. 196) to the sum of integrals 
( Pdx+ | Pdx, The integrals | Pdx 
A,C, CyA, C,Cy 
and ( P dx are equal to zero since C,C, 
AiAy 
and A.A, are vertical line segments for 
which x=const, dx=0. Adding these 
integrals to the above sum we again Fig. 196 


arrive at the integral —{ P dx where L is the contour A,C,C,A,. 





L 

Similarly, formula (***) is also applicable to domains whose 
boundaries involve line segments parallel to Ox. 

If a domain D bounded by a contour L is of a more compli- 
cated shape than those discussed above, it can usually be divided 
into a finite number of subdomains to which fotmulas (**) and 
(***) apply. Hence, we can write down Green’s formula for each 
of the subdomains. Then, if we add together the resulting equali- 
ties the sum of the double integrals is equal to the double inte- 
gral over the entire domain D while, according to the theorem 
proved in Sec. 139, the sum of the line integrals over the con- 
tour bounding the subdomains is equal to the line integral over 
the contour L. Therefore Green’s formula is valid for a domain 
of this kind as well. For the general case, when it is only known 
that the contour L bounding the given domain D is a piecewise 
smooth’simple closed curve, the proof involves more sophisticated 
considerations, and we shall not present them here. 
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141, Conditions for a Line Integral Being Path-independent. As 
was mentioned in the solution of Example 1, Sec. 1389, fora 
given integrand and given initial and terminal points, the line 
integral 


J P(x, y)dx+ Q(x, y)dy () 


may depend on the shape of the curve L joining these points. In 
this connection it is natural to pose the question what are the 
conditions guaranteeing the independence of integral (*) of 
the choice of the path of integration and 
its dependence only on the initial and ter- 
minal points of the path? When the latter 
property takes place we say that the line 
integral is path-independent. 

From the point of view of mechanics, 
the path-independence of integral (*) in 
the case when P (x, y) and Q(x, y) are the 
projections of a force field F = P (x, y) i+ 

Fig. 197 +-Q (x, y)j means that the work of this 

field does not depend on the shape of the 

trajectory of motion and depends solely on its initial and terminal 

points. As is known from physics, the work performed in the motion 

in the field of gravitation is independent ae the form of the path; 

the solution of the general question posed here makes it possible 

ene this problem for other, more complicated, force 
elds. 

We shall begin with proving a simple auxiliary proposition 
which allows us to reduce this question to another Et ies whose 
solution can be obtained on the basis of the results of Sec. 140. 


For the sake of brevity, we shall denote the integral | P (x, y)dx + 
£ 


-+ Q(x, y)dy by the symbol /,. 

Lemma. For line integral (*) to be independent of the path of 
integration it is mecessary and sufficient that this integral taken 
over any closed contour be equal to zero. 

Proof. Suppose that it is known that integral is path-indepen- 
dent; we shall prove that this integral, when taken over any clo- 
sed contour, is equal to zero. Let us choose an arbitrary closed 
contour L. Mark two points B and C on it (see Fig. 197). Since, 
by the hypothesis, the integral along the arc BMC is equal to 
that along the arc BNC, i.e. 


!pmc=! ane 
the integral over the whole contour L is 





L,=lenctloma =! ence! auc=9 
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Conversely, let it pe known that integral (*) turns into zero 
for any closed contour; we must show that in this case it is path- 
independent. To this end, we choose two arbitrary curves BMC 
and BNC joining two given points B and C (see again Fig. 197). 
According to the hypothesis, the integral over the closed con- 
tour BNCMB is equal to zero: 


l ancma = 9, 1.e. lanct/l cmp = 09 
It now follows that 
! amc=— eng =! BNc 


The Jemma has thus been completely proved. 

Now we proceed to the basic theorems of our investigation (be- 
forg studying these theorems the reader should recall the defini- 
tion of a simply connected domain stated in Sec. 107, III and the 
subject matter of Sec. 115). 

Theorem I. Let the functions P(x, y) and Q(x, y) be conti- 
nuous together with their partial derivatives in a simply connec- 
ted domain D. Then, for the line integral 


J P(x, 9) dx-+-Q (x,y) dy (*) 


to be independent of the path of integration lying within the 
domain D it is necessary and sofficient that for all the points of 
the domain D the condition 


i 
a **) B 


dy Ox 
should hold. 


If the functions P and Q pos- 


sess these properties for any x D D 

and y, the domain D coincides | 

with the entire plane Oxy. (a) (6) 
Proof. According to the above Fig. 198 


lemma, the condition that integ- 

ral (*) is path-independent is equivalent to the condition that it 
turns into zero for any closed contour lying entirely within the 
domain D. 

Let us prove that condition (**) is sufficient for integral (*) 
over any closed contour to be equal to zero. Take an arbitrary 
closed contour L* bounding a domain D* and lying entirely inside 
the domain D (see Fig. 198a). Applying Green’s formula to this 
contour we obtain 


\ Pdx+Qdy = \\ (32-3) dx dy 


494 Ch. 1X. Line and Surface Integrals. Field Theory 


141. Conditions for a Line Integral Being Path-independent. As 
was mentioned in the solution of Example 1, Sec. 139, for z 
given integrand and given initial and terminal points, the line 
integral 


J P (x, y)dx-+ Q (x, y) dy (*) 


may depend on the shape of the curve L joining these points. In 
this connection it is natural to pose the question what are the 
conditions guaranteeing the independence of integral (*) of 
the choice of the path of integration and 
its dependence only on the initial and ter- 
minal points of the path? When the latter 
property takes place we say that the line 
integral is path-independent. 

From the point of view of mechanics, 
the path-independence of integral (*) in 
the case when P (x, y) and Q(x, y) are the 
projections of a force field F =P (x, y) 1+ 

Fig. 197 + Q(x, y)j means that the work of this 

field does not depend on the shape of the 

trajectory of motion and depends solely on its initial and terminal 

points. As is known from physics, the work performed in the motion 

in the field of gravitation is independent of the form of the path; 

the solution of the general question posed here makes it possible 

ene this problem for other, more complicated, force 
fields. 

We shall begin with proving a simple auxiliary proposition 
which allows us to reduce this question fo another problem whose 
solution can be obtained on the basis of the results of Sec. 140. 


For the sake of brevity, we shall denote the integral ( P (x, y)dx + 


£ 
+ Q (x, y)dy by the symbol /,. 

Lemma. For line integral (*) to be independent of the path of 
integration it is mecessary and sufficient that this integral taken 
over any closed contour be equal to zero. 

Proof. Suppose that it is known that integral is path-indepen- 
dent; we shall prove that this integral, when taken over any clo- 
sed contour, is equal to zero. Left us choose an arbitrary closed 
contour L. Mark two points B and C on it (see Fig. 197). Since, 
by the hypothesis, the integral along the arc BMC is equal to 
that along the arc BNC, i.e. 


I pmc=!anc 
the integra] over the whole contour L is 





Tp=Tpyctl ems =! ance—!lamc=9 
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Conversely, let if oe known that integral (*) turns into zero 
for any closed contour; we must show that in this case it is path- 
independent. To this end, we choose two arbitrary curves BMC 
and BNC joining two given points B and C (see again Fig. 197). 
According to the hypothesis, the integral over the closed con- 
tour BNCMB is equal to zero: 


Ipncmp=9, 1. Lpyct+l omg =9 
It now follows that 
! amc= — (cong =! Ne 


The Jemma has thus been completely proved. 

Now we proceed to the basic theorems of our investigation (be- 
fore studying these theorems the reader should recall the defini- 
tion of a simply connected domain stated in Sec. 107, I[f and the 
subject matter of Sec. 115). 

Theorem I. Let the functions P(x, y) and Q(x, y) be conti- 
nuous together with their partial derivatives in a simply connec- 
ted domain D. Then, for the line integral 


\ P(x, y)dx+-Q (x,y) dy (*) 


to be independent of the path of integration lying within the 
domain D it is necessary and sufficient that for all the points of 
the domain D the condition 


L 
- se (**) % 
ry x 
should hold. 


If the functions P and Q pos- 


sess these properties for any x D D 

and y, the domain D coincides 

with the entire plane Oxy. (a} (6) 
Proof. According to the above Fig. 198 


lemma, the condition that integ- 

ral (*) is path-independent is equivalent to the condition that it 
turns into zero for any closed contour lying entirely within the 
domain D. 

Let us prove that condition (**) is sufficient for integral (*) 
over any closed contour to be equal to zero. Take an arbitrary 
closed contour L* bounding a domain D* and lying entirely inside 
the domain D (see Fig. 198a). Applying Green’s formula to this 
contour we obtain 


\ Pdx+Qdy = \\(a— ay) dxdy 
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Since, by the hypothesis, Bas, the double integra) is equz 
to zero. Consequently, the line integral over the contour L* {s 
also equal to zero, which is what we set out to prove. 

Now we proceed to prove the necessity of condition (**). Herre 
we suppose that integral (*) over any closed contour is equal ts 
zero. Then the application of Green’s formula shows that th: 


double integral of OQ OF over any domain G contained inside D 


0 
} OX doy 
is equa! to zero: 


({(B-B)eweo oy 


Suppose that the equality ea 5 does not hold. Let Af bez 


point at which this equality is violated. Consider the difference 
o@_ OP and suppose that it is positive at the point M:? 


ox oy 
OQ OP 
(a —s) rica 


By the hypothesis that the partial derivatives are continuous, 
it follows that the difference 2% retains sign in a sufficiently 
smal] neighbourhood ‘of the point M. Let us take an open do- 
main G belonging to this neighbourhood and containing th: 
point M (see Fig. 1985). Then we have 


for all the points of G. Therefore the well-known property oi 
double integrals (Sec. 129) implies that 


JE) ear>o 


which contradicts equality (***). This indicates that the assump- 
tion that condition (**) is violated is not true, that is, we have 
fae for the entire domain D. The proof of the theorem has 
been completed. ; 

The reader has undoubtedly recalled that the condition nas 
involved in this theorem was dealt with in Sec. 115; as was said, 
in the case of a simply connected domain this condition is neces- 


1 Jt is seen from the course of the proof that the case za), <6 
can be treated similarly. , 


§ I. Line Integrals 497 


sary for the expression P(x, y)dx+Q (x, y)dy to be the total 
differential of a function u(x, y). As to the sufficiency of this 
condition and the method for finding the function u(x, y), they 
were only established for domains of a special class: rectangles 
with sides parallel to the coordinate axes and their extensions to 
unbounded domains of the type of a strip, a quadrant and a half- 
plane. Now we are going to elaborate the proof of the sufficiency 
theorem stated in Sec. 115 for the general case. 

Theorem II. If the functions P(x, y) and Q(*, y) and their 
partial derivatives are continuous in a simply connected domain D 


and the equality le holds for ail its points the expres- 
sion P(x, y)dx+Q(x, y)dy is a total differential. 
Proof. Consider the line integral | P(x, y)dx + Q (x, y) dy along 
L 


a curve L lying in the domain D and connecting a fixed point 
M,(Xe, ¥,) to the variable point M (x, y). According to Theorem I, 
this integral is path-independent and, jor the fixed initial point M,, 
it depends solely on the terminal point M (x, y), that is, on its 
coordinates x and y. Thus, this 

line integral is a function of the y 
variables x and y, which we 
write as 





Kit) 4fc+dzy) 
I(x, y= 

(x, y) 

a { P (x, y)dx-+Q (x, y) dy i 

(x2, U4) 

The shape of the line joining the 
points M, and M _ is inessential 
here, and therefore it is not in- Fig. 199 

dicated in the nofation. 

Let us prove that the total differential of the function / (x, y) 
is equal to the element of integration Pdx-+-Q dy (this is analo- 
gous to the fact that the derivative of a definite integral with 
variable upper limit of integration with respect to that limit is 
equal fo the integrand). Let us compute the derivative /2(x, y). 
The partial increment A,/ (x, y) is given by the formula 


(r+A4x, 9) (x, y) 
AJ=1(x+hx,y)—Iy= § PdxtQdy— | Pdx+Qdy 
(Xs, Ue) (Ze, Ye) 


If the second integral on the right is taken along an arbitrary 
line M,M (see Fig. 199; the shape of this line is inessential) then 
the first integral is representable as the sum of the integral ta- 
ken over the same line M,M and the integral along the line 


32—228G 
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segment MM, lying on a straight line y=const. This represents. 
tion is allowable since both integrals do not depend on the path 
of integration. The integrals with opposite signs over the curve Af,\! 
cancel out, and the latter equality takes the form 


(xt Ar, y) 
AJ= § P(x, y)dx+Q (x,y) dy 


(x, y) 


In this integral the integration is carried out along a line seg. 
ment parallel to the axis of abscissas and, as was mentioned co: 
p. 487, the line integral reduces to an ordinary definite ir- 
tegral: 

x-Ax 


A,/= ( P(x, y)dx 


where y is considered constant in the integration process. Apgply- 
ing to this integral the mean-value theorem and dividing both 
sides by Ax we get 
Ref PG, OO _ Pee, y) where €€(x, x+Ax) 
If Ax—+0 the point (&, y) tends to the point (x, y), and, sinz 
the function P(x, y) is continuous, we have P(E, y)—+P(zx, v). 
Therefore the left-hand side of the equality also has a limit, a: 
Ax—+0, which is nothing but the partial derivative J;(z, 1): 
AI al 


spey Be ae % 8) 


The relation /,(x, yy=Q(x, y) is proved completely analogously. 

Thus, we have found the partial derivatives of the function 
I(x, y); they are continuous, and hence, by the theorem in 
Sec. 111, the function /(x, y) is differentiable, and its tota! 
differential is 


dij =P (x, y)dx+Q (x, y)dy 


which is what we intended to prove. 

Now, summing up the results of our study, we can say thet ii 
the domain D is simply connected and the functions P(x, y) and 
Q (x, y) are continuous in this domain together with their partial 
derivatives the following four conditions are equivalent (that is, 
each of them implies the other three): 


1. The line integral ( Pdx-+Q dy taken round any closed coutour 
L 
lying entirely inside the domain D is equal to zero, 
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2. The line integral | Pdx+Qdy does nol depend on the path 


L 
of integralion joining two fixed points. 
3. The expression P{x, y)dx+Q (x, y)dy is a tolal differential. 


4, Al every point of the domqin D the equality == is ful- 


Ox 

filled. 

The fourth condition is of particular importance since it is usu- 
ally applied in practice for checking the other three conditions. 

It was stressed that the domain D should be simply connected. 
It is natural to pose the question as to what situation occurs in 
the case of a multiply connected domain. It turns out that for a 
multiply connected domain the first three conditions remain equi- 


valent to each other, and each of them implies the equality 


Sas, but the converse does not necessarily hold since there 


are cases when the latter equality is fulfilled for all the points 
of a multiply connected domain while the other three conditions 
are violated. What has been said is confirmed by the following 
example. 

Example. Consider the expression 





FTF dx aR dy = 
Here we have 
pae—_4¥ OP _ Py Oy? y—x? 
xt ye? dy (x*-+ y*)* (x° +- y*)* 


Q x OQ x?-+-y?— 2x? y* —x? 


“FER ae LRP a EyP 
The functions P(x, y) and Q(x, y) and their partial derivatives 
are everywhere continuous except at the origin, and the equality 
T= is fulfilled. Therefore in any simply connected domain 
not containing the origin the other three conditions are also ful- 
filled. In particular, if L is a closed contour not encircling the 
origin (and, of course, not passing through it) we have 
=| ieee ne 


AE 


vy? 


The situation changes sharply if we take the annulus shown in 
Fig. 200 which is a doubly connected domain not containing the 
point O(0, 0) (the radius r, can be arbitrarily small and the 
radius r, arbitrarily large). It is clear that the fourth condition 
holds throughout the annulus. Let a circle of radius R where 


32* 
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f,<R<r, be specified by the parametric equations x=Rcaosf, 
y=Rsint. The integral over this circle is equal to 
‘(—Rsint(—Rsint)+Rcost-Reost,, _( 
—_— Sin — sin COS i-k& COS 
R? cos? ¢ +-R2 cos? ¢ dt ={ dt = on 
0 
We thus see that there are closed contours within this annulus 
for which the integrals taken round them are nonzero. Fig. 200 


also clearly indicates that /,+/_,= 
=2n, and, since /_,=—J,, we have 


I,= [,,+2n 


This means that the integrals over the 
contours L, and L, joining the points M, 
and M have different values. 

A more complicated situation arises 
in connection with the third assertion. 
It turns out that there is no single-va- 
lued function whose total differential 

Fig. 200 is equal to the given expression. This 
can readily be shown if we pass to po- 
lar coordinates. Then we receive 





firs 
“A 


x=rcosg, y=rsing and dx=cosgpdr—rsingdg, 
dy=sin pdr-+rcospdp 


and the given expression is transformed as 


— ydx-+x dy 
xP ¥? 


This shows that it is equal to the total differential of the polar 
angle m as function of the Cartesian coordinates x and y, and 
the question is for what domains it is possible to separate one- 
valued branches of this function. As is well known, this function 
is not one-valued since for any given x and y it has infinitely 
many values differing from each other by integer multiples of 2z. 
If we take a simply connected domain not containing the origin 
it is possible to separate single-valued branches of the function 9. 
For instance, such a branch can be chosen by setting an interval 
of variation of @ of length 2n of the type 0<p<2a or 
—nr<gp<cn, etc. But in the annulus we deal with it is impos- 
sible to construct a single-valued branch of the function gq. For, 
when the variable point M traverses counterclockwise a circle 
lying within the annulus and having its centre at the origin, the 
magnitude @ varies continuously and gains an increment of 2a 
as the point M returns to the initial position (this increment is 
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exactly equal to the value of the integral of the given expression 
taken over that circle). 

The questions discussed here are investigated more thoroughly 
in the theory of functions of a complex argument. 

142. Integrating Total Differentials. Primitive. We shall consider 
the line integral 


S P(x, y)dx+Q (x, y)dy (*) 


under the assumption that all the conditions enumerated in 
Sec. 141 are fulfilled: the contour L belongs fo a simply connec- 
ted domain D in which the functions P(x, y) and Q(x, y) and 
their partial derivatives are continuous and the condition os 
holds. Then the value of integral (*) only depends on the position 
of the initial and terminal points of the path of integration; as 
was agreed, in this case we write the integral in the form 


(Xs. Yr) 
Pix, ydxt Q(x, gay 

(Xo, Yo) 
where (X, y,) are the coordinates of the initial point of the con- 
tour of integration and (x,, y,) those of the terminal! point. Now, 
what is the most convenient way of 
computing such an integral? It may 
seem that the simplest way is to in- 
tegrate along the line segment conne- 
cting these points but this is not 
so. We shall make use of the remark 
on pp. 487, 488 and take as the path of 
integration the broken line M,M,M, 
(or M,M,M,) shown in Fig. 201 
whose segments are parallel to the Fig. 201 
coordinate axes. Since we have y=y, 
and dy=0 for the segment M,M, and x=x, and dx=O for the 
segment M,M, the integral is represented in the form 





(%1, Ys) x Vs 
( P(x tde+Q (x, y) dy =\ P(x, yo)dx+§ Q(x, y)dy 
(Xo, Ho Xo Yo 


Let the reader write down a similar integration formula for the 
broken line M,M,™,. 

If it turns out that the broken lines M,M,M, and M,M,™, 
fall outside the domain D where the conditions of the basic 
theorem are fulfilled (see Fig. 202) we can choose another path 
of integration of this kind, for instance, such as the broken line 
M.M,M.M,. 
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Example. Let us compute the integral 
(2, 1) 
j= ( 2xy dx + x*dy 
(0, 0) 
In this example the element of integration turns into zero on 
any line segment lying on the axis of 
abscissas, and hence we have 


] 
[= \ 2dy=4 
0 


Now let us consider an integral with fixed 
initial point M, (x,, y,) a'.d variable ter- 
Fig. 202 minal point M (x, y): 





(x, ¥) 


I(x, y= \ P(x, y)dxt+Q(x, yay (") 


(Xo. Yo) 


Let the points M, and M, together with the contour of integra. 
tion, belong to a simply connected domain where all the condi- 
tions enumerated at the beginning of the present section are ful- 
filled. The value of this integral depends solely on the coordinates 
of the terminal point M (x, y) and thus is a function of x and y, 

Under the conditions stated the element of integration 
P(x, y)dx+Q (x, y)dy is a total differential, and there is an 
infinitude of functions of two variables for which the given exp- 
ression is the total differential; all these functions are described 
by the formula u(x, y)-+C where u(x, y) is one of these functions 
and C is an arbitrary constant (see Sec. 115). Every such function 
will be called a primitive of the total differential Pdx-+Q dy. 
According to the theorem II of Sec. 141, the function / (x, y) is 
also a primitive of Pdx+Q dy; hence, 

I(x, y)=ulx, y+ 

The arbitrary constant C is readily found from the condition 
I (Xo, Yo) =O: this yields u(x, y,) +C=0, and thus C=—u(x,, y,). 
Therefore 

(x, y) 
I(x, y= S Fed Jy) dx + Q(x, y) dy =U (x, y)—U (or Wr) 
(¥o» Yo 

The formula obtained is an analogue of the Newton-Leibniz for- 
mula for a line integral of a total differential. This formula can 
of course be applied to finding line integrals of total differentials 
but more often it is used for determining the primitive u(x, y) 
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itself. Such a function is determined to within an arbitrary con- 
stant summand, and therefore the constant term u(x), Yo) is usu- 
ally included into that arbitrary constant. This results in the 
formula : 
(Xo, Y) 
u(x, y= \ P(x, yydx+Q(x, y)dy+C 


{X, Yo) 


for finding the primitive u(x, y) in any simply connected domain. 

In the particular case of a domain of rectangular form treated 
at the beginning of this section the integration can always be 
taken along line segments parallel to the axes of coordinates (as 
shown in Fig. 201); in this case we receive the following two 
equivalent formulas for computing w(x, y): 


x y 
( P(x, y)dx+) Q(x, y)dy+C 
Xo Yo 
u (x, y) ae x ¥ (***) 
(P(x, y)dx+! Q(x, y)dy+C 
Xo Yo 


lf we put C=O in both formulas we obtain the function 
u(x, y) vanishing at the point (x, yp). 

In practical calculations the initial point (x,, y,) should be 
chosen so that the element of integration becomes as simple as 
possible. 

Formulas (***) were already derived by means of some other 
techniques in Sec. 115, I. 

Example. Let us find the primitive u(x, y) for the total diffe- 


rential 
(e% +- x) dx + (xeY ~ 2y) dy 
Taking the origin as the initial point we obtain 


x 


y 
u(x, Y= { (L-+-x)dx-+ \ (xe¥— 2y)dy+C= 
0 


0 
_ (+4) 
2 





tery) + C= SE 4 rev x—yt $C 
Denoting ete by the same letter C we finally receive 
ut (x, y) = 54x07 +C 
This example was already investigated in Sec. 115, I; let the 
reader compare both methods of the solution. 


143. Line Integrals over Space Curves. Up till now we 
dealt with line integrals of functions of two independent variab- 
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les x and y taken along paths of integration lying in the plane Ox. 
Now we proceed to consider line integrals of functions of three 
variables. From the point of view of physics such an integral can 
be interpreted as the work of a spatial force field in the motion 
of a material point in that field. We shall consider stationary 
fields; the forces of a field of this kind are time-independent. 
Such a force field is described by a function F(x, y, z) or, equi- 
valently, is specified by the projections of the force on the coor 
dinate axes, these projections also being functions of x, y and 
z. This can be written as 


F=P(x, y, z)it+Q(x, y, z)j+R(x, y, zk 
Arguing by analogy with Sec. 138 we arrive at the expression! 


| P(x, y, z)dx+Q (x, y, z)dy+R(x, y, z)dz (*) 
L 
of the work of the field along a space curve L connecting an ini- 
tial point B with a terminal point C. In what follows, abstrac- 
ting from the physical meaning, we shall understand P, Q and R 
as arbitrary continuous functions of three variables. The integrals 


| Pdx, | Qdy and { Rdz are, respectively, termed line integrals 
L i 


with respect to the coordinates x, y and 2z (integral (*) is also 
called a line integral of the second type over a space curve). 
Let ZL be a smooth curve specified by parametric equations 


x=x(t), y=y(t) and z=z/(t) 


the value of the parameter ¢ corresponding to the initial point B 
being ¢, and that corresponding to the terminal point C being 
te. Then integral (*) is transformed into an ordinary definite 
integral with respect to the variable f: 


| P(x, y, z)dx+Q (x, y, 2z)dy+R(x, y, 2dz= 
L 


be 
+Rix(t), y(t), 2(] 2" (O} at 


Let the reader derive from this general formula the particular 
formulas for the cases when the curve L is a line segment pa- 
rallel to one of the coordinate axes. 

For the integral over a space curve of type (*) there is also a 
close connection between the condition of path-independence and 
the condition that the element of integration is the total difle- 


2 Let the reader carry out the corresponding calculations. 
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rential of a function of three arguments (see Sec. 115, If). To 
state the corresponding theorems we introduce the definition of a 
siinply connected spatial domain: 

A three-dimensional domain Q is said to be simply connected if 
for any piecewise smooth (spatial) simple closed contour L belonging 
to the domain Q there is a surface “pulled over” that contour (t.e. 
having this contour as its boundary) lying entirely within the 
domain Q.1 In other words, this means that any closed contour 
lying inside the domain Q can be “contracted” to a point without 
leaving the domain. Examples of simply connected spatial domains 
are a polyhedron, a ball, the interior of an ellipsoid, etc. A sphe- 
rical shell (i.e. a domain bounded by two concentric spheres) is 
also simply connected. There also exist unbounded simply connec- 
ted spatial domains such as a Aalf-space (i.e. an infinite part of 
space lying on one side of a given plane), the exterior of a sphere, 
a plane tayer (i.e. a part of space between two parallel planes) 
and the like. An example of a not simply connected domain is 
the interior of a torus (anchor ring; see Fig. 124). Indeed, a torus 
is generated by the rotation, in space, of a circle about an axis 
in its plane but not cutting the circle, and the closed path traced 
by any point of the rotating circle cannot be contracted to a 
point without leaving the torus. 

Theorem. Let functions P(x, y, 2), Q(*, y, z) and R(x, y, 2) 
of the variadles x, y and z be continuous together with their 
partial derivatives in a simply connected domain Q. Then the 
following four assertions are equivalent: 


1. The line integral | Pax + Qdy-+Rdz taken over any clo- 


L 
sed contour entirely lying within the domain © is equal to zero. 
2. The line integral \ Pdx-+ Qdy+Rdz is independent of 
ZL 


the path of integration connecting two given points. 
8. The expression Pdx-+-Qdy-+-Rdz is a total differential. 
4, At all the points of the domain Q the equalities 


oP 2Q_0R oR _aP (ny 
oy” Ox’ Oz” Op’ Ox” oz 
take place. 


The proof of this theorem is analogous to that of the corres- 
ponding results for the case of an integral over a plane curve, 
and we shall not present it here (this proof is based on a special 
generalization of Green’s theorem known as Stokes’ theorem; the 
latter will be studied in Sec. 148). 


1 Another type of “connectedness” of a spatial domain (the so-called acyc- 
licity) will be defined in Sec. 155°. 
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We remind the reader that, as was shown in Sec. 115, Il, 
equalities (**) in the fourth assertion are sufficient for the expres- 
sion Pdx+Qdy-+Rdz to be a total difierential. But the sufficiency 
of these conditions and the method for determining a Junction 
u(x, y, 2) from its total differential were only established for 2 
rectangular domain of a special type. Repeating almost literally 
the argument of Sec. 141 we can derive the analogue of ths 
Newton-Leibniz formula 


(x, Y. 2) 


\ Pdx+Qdy+Rdz=u(x, y, 2)—u (xy, Yo. 21) 
(Xo, Yor 20) 

and the formula for finding the primitive u(x, y, z) in any simply 
connected domain: 

(x, H, 2) 
u(x, y, z)= ( P (x, y, z)dx+Q (x, y, z)dy+R (x, y, z)dz+C 

(79. Yor 20) 
where M,(x, Yy Zo) is a point belonging to the domain 2 andC 
an arbitrary constant. 

To compufe u(x, y, z) it is most 
convenient to take as the contour of 
integration a (spatial) broken line with 
segments parallel to coordinate axes. Ii 
the domain @ is a parallelepiped of 
the type considered in Sec. 115, Il 
then, together with any points M, (x, 
Yo, 2) and M(x, y, z), it contains the 
entire rectangular parallelepiped shown 
in Fig. 203. 

Fig. 203 For example, let us take as the 

contour of integration the broken line 

M.M,M.M (Fig. 203). For M,M, we have y=y,, z=2z, and 

dy=0, dz=0; for M,M, we have z=z,, dx=0 and dz=0; 
finally, for M,M we have dx=0 and dy=O. Hence, 





x y 2 
u(x, Ys 2)=) P(x, Yo 2a)dx+) Q(x, y, 2)dy+| R(x, y,2)de4C 
*p Yo Zo 
Analogous formulas are obtained if the integration is performed 
along other edges of the parallelepiped forming a (spacial) poly- 
gonal line joining the point M, to the point M; in Sec. 115, Il 
we presented some other considerations leading to the same for- 
mulas. 
Example. Let us find the primitive for the total differential 


du = (2xyz+Iny)dx+ (72 + =| dy +- (x? —2z) dz 
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In this case conditions (**) are fulfilled for the half-space y> 0. 
As the initial point of integration we can choose, for instance, 
the point M,(0, 1, 0); this leads to 


V r4 
u(x, Y, z) = \ Xdy+ | (v'y—22)de +C=xIny +x y2—z?+C 
] 0 

Note that the origin (0, 0, 0) cannot be chosen as the initial 
point since it does not belong to the domain in question (the 
functions P and Q are not defined at the origin). In Sec. 115, 
If we applied another technique to solve this problem. 

144. Application of Line Integrals to Problems of Mechanics 
and Thermodynamics, 

I, Let us come back to the problem of computing the work of 
a field of force specified by an equation 


F=P(x, y, z)i+Q(, y, z)j+K (x, y, 2)k 
If the projections P, Q, R of the force F on the coordinate 
axes satisfy the conditions 
ap 9Q 0Q OR AR_ OP P 
“Oy ox’? dz Oy’ Ox dz (*) 
and the field is defined in a simply connected domain the work 
of this field is expressed by the line integral 


(P(x, y, z)dx4+-Q (x, y, z)dy+R(x, y, 2) dz 

L 
independent of the path of integration. Such a force field is called 
potential. The function u(x, y, z) for which the expression P dx-+- 
+ Qdy+Rdz is its total differential is called | 


the potential: of that field of force. Thus, in z 
accordance with the results of Sec. 148, we. can (Zy) 
say that the work in a potential field of forceis 

equal to the potential difference between the ini- mg 


tial and terminal points. 
Let us consider two simple examples. J 
(1) Field of gravitation. Let a material point Fig. 204 
of mass m move in a vertical plane under the 
action of gravitation. Take in this plane a Cartesian coordinate 
system with theaxis Oy directed vertically downward (Fig. 204), 
Then the projections on Ox and Oy of the force of gravity acting 
upon the mass point are, respectively, 


P(x, y)=0 and Q(x, y)=mg 


1 The potential is sometimes defined as —u(x, y, z). To distinguish bet- 
ween these approaches the term potential function is sometimes applied to the 
function u(x, y, z) but this terminology is not commonly used, and therefore 
in the translation of this book both terms are used synonymously.—7r, 
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where g is the acceleration of gravity. The functions P and Q 
being constant, conditions (*) are obviously fulfilled (the right-hand 
and the left-hand members both turn into zero). Consequently, 
the work performed in the motion of the material point from 2 
point M,(%o, y,) to a point M(x, y) is given by the integral 


(x, y) y 
A= | mg dy—mg \ dy =mgy = mey, 
(X¢, Ya Yo 
The work is positive if y>y,, i.e. if the point moves downward, 
and is negative if it moves upward. The potential function u(x, yj 
has the form 
u(x, yy=mgy+C 


The arbitrary constant C is usually chosen so that u(x, y)=0 
for y=0. Then the potential of the force 
of gravity is the function mgy. 

(2) Electrostatic field generated by a point 
charge. Let an electric charge +g be placed 
at the origin. Then the force E with which 
it acts upon the positive unit charge pla- 
ced af a point M (x, y, z) is determined by 
Coulomb's? law: 





JE|=4 
Fig. 205 where r=) x?-++y?-+ 2? is the distance from 


the point M to the origin (here Coulomb’s 
law is written for vacuum in the system of units CGSE). The 
direction of the force E coincides with that of the radius vector 


OM. Therefore (see Fig. 205), we have 


P=|E|-cosa=4 = 2 
Q=|E|-cosp=52=-% 
R=|E|-cosy=4 =F 
Now, taking into account that 
or x ¥ ay 


we easily find the derivatives of the functions P, Q and R by 
1 Coulomb, C. A. (1736-1806), a French physicist. 
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applying the differentiation rule for a composite function: 





OE eee as IE Oa ae 
Oy ~=—hl r* oy—® Kt r8 
etc. 
We see that wae. The reader can readily cheek that the 


other two conditions (*) are also fulfilled. These three conditions 
hold throughout the whole space except at the origin; the space 
with the point 0(0, 0) deleted is an unbounded simply connected 
domain, and thus the field in question is potential in that domain. 
Let us find its potential function u(x, y, z). To avoid Jengthy 
calculations note that 


P (x, y, 2)dx+Q (x, y, z)dy+ R(x, y, z)dz= 
Cag ee 
xdxtydytzdz Ox ay!" Gz dr a ( a) 
g r3 = r2 eae Pe r: , 


which means that the function —t+¢ serves as the sought-for 


potential. Choosing C so that the potential vanishes at infinity 
we obtain 

ee) en eee ee eee 
u(x, Yy, z)= r | Vx+y?+z2 
Hence, the work of the forces of the electrostatic field performed 
in the motion of unit charge from the point M, (x), Y, z,) to the 
point M (x, y, z) is given by the formula 


where r, and r are the lengths of the radius vectors of the points 
M, and M. Both charges being positive, the work is positive as 
the distance between them increases (r>r,) and negative as it 
decreases (r <r,). 

II. Let us proceed to apply line integrals to some problems of 
thermodynamics. 

In physics the state of a substance is understood as a collection 
of physical magnitudes completely specifying its physical proper- 
ties. In thermodynamics these magnitudes are usually the pressure p, 
the volume v and the absolute temperature T. Hence, in thermo- 
dynamics the state is specified by the values of these three mag- 
nitudes: p, v and 7. But they are connected by an equation (the 
so-called equation of state), and therefore the state is in fact 
specified by two quantities, for instance, by p and v, the third 
magnitude T being their function. 

Every state can be represented geometrically by a point M (p, v) 
in the plane Opv, and therefore every process in which the state 


510 Ch. 1X. Line and Surface Integrals. Field Theory 


of the substance changes is described by a curve in this plare 
termed the thermodynamical diagram of the process. lf the thermo. 
dynamical system returns to its initial state the process is termed 
a cycle, its diagram is a closed curve. 

Let us consider an ideal (perfect) gas, that is, a gas obeying 
the Mendeleev-Clapeyron equation of state: 


pu=RT (R=const) 


We pose the problem of determining the amount of heat Q 
absorbed (or rejected) by gas in the process represented by a given 
diagram L. Consider an arbitrary infinitesimal portion of the 
curve L from a point M(p, v) to a point M,(p+dp, v-+dv) de 
cribing “an infinitesimal” process, the amount of heat correspon- 
ding to this process being denoted AQ. By the first law of ther- 
modynamics, this amount of heat is expended on changing the 
internal energy of the particles of gas, that is, on changing the 
temperature by an amount dT, and on the work performed as the 
volume gains an increment dv. We can find the element dQ (the 
principal part of AQ linear with respect to dT and dv) assuming 
that the whole amount of heat transmitted to gas (or rejected by 
it) is the sum of the following two amounts: (1) an amount expen- 
ded on changing the temperature by d7 for constant volume 9 
and (2) an amount expended on the expansion dv of the gas for 
constant temperature 7. The former is equal to c,dT where c, is 
the heat capacity in an isochoric process (i.e. for u=const) of the 
volume v of gas and the latter is equal to pdu. 

Consequently, for the corresponding choice of unit measures, we 
obtain 

d’Q =C,adT + pdv 


where the prime- in the symbol d’Q indicates the fact that, as 
will be seen, this quantity is not a total differential. 

In accordance with the Mendeleev-Clapeyron equation we can 
write 


aT = x op +5 do 


On substituting this expression into the formula of d’Q we obtain 





d'Q = 2 vdp + 24 pao 


Let us discuss the physical meaning of the expression c,+R. 
For constant pressure p (dp =O) we find from the last two formulss 
that 


dT =~ do and d’Q= cyt R) Fd 
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that is, 
ad'Q =(c,+ R) dT 


whence it follows that the coefficient in dT is nothing but the 
heat capacity in an isobaric process (i.e. for p=const): 


C.+R=C, (*) 
(c, and c, are considered constant). 
Thus, ultimately, 
'Q =e ad 
d’Q= R Uap + p pdv 


To find the desired amount of heat Q it only remains to integ- 
rate the expression of d’Q along the diagram of the process L: 


Cy c 
Q= | vdo+ % pao 


In this case the conditions for path-independence of the integral 
are violated since 


0 [lo ,\_ ty 0d { &p __ &p 
a (%?) =F ale e)=# 
and, as follows from relation (*), c,+«c,. Thus, the magnitude Q 
essentially depends on the contour L, that is, Q is not a (single- 
valued) function of p and v. Our argument shows that the amount 
of heat absorbed (or rejected) by gas is not a single-valued function 
of the state and depends not only on the terminal state but also 
on the course of the process, or, in other words, on all the inter- 
mediate states leading to that terminal state. In particular, there 
may be absorption or rejection of heat in a cycle. 
There is a special magnitude, the so-called entropy, introduced 
in thermodynamics (denoted S) which is defined as the integral 


s=\ Fe 


where L is the diagram of the process. 
For an ideal gas 


c 
= =| feodp+ ge pdy 
L L 
and, since RT =pu, we obtain 


Cc 
S=\ 2 dp+2dy 
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The element of integration in the latter integral is a total diffe. 


rential because 
2 (s#)=2(2)=0 
Ov\ p} op\v/] 


Thus, the entropy is a (single-valued) function of the state of the 

gas; its magnitude is independent of the course of the process 

leading from a given initial state to a given terminal state. 
On integrating, we receive 


S =n Cp*vv'p 


If the process is adiabatic (this means that Q=const, d’Q=0 
and, hence, dS=0 and S=const) then 


p°°u'r = const 
or, equivalently, 
pvt = const 


where k= > 1. The latter relation is the equation of the die- 


Sh of an adiabatic process (the so-called adiabatic. curve) for an 
ideal gas. 

145. Line Integrals with Respect to Arc Length. Let f(x, y) be 
a continuous function in a plane domain D and let L bea smooth 
curve lying entirely in this domain. Break up the curve L into 
n parts, choose an arbitrary point (&,, n,) in each part and form 
the following integral sum: 


2 F (Ee, ip) As, (*) 


where As, is the length of the Ath part of the line L. The dis- 
tinction between this integral sum and that leading to the line 
integrals with respect to coordinates is that in the former the 
values of the function are multiplied by the lengths of the arcs 
into which the curve is divided while in the latter they are mul- 
tiplied by the projections of these arcs on the corresponding coor- 
dinate axes. 

Definition. The limit of integral sum (*), as # —- co and the length 
of the longest of the arcs into which the contour L is divided 
tends to zero, is called a line integral with respect to arc 
length (provided that the limit exists). 

(As was mentioned in Sec. 138, such an integral is also termed 
a line integral of the first type.) 
If this limit exists we write 


Lim BF Bas my) Asy= FF 9) 


L 


§ 1. Line Integrals 513 


The properties of the line integral with respect to arc length 
are completely analogous to those of the definite integral, and we 
shall not enumerate them here. The computation of a line integ- 
ral with respect to arc length reduces to the computation of an 
ordinary definite integral. The rules for this reduction being ana- 
logous to those stated in Sec. 139, we confine ourselves to stating 
the final result: 

The Computation Rule for a Line Integral with Respect to Arc 
Length. To transform a line integral 


\ F(x. y) ds 


over a curve L specified by parametric equations *=y7(f), 
y= y(t) to an ordinary definite integral one should put 


K=x(t), yoy(t), ds=V x"? (f)+-y"? dt 


in the element of integration and take the definite integral over 
the interval of variation of ¢ corresponding to the given path of 
integration. 

This general transformation rule for a line integral with respect 
to arc length implies the corresponding rules for the particular 
cases when the equation of the contour of integration is written 
as y=y(x) or x=x(y). In the former case we should put ¢=<x in 
the general formula and in the latter ¢=y. 

If L is a piecewise smooth curve it should be broken up into 
smooth parts, and the integral over the whole contours should be 
computed as the sum of the integrals over these parts. 

Example. Let us evaluate the integral 


{ yds 

L 
where L is the arc of the parabola y2=2x connecting its points 
(0, 0) and (4, V8). In this case it is convenient to represent the 
path of integration in the form of an equation solved with respect 


to x: xo, Then x’=y, and the given integral goes into 


ve 3 
= _U+9)2 (Ve _ 26 
Juds= (yVIF# dy = =F 


0 


Line integrals with respect to arc length are particularly con- 
venient for solving the problem of determining the mass of a ma- 
terial line L(see Sec. 86, III) if the linear density 6 is specified 
not as a function of the arc length of the line but as a function 
of the coordinates x and y of the moving point M of the line: 


33— 2280 
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5=6(x, y). Then the mass of the line is equal to (8 (x, y) ds 
L 
(let the reader justify this formula). 

Let us discuss a geometrical problem which is also readily 
solved with the aid of the line integral with respect to arc length. 
Let there be given a cylindrical surface G whose directrix is a 
line L in the plane Oxy and whose elements are perpendicular to 
that plane (Fig. 206). The problem is to compute the area Q of 
the part of the surface between the line 
L and a given curve L, on the same 
surface lying above L. The z-coordinate 
of the moving point M of the curve L, 
is a function of the coordinates of the 
variable point P of the line L onto 
which it is projected (see Fig. 206): 


z= f(x, 9) 


Let us take an infinitesimal element 

of arc length ds at an arbitrary point P 

Fig. 206 of the line L. The part of the surface 

in question corresponding to ds is sha- 

ded in Fig. 206. The principal part (proporticnal to ds) of the 

area of this surface element isthe area of the rectangle with base 

ds and altitude equal to the z2-coordi- 

nate of the corresponding point M of 

the curve L,. Hence, the differential dQ 
of the sought-for area is 


dQ =f (x, y) ds 


The integration of this expression over 
the line L results in 


Q=\ F(x, y)ds 
L 








Fig. 207 


Example. Let us determine the area 
Q of the lateral surface of the half of the elliptical cylinder 


Fh = l,y=0, z2>0, truncated by the plane z = y (see Fig. 207). 
We have 
Q= ( zds = \ yds 
L L 
where L is the arc of the ellipse ~4+£=1, y > 0. 


Let us evaluate the integral. The contour of integration is rep- 
resented parametrically as x=)Y5cost, y=d3sinf, and, conse- 
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quently, 
1 § wt 
Q=|3sint /9cos*f+5 sin? f dt =3 | sint VFcos*#+5dt 
0 0 
Putting cosf=.4u we find 
1 ! 
Q=3 \ V4u2+5du=6 { V4u?+5du 
= | 0 


Now, using Integral 34 (witha=2,b=)5) in the table of integ- 
rals at the end of the book we finally receive 


Q=3 E V iat B+5 In|2u+V au $6] = 3 (8+ 4 ins ) 
The definition of the line integral with respect to arc length 


(F(x, y, 2)ds 
L 


taken along a space curve is analogous to that stated for the 
case of a plane curve, and we shall not dwell on it here. 
It should be noted that the line integral 


\ Pdx+Qdy+Rdz 
L 


considered in Sec. 143 can always be written as an integral with 
respect to arc length. Indeed, according to the formulas given at 
the end of Sec. 68, we have 


dx=dscosa, dy=dscosf, dz=dscosy 


where cosa, cosf and cosy are the direction cosines of the tan- 
gent vector T to the curve L and ds is the differential of arc 
length; the direction of the vector T is specified by the chosen 
direction of integration along the line ZL. On replacing dx, dy 
and dz by their expressions we bring the given integral to the 
form 


| Pdx+ Qdy+Rdz = | (Pcosa+Q cos B+ Rcos y) ds 
i L 
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146*. Fluid Flux Across a Surface. The Surface Integral. 

We shall begin the study of surface integrals with considering a 
concrete physical problem. Suppose that there is a flow of fluid. 
The flow is said to be steady-state or stationary if the velocity of 
the particles of fluid flowing through any given point depends 


33% 
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solely on that point and is independent of time. Consequently, <i 
each point M(x, y, z) of the domain occupied by a steady-stet: 
fluid flow a velocity vector v(x, y, z) of the particles of fluid is 
specified or, in other words, a vector field of velocities of tt: 
fluid? is defined in this domain. The projections of the veelc: 
v(x, y, z) on the coordinate axes are functions of the coordinate 
of the point M, which can be written as 


v=P(x, y, z)i+Q(x, y, z2)I+R(%, y, 2)k 


We shall assume that the density of the fluid is constant en4, 
conditionally, equal to unity. Now we pose the problem of dete: 
mining the amount of fui? 
flowing in unit time through 
a given surface; it is of cour 
se assumed that the particles 
of the fluid can pass freely 
through that surface. This 
amount of fluid is called the 
flux of the fluid across th 
Fig. 208 given surface. 
Let us begin with the sin. 
plest case. Suppose that the 
velocity of the flow is the same at all the points: v=const. The flux 
of the fluid through the rectangle A,B,C,D, (see Fig. 208) placed in 
a plane perpendicular to the velocity v is equal to the product 
of the area of the rectangle by the magnitude of the velccity; 
hence, denoting this flux by K, we can write 


K=S, 8.00,|V| 


It is apparent that the same amount K of fiuid passes through 
the rectangle ABCD lying in a plane whose normal vector n forms 
an angle m with the velocity v (see Fig. 208). If the area of the 
rectangle ABCD is denoted S the relations D,C,=DC and 
A,D,=ADcos@ imply that S,5¢p,=Scosg. Therefore we have 
kK =S|v|cosp=Sv, 
where v, is the projection of the velocity v on the normal n. 
This formula applies not only to a rectangle but also to the flux 
K of the fluid across an arbitrary plane area whose normal forms 
the same angle m with the velocity v (see Fig. 209). If the area 
of such a plane figure is o the area of its projection on a plane 





1 The velocity field of a fluid flow is a concrete example of 2 general noticn 
of a vector field; another example of a vector field is a field of force which wes 
dealt with in Sec. 138 in connection with the problem of computing the work 
performed in the motion of a material point. The general theory of vector Eelds 
will be considered in § 3 of this chapter. 


§ 2, Surface Integrals 517 


perpendicular to the velocity v is equal to ocosqg.! If a plane 
area is perpendicular to the velocity of the flow the flux is equal 
to the product of the area by the magnitude of the velocity. 

Now we pass to the general case. Let there be a domain in 
hae a field of velocities of a fluid. flow is specified by a vector 
unction 


=P {x, Y, zvi+Q (x, Y, Zj+tR(x, g, z) k 


Take an arbitrary surface S. To determine the flux across this 
surface let us break up the given surface into n parts of arbitrary 
shape and denote by Ag,, Ao,, ..., Ag, 
the areas of these parts. Next we choose 





Fig. 209 Fig. 210 


an arbitrary point M,(x;, y;, z;)) om each part (Fig. 210). Con- 
sidering (approximately) each part as being plane and the velo- 
city of the fluid as being constant and equal to its value at the 
point M, within each part, we can write down an approximation 
to the fluid flow across the whole area: 


K,, = Ag, |v, | cos p, + Ag, |v, |cos@,-+...+Ao, |] v,,| cos p, = 
Rn 
ae Ao; |v; | cos 9; 


Here v, is the (vectorial) value of the velocity at the point M, 
and g; is the angle between the normal n, to the surface S at 
the point M; and the velocity vector v;. 

Noting that |v,|cosq; is the scalar product of the vector v, 
by the unit normal vector we shall transform this approximate 
expression. Let @;, B,; and y, be the angles formed by the normal 
n, with the coordinate axes (these angles depend of course on the 
point M,). Then the unit normal vector at the point M, has the 
direction cosines cosa;, cosB,; and cosy; as its projections. Conse- 
quently, 


| v,|cos @; = P;cosa;-+ Q, cos B;4- R, cos 
where P;, Q; and R; are the values of the corresponding func- 
1 The whole area can be thought of as being divided jnto a great number 


of small rectangles; since the formula is valid for every such rectangle it also 
applies to the whole area. 
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tions P, Q and R at the point M;. Therefore 
K,= 2 (P;cosa@;-}+- Q;cos B; + R,cos ¥;) Aa, (‘ 


Now, passing to the limit as n—+co on condition that ever 
elementary area Ao; contracts fo a point we obtain the true vel: 
of the fluid flux K: 


K=limK,=lim >) (P;cosa;+Q,cosB,;-+ R, cos) Ag, 
t=] 
This limit is written as 


{{ (P cosa+Qcosfh-+-Rcosy) do 
Ss 


and called the surface integral (over the surface S). The expressic-s 

P, Q and R and the direction cosines cosa, cos and cos~ in th 

element of integration are functions of the coordinates of th 

variable point M (x, y, z) of the surface S. In the particular cex 

when S is a part of a plane the direction cosines are constant. 
For the sake of brevity, we shall use the notation 


Pcosa+Qcoshi+Rcosy=j (M) 


where f (M) symbolizes a function of the point M on the surfece S. 

Now we proceed to the general definition of a surface integre! 
abstracting from the concrete conditions of the problem. Let § 
be a smooth surface and f(M) a continuous function of the vari- 
able point M of the surface. The function f(M) can be written 
as [ (x, y, 2) where x, y and z are the coordinates of the point M. 
Dividing the surface S into n parts as was done above we form 
the integral sum 


z i (M,) Ao; 


Definition. The limit of the integral sum as m—+oo and the 
diameter of each elementary part tends to zero is called an 
integral over the survace S (provided that the fimit exists). 

If this limit exists we write 


lim B FM dbo I F(M)do = [CF (, 9, 2) 


If, for instance, the function f(x, y, z) describes the surfece 
density of a mass distributed over the surface the integral is equal 
to the total mass of the material surface; if f(x, y, z) is a density 
of electic charge distribution the integral expresses the total charge 
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carried by the surface. In the particular case when [(x, y, z)=1 
the integral \\ do is simply equal to the area of the surface S.! 
Ss 


147*. Properties of Surface Integrals. The general idea of the 
definition of the surface integral is quite analogous to that of the 
definition of the double integra]. Therefore the assertions concer- 
ning the properties of double integrals enumerated in Sec. 129 
are extended without any essential changes to surface integrals of 


the form (\ f(M) do where {(M) is an arbitrary function defined 


on the surface S. But when the function f (M) is originally specified 
as f(M)=Pcosa+QcosB-+ Rcosy where P, Q and R are given 
functions defined on S and a, £8 and y are the angles formed by 
the normal to the surface S with the coordinate axes there appear 
some peculiarities which we are going to discuss here. 

Integrals of the form 


|| (Pcosa+Qcos 4+-Rcos y) do (*) 
s 

are connected with the notion of the flux of the vector field 
P= Pi+Qj+Rk across the surface S (this will be discussed in 
Sec. 152) whose special case is the fluid flux : 
considered in Sec. 146, and its peculiarities v 
are connected with some specific features of 
the physical problem leading to (*). 

The matter is that the normal to a surface 
has two possible directions (see Fig. 211). When 
we considered an approximation to the fluid 
flux through a given surface (Sec. 146) we 
tacitly assumed that all the normals n; were Fig. 211 
directed so that their tips were on one side 
of the surface S. In what follows we shall distinguish bet- 
ween the two sides of a surface S; this can be, for instance, 
thought of as one side of the surface S being painted red and 
the other side painted blue. Accordingly, we shall distinguish 
between the fwo opposite directions of the normal (shown as MN’ 
and MN” in Fig. 211). Consequently, when speaking of an 
integral of type (*) we should distinguish between the two integ- 
rals depending on the definite side of the surface over which the 
integral is taken (i.e. over the “red” or “blue” side). It is clear 


1 Here we proceed from an intuitive concept of area of a surface whose 
rigorous definition involves some sophisticated considerations and is dealt with 
in comprehensive courses of mathematical analysis. We do not state this defini- 
tion referring the reader to such courses. The formula for computing the*area 
of a surface specified by an equation z=f (x, y) will be given in Sec. 148. 


520 Ch. 1X. Line. and Surface Integrals. Fleld Theory 


that if the direction of the normal is changed to the opposite 
the direction cosines cosa, cosB and cosy change sign, which 
results in the change of the sign of the integral. Thus, integrals 
(*) taken over opposite sides of the surface S have different signs. li 
the element of integration (Pcosa-+QcosB-+Rcosy)do is, for 
brevity, again denoted by f(M), the latter remark is expressed 
by the relation 


JS F (4) do =— {I f (M) do (**) 


where +S and —S designate (conditionally) the two sides of the 
surface S. 
We stress that there are physical problems of two types leading 


to surface integrals ( F(M) do. In problems of one type the 


integrand f(M) is not connected with the direction of the normal 
to the surface S, and therefore the corresponding integrals do not 
depend on the choice of the side of the surface. Such are, for 
instance, the problems of finding the mass or the charge distri- 
buted over a surface with given density 6. In problems of the 
other type the function f (M) is of the form Pcosa@+Q cosB-+R cosy 
and essentially depends on the direction of the normal; for instance, 
this is the case in the problem of determining the fluid flux; it 
involves the integrand f(M)=Pcosa+Qcosfi-+Rcosy which isa 
linear function of the direction cosines of the normal. Therefore 
in the latter problems we must stipulate the side of the surface 
over which the integration is extended since the change of the 
side results in the change of sign of the integral}. 

In conclusion let us discuss again the physical meaning of the 
sign of surface integral (*) in connection with the computation 
of fluid flux across a surface S. Suppose that a definite direction 
of the normal to S is chosen. On different parts of the surface S 
the fluid can flow in different directions, that is, along the chosen 
normal or in the opposite direction. If the resultant flux K is 
positive the total amount of fluid flowing in the chosen direction 
exceeds that in the opposite direction, and if the flux is negative 
the former is less than the latter. 

Remark, In our discussion we meant that the surfaces in gues- 
tion were such that it was possible to distinguish between their 
two opposite sides. Surfaces of this kind are termed iuo-sided. 


1 The reader should note that a similar situation appears in the study of 
line integrals. For instance, the problem of finding the work of a force field is 
essentially connected with the direction of the tangent line to the contour of 
integration (drawn in the direction of motion) while the problem of computing 
the mass of a material line or of the area of a cylindrical surface (Sec, 145) is 
not connected with it. 
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If L is the boundary of a two-sided surface it is only possible to 
pass from one side to the other when L is intersected by the path 
of motion. But there also exist one-sided surfaces. An example of 
this kind is the so-called Mobius strip shown in Fig. 212. It can 
be obtained by taking a rectangular strip of paper and pasting 
its two opposite ends together after giving it half a twist (if they 
are pasted together without twist we obtain an ordinary cylindrical 
surface which is two-sided). It is easily seen that after we traverse 
the centre line of the Moébius strip the direction of the normal 
to the surface is reversed, which means that the surface is in fact 
one-sided. Hence, the Mébius strip cannot be painted so that its 
one side is red and the other blue! In what follows we shall always 
deal with two-sided surfaces. 


ALN eee: 
ri aT 
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Fig. 212 








If we have an integral (*) taken over a definite side of a sur- 
face S it satisfies condition (**). Hence, the theorem on splitting 
the surface of integration into parts should be stated for such 
integrals as follows: 

If the surface S is divided into parts S,, S,,..., S, and the 
directions of the normals to these parts are chosen so that they are 
coherent with the direction chosen for the entire surface S the integral 
over the entire surface is equal to the sum of the integrals taken 
over the parts: 


JS FCM) do =) F(Mdo+... +S) ;(M) do 


Ss Si }3 


We shall often encounter surface integrals of type (*) taken 
over closed surfaces. For an integral over a closed surface we should 
distinguish between the outer and inner sides of the surface of 
integration. The outer side is usually called the positive side and 
the inner side is called negative. For integrals (*) over closed sur- 
faces we can state the following theorem analogous to the theorem 
on line integrals over closed contours (see pp. 490, 491): 

Theorem. Let 2 be a spatial domain bounded by a closed sur- 
face S. If @ is broken up into mn parts with the aid of closed 
surfaces S,, S,, ..., S, the integral taken over the whole sur- 
face S (for instance, over its positive side) is equal to the sum 
of the integrals taken over the corresponding (i.e. positive) sides 
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of the surfaces S,, S,, «++, Sp: 


)\ £¢M) do= |§ F(M) doe |S frMydo+...4 5 F(M)de 


Ss S, Ss S, 


Proof. The right-hand side of this equality involves the integ. 
rations over both sides of each portion of the surfaces S,, S,, ...,5, 
lying inside the domain 9, and the sum of the corresponding 
integrals is equal to zero. Therefore there only remain the integrals 
over the parts of the boundary of the domain 9 whose collection 
forms the entire surface S. Hence, the sum on the right is equal 
to the surface integral over the whole surface S, which is what 
we intended to prove. 

148*. Evaluating Surface Integrals. Consider a surface integral 


i f(x, y, 2)do 
over a surface S specified by an 2 ae z=2(x, y). It is suppo- 
sed that the function z and the derivatives z, and z, are conli- 
nuous (such a surface is said to be 
smooth). 

We shall show that in this case 
the computation of the surface in- 
tegral over the surface S is redu- 
ced to the computation of a doub- 
le integral over the domain D 
serving as the projection of the 
surface S on the plane Oxy (Fig. 
213). 

Let us take an element of area 
dxdy of the domain D and consi- 
der the corresponding element of 

Fig. 213 area do of the surface S projected 

on the former. Next we draw the 

normal n to the element do so that the angle y between this nor- 

mal and the axis Oz is acute. We shall assume, approximately, 

that the direction of the normal n remains invariable within the 

area do, which means that the surface element do is approximated 

by a portion of the tangent plane to the surface drawn through 

the point of application of the norma]. Then, as was indicated in 
Sec. 146, we have 





cos ydo = ax dy 


According to the results of Sec. 119, the normal to a surface 
specified by an equation 
Z=2(%, y) 
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has the projections z;, z, and —1. Therefore, the cosine of the 
acute angle y between the normal and Oz is expressed by the 
formula 

I 


V itz +2) 
Thus, we have do=V1-+277-l 27?dx dy, and 


f(x, ¥, 2)do=f[x, y, z(x, y) ]Vi+22+2fdxdy 


It follows from the Jatter equality that the “summation” of the 
expressions on the left, that is, the integration over the surface S, 
is equivalent to the “summation” of the expressions on the right, 
that is, to the integration over the domain D: 


( S f(x,y, 2) do= \ flxey,.2(n yWVibepepdedy (* 


It may turn out that the given surface cannot be represented by 
an equation solved with respect to z but can be specified by an 
equation of the form y=y(x, z) or x=x(y, 2). Then, respectively, 
we can apply the same argument to the projections of the surface 
S on the plane Oxz or Oyz. If the acute angles formed by the 
normal to the surface with the axes Oy and Ox are denoted § and 
a we can write the formulas 


cos p= 


cosBdo = dxdz and cosado = dydz 


Let the reader derive the corresponding reduction formulas for the 
integral over the surface to the corresponding double integrals in 
the case of the equations y=y(x, z) and x=x(y, 2). 

If the entire surface S cannot be represented by one equation 
expressing one of the coordinates in terms of the others we should 
divide the surface into parts for which such a specification is 
possible (as a rule, a surface admits of such a division) and find 
the desired integral as the sum of the integrals over the parts. 

If the function f(x, y, z) in equality (*) is identically equal to 
unity we obtain the computation formula for the area of the given 
surface; denoting this area by the same letter S (used earlier for 
designating the surface itself) we can write 


S= i Vi zi + 23 dedy 


In this formula z=z(x, y) is, the equation of the surface and D 
is its projection on the plane Oxy. 

Example. Let us determine the area of the portion of the sur- 
face of the paraboloid of revolution 2z=x?+y* cut out by the 
cylinder x?-++ y?= RR’. 
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In this case we have z-=x and z,=y; therefore 
S=\\ Vier gy dxdy 
D 


where D is the projection of that portion of the given surface oz 
the plane Oxy; this projection is the circle of radius R and centre 
at the origin in the plane Oxy. On passing to polar coordinates 
we obtain 


ot 6 
ig (dg (Vitr rdr=S (1 +R)—]] 
Q Q 
Let us proceed to compute an integral of the form 


i [P (x, y, z2)cosa+Q (x, y, z)cosB+R (x, y, z)cosy]do 
S 
where cosa, cosB and cosy are the direction cosines of the norma! 
drawn to the side of the surface over which the integration is 
performed. 
The form of the integrand indicates that it is convenient {o 
evaluate this integral as the sum of the three integrals 


({ P cosa.da, if Qcosfido and ({ Rcosydo 
S Ss 5 
Let us begin with the integral 


{\ R(x, y, z)cosydoa 
S 


Suppose that the surface S is specified by an equation z=z (x, y), 
that is, has the form shown in Fig. 213. We shall distinguish 
between the upper side of this surface (i.e. the one to which the 
normal n in the figure is drawn) and its lower side. The angle + 
is acute for the upper side and, as was mentioned above, we have 
cos yda=dx dy. Consequently, 


R (x, Y, z) cos ydo=R [x, y, 2 (x, y)] dx dy 
and therefore 
iS ae a a y) Rix, y, 2(%, ydedy —(**) 


where D is the projection of the surface S on the plane Oxy. 
It is obvious that for the integral over the lower side of the 
surface we similarly obtain the expression 


ae R(x, y, 2(x, y\jdxdy 
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The other two integrals \{ Pcosado and ( { Q cosBdo are com- 


puted analogously. It should only be taken into account that in 
the formulas 
cosado=dydz and cosBdo=dxdz 


the angles a and B are understood as acute angles between the 
normal to the surface and, respectively, the axes Ox and Oy. 
Therefore, when resolving the equation of the surface with res- 
pect to x or y and passing to the corresponding equations 
x=x(y, 2) or y=y(x, z) we obtain the formulas 


Vf Q (x, Y, 2) cosB do = | { Q [x, y(2, x), 2]dxdz 


$ D 
and 


({ P (x, y, z)cosado= | P[x(y, z), y, zj|dydz 
S 


Ds 


for the integrals taken over the side of the surface S whose nor- 
mal is in the direction of Ox or Oy. These formulas are analogous 
to (**). If it is necessary to take the integral over the opposite 
side of the surface the signs of the double integrals in the last 
formulas should be changed to the opposite. The domains D, and 
D, in these formulas are, respectively, the projections of the sur- 
face S on the planes Oxz and Oyz. 


If, when computing an integral of the type \\ Pcosado, 
S 
\\ QcosB do or \\ Reos pda, we see that it is impossible to 
S s 


represent the equation of the surface in the required form (solved 
with respect to the corresponding coordinate) we should split the 
surface into parts for which such a representation is possible (pro- 
vided that such a division of the givea surface exists) and take 
the sum of the integrals over these parts. It should also be noted 
that if the surface S includes a portion of a cylindrical surface 
whose elements are, for instance, parallel to Oz, the integral 


{{ Rcosydo taken over this portion is equal to zero since the 
normal is perpendicular to the element of the cylinder, and the- 
tefore v=> and cosy=0. The right-hand member of formula (**) 


also turns into zero for such a portion because the projection of 
that portion of the surface on the plane Oxy is not a plane te- 
gion but a line having zero area. Hence, formula (**) remains 
valid in this case. Similar remarks can be made in connection 
with cylindrical parts of the surface with elements parallel to Ox 
or Oy. 
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In accordance with what has been said, a surface integra! ¢ 
the type we are discussing here is often written as 


( (Pcosa+Qcosi-+ Rcosy)do= ({ Pdydz+Qdxdz+Rdréy 

s s 

In comprehensive courses of mathematical analysis the integre! 
on the right is defined with the aid of some special integral sur: 
and is termed a surface integral of the second type (an integre’ 


(( §(M) do is termed a surface integral of the first type). Weshz!i 


Ss 
not consider such integrals separately. 

This form of the representation of the integral is convenient 
since it indicates directly on which coordinate plane the surface S 
is projected when the integration in each ter 
is performed. 

Examples. (1) Let us evaluate the integre! 


V\ xdy de +-dxdz-+x2*dxdy 
Ss 


where S is the outer side of the part of th 
sphere 7+ y7-+-z?=1 in the first coordinate 
trihedral. 
Fie. 214 Let us denote the projections of the surfz- 
ce on the coordinate planes Oyz, Oxz and 
Oxy as D,, D, and D,, respectively (see Fig. 214). These ere 
quarter circles of radius 1, Then we have 


1,=\\ xdydz= ({ VY |—y’?—z? dy dz 


Ss D, 
I,=\Sdedz=\§ dxdz 
S D; 





and 


I= xetdxdy=S\ x(1—xt#—y") de dy 
S D; 
The second integral is simply equal to the area of the domain D,, 
i.e, to =. The first and the third integrals are computed by pass- 
ing to polar coordinates: 


2 


2 
1,\ tp VinFrdra 3 (One|) 22 
0 0 
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and 





Thus, 


f=/,+/,+],=+ 


oe eo eee Se Se eee oe 


(2) Let us find the integral 


[= ({ zcosyda 
$s 
where S is the outer side of the sphere x*t+y'+ z27= I. 

In this example the z-coordinate cannot be written as a single- 
valued function of x and y for the whole surface of integration S. 
Let us break up the surface into two parts: the part S, lying 
above the plane Oxy and the part S, below it. Accordingly, their 
equations are 


z=V |l——y? and z=—)Y 1|—x*—-—¢ 


Hence, we can write 
1=S) zcosydo={ zcos ydo+ |{ zcosydo 
Ss S; Ss 


Let us pass to the corresponding double integrals. Since S, is 
the outer side of the portion of the sphere above the plane Oxy 
and thus is its upper side, we have 


\\ 2 cosy do = {{ Y l—*—y? dx dy 
Sy D 
where D is the circle x?--y?< 1. The surface S, is the outer side 


of the half-sphere lying below the plane Oxy and thus is its lower 
side; consequently, 


\{ zcos do =— \{—v | —x?—y* dx dy 
S3 D 


where D is the same circle. 
The final result is 


1=\\ V1 ax dy |S V1 dx dy=2| \V I dey 
D D D 
The integral {{ V |1—x?—y? dx dy being equal to half the volume 
D 


of the ball of radius 1, i.e. toa, we obtain J==2. 
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149*. Stokes’! Theorem. There is a formula for surface integ. 
rals analogous to Green's formula for line integrals (see Sec. 140} 
reducing the computation of a surface integral over a surface § 
bounded by a contour L to a line integral round this contour 
(Fig. 215). This result is established in the following theorem. 

Stokes’ Theorem. Let P(x, y, 2), Q(x, y, 2) and R(x, y, 2) 
be three arbitrary functions continuous together with thelr partial 
derivatives in a three-dimensional domain. Then, for any smooth 
surface S lying in this domain, we have 


15 [(B 88) cose (2-28) ast 
+(3-F) cos | do = \ Pdx-+-Qdy+Rdz (*) 


where cosa, cosPp and cosy are the direction cosines of the nor- 
mal to the surface S and L is its boundary. 

Relation (*) expresses Stokes’ formula. 

In this formula the direction of integration round the contour L 
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traverses Lin the direction of integ- 
ration the surface S must always re- 
main on the left (it is supposed that 
we use a right-handed coordinate sy- 

Fig. 215 line integral. We shall begin with the 

case when the surface S is described 

by an equation z=2z(x, y). Let us assume that S is the outer side 


must be coherent with the orientation of the surface S in the sense 
stem Oxyz; see Fig. 215). 
Proof. The theorem is proved by 
of the surface. Under this condition, cosy > 0, and we can trans- 
form the surface integral 


of the following simple rule: when a 

person walks along the contour L on 

1 reducing the surface integral first to 
5 the double integral and then, with 
oP oP 

1=\{ (F cos B—- cosy ) da 

Ss 


the chosen side of the surface S and 
| L; the aid of Green’s formula, to the 


gay CE ED 





eS ad uP 








by taking into account that the vector with projections —z,, 
—z,, 1 goes in the direction of the normal to the upper side of 
the surface. The direction cosines being proportional to the cor- 


1 Stokes, G.G, (1819-1903), an English mathematician and physicist. 
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responding projections, we have 





csp 1 
Therefore cosB =— 2,cos, and 
{=— (\ (s+ 320) cos da 
S 


Let us reduce the latter surface integral to the double integral. 
To this end, the variable z in the integrand must be replaced by 
its expression in terms of x and y in accordance with the equation 
of the surface z=2z(x, y). Then the integrand is transformed to 
the pa reas equal to the total partial derivative with respect 
to y of the composite function resulting from the substitution of 
z(x, y) for z into the function P (x, y, z). For we have 


0 OP , OP ., 
gg Pls 4 2(% W=s +3320 


Thus, the integrat / is written as 


—__ ((PIe y 2( yl 
l= if) i dx dy 


where D is the projection of the surface S on the plane Oxy (see 
Fig. 215). Now we apply Green’s formula (Sec. 140) and pass to 
the line integral round the boundary L, of the domain D: 


1=\ P[x, y, 2(x, y)|dx 


Ly 


The contour L, is the projection of the space curve L (bounding 
the surface S) on the plane Oxy, and the integration goes in the 
positive direction of L,. To complete our consideration it only 
remains to use the fact that, since the contour L lies on the sur- 
face S, the coordinates of its points satisfy the equation z=z (x, y), 
and therefore the values of the function P(x, y, z) at the points 
(x, y, z) of the contour L are equal to the values of the expression 
P[x, y, z(x, y)] at the points (x, y) of the contour L,. The pro- 
jections of the cotresponding parts of the contours ZL and L, 
(appearing as the contours are partitioned) on the axis Ox obviously 
coincide, and therefore the’ integral sums constructed for the line 
integrals of the function P over the contours L and L, with respect 
to the coordinate x coincide as well. Thus, the integrals are also 
equal: 


\ P[x, y, 2(%, y)jdx= | P(x, y, z)dx 
Li L 


34-2980 
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Hence, 
a (500883, c0s 7) do= | Pa (A) 


Arguing in the same manner as on page 493 we can show that 
the resultant formula is in fact applicable to surfaces of a mote 
complicated shape which can be divided into a finite number of 
parts such that formula (A) applies to each of them. 

Using the same techniques we readily derive two more formulas: 


\j (Se cos y— cos ar | dom \ Q dy (B) 
and 
\S (Geos — Fy cos B ) do= | Raz (C) 


To this end the equation of the surface should be wrilten in the 
forms suitable for (B) and (C). Let the reader derive these formulas. 

On adding together equalities (A), (B) and (C) we complete the 
derivation of Stokes’ formula. 

Stokes’ formula can be used for reducing an integral over a sur- 
face to the corresponding line integral round the boundary of the 
surface and, conversely, for reducing a line integral round a closed 
contour to the corresponding surface integral over a surface “pull- 
ed over” the contour of integration, that is, having this contour 
as boundary. 

In Sec. 141 Green's formula was applied to prove Theorem [ on 
ath-independence of a line integral over a plane contour. Stokes’ 
ormula can be similarly used for proving the path-independence 

theorem for line integrals over space curves (in Sec. 143 we did 
not present the proof of this theorem). 

Consider the integral 


| Pdx+Qdy+Rdz (" 
We shall suppose that the equalities 
dP _8Q @8Q aR OR_ OP 


Oy Ox ' Gz dy' Ox Oz 

are satisfied identically in a simply connected domain Q; then, for 
an arbitrary closed contour L in 2, we can take a surface with 
the contour L as boundary lying within the domain 2 and apply 
Stokes’ theorem to prove that line integral (*) is equal to zero 
for any such contour L. 

Conversely, let it be known that line integral (*) turns into 
zero for any closed contour L in 2. Suppose that there is a point 
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M,(%o. Yo. 2)) in the domain Q for which the above equalities are 
violated; for definiteness, let 


at the point M,. Let us draw through the point M, the plane 
z=2, parallel to the plane Oxy. Then there exists a neighbour- 
hood of the point M, in that 
plane parallel to Oxy such that 
ZF >0 at its every point. 
For the plane z=z, we have | i iT il Hie 
dz=0, cosa=0, cosB=0 and | 
cos y= 1. Now, arguing by analogy 

with page 496, we conclude that 
there isa closed contour in Q such 
that integral (*) taken over it is 
nonzero, which contradicts the 
hypothesis. The theorem has thus 
been proved. 

150*. Gauss-Ostrogradsky ! For- 
mula. In this section we shall investigate a relationship between a 
surface integral over a closed surface and a triple integral over 
the domain bounded by that surface. 

Gauss-Ostrogradsky Theorem. If P(x, y, z), Q(x, y, 2) and 
R(x, y, 2) are three arbitrary functions continuous Set aa with 
their partial derivatives in a bounded closed domain 2 and S is 
the surface bounding this poet we have 


AY) (se +55) dx dy de = 


={( ([Pcosa -+- Qcos B +- Ros y] do (*) 
S 





Fig. 216 


where fhe integration is extended over the outer side of the sur- 
face § (cosa, cosf and cosy are the direction cosines of the outer 
normal to the surface S). 

Relation (*) is known as the Gauss-Ostrogradsky formula. 

Proof. We shall begin with a spatial domain Q bounded by a 
closed surface S such that it has at most two common points with 
every straight line parallel to one of the coordinate axes Ox, Oy 
or Oz (see Fig. 216). 


1 Gauss, K.F. (1777-1855), a great German mathematician. Ostrogradsky, 
M.V. (1801- -1861), a noted Russian mathematician. 

2 The precise statement of this theorem should include conditions similar 
to those in the footnote on p. 491. 
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Let us.transform the triple integral 
OR 
r= -—dx dy dz 
Jy Oz 


For this purpose we draw the cylindrical surface performing the 
orthogonal projection of the domain Q onto the plane Oxy. It 
touches the surface S along a curve L dividing S into two surla- 
ces S, and S, each of which is intersected by any straight line 
parallel to Oz at no more than one point. Let the domain D be 
the projection of the surfaces S, and S, (and of the domain 9) 
on the plane Oxy, equations z=2, (x, y) and z=z, (x, y) represen: 
ting the surfaces S, and S,. Performing in the triple integral the 
inner integration with respect to 2 we write it in the form 


a (X, 
1=((( de dy dem (Cdxdy (Ra 
Q D 2, (2X, 
which leads to -_ 
1=\\RIx, y, 2,(x, Wd dy — | I Rix, y 2r(x, g)dedy 


The domain D being the projection of the surfaces S, and S, on 
the xy-plane, the double integrals on the right-hand side express, 


respectively, the integrals IT Re, y, z)cosydo taken over the 
upper sides of these surfaces (see Formula (**) of Sec. 148). Thus, 


I= \{ R cos ydo— J Rceosydo= (( Reosydo+ \f R cos yde 
+S; +S; +S, “S, 
Since the upper side of S, and the lower side of S, form the outer 
side of the whole closed surface S we have 


1=\\\ Sadrdydz =({ Rcosydo (A) 
2 s 


The surface S serving as the boundary of the domain 2 may 
contain some cylindrical parts with elements perpendicular to the 
xy-plane; formula (A) applies to this case as well. 

As in all similar cases in the foregoing sections, formula (A) 
also remains valid for domains of a more general form when these 
domains can be divided into subdomains satisfying the above 
requirements. 

Arguing in a similar manner we readily derive the formulas 


\{f = dx dydz = \{ Q cos B do (B) 
Q s 
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and 
nh) = dx dy dz = \\ P cosa do (C) 
22 Ss 


On adding termwise equalities (A), (B) and (C) we arrive at the 
Gauss-Ostrogradsky formula (*). The theorem has been proved. 
The Gauss-Ostrogradsky formula makes it possible to replace 
a triple integral by the corresponding surface integral over the 
surface bounding the domain of integration and, conversely, to 
replace an integral over a closed surface by the corresponding 
triple integral over the domain bounded by that surface. 
Example. Let us apply the Gauss-Ostrogradsky formula to 


compute the integral J = ({ (xcosa-+ycosfh-+zcosy)do where S 


S 
is the outer Side of the sphere x?+-y?+ z2= R?. 
By the Gauss-Ostrogradsky formula, we have 


1=SS (414 1) dedydz=3V =4nR: 


Q 
since the volume of a ball of radius R is equal to Vain’. 


§ 3*. Field Theory 


151*. Vector Field and Vector Lines. 

I. Vector field. The definition of a vector field is in many res- 
ects similar to the definition of a scalar field stated in Sec. 125; 
he reader is advised to reread § 4 of Chapter VII before starting 
to study this section. 

Definition. If at each point P of a domain D a definite vector 
is specified we say that there is a vector field in the domain D. 

We have already dealt with some concrete examples of physical 

vector fields. In § 1 we considered a field of force and studied the 
problem of computing the work of the field in the motion of 
a material point under the action of the forces of the field. In 
§2 we investigated the velocity field of a flow of a fluid and dis- 
cussed the problem of finding the fiuid flux across a given surface. 
In § 3 we shall consider some general problems concerning vector 
fields. As illustrative examples of vector fields we shall most 
offen consider force fields (such as the field of gravitation, an 
electric or magnetic field and the like) and velocity fields of fluid 
flows. These examples will demonstrate a clear physical meaning 
of mathematical notions introduced in the field theory. 

A vector field is completely specified if the vector A(P) cor- 

responding to each point P of the field is determined. We shall 
begin with stationary fields for which the vector A(P) is time- 
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independent and is only delermined by the location oi the poin 
Let A,, A, and A, denote the projections of the vector A(P, 
the coordinate axes. If the coordinates of the point P are. 
and z the vector A(P) itself and its projections .are functicr 
these coordinates?, and we can write 


A(P) =A, (x,y, Dit A(t, yr 2IFA4 (ty, 2k 


We shall always suppose that the functions A,, A, and A, 
continuous together with their partial derivatives of the first 
second orders. 

Let us consider some special types of vector field. 

1. Homogeneous field. A vector field is called homogenecs 
A(P) is a constant vector, i.e. A,, A, and A, are constant + 
nitudes. 

An examole of a homogeneous field is the field of gravite' 
studied in Sec. 144, Example-l. 

2. Plane field. If there exists a Cartesian coordinate sys 
Oxyz in which the projections af the vectors of a field cre is 
pendent of one of the variables x, y and z and one of 
projections of the vectors is equal to zero the field is said to 
plane. For instance, such is the field determined by the jorge 


A(P)= A, (x, yhitA, (x, 9) j 


Plane fields are often dealé with in the study of plane fluid f 
whose feature is that all the particles of the fiuid move in 
planes parallel to a fixed plane, the velocities of the particle 
every point of any fixed straight line perpendicular to thet p! 
being equal. 

Let us discuss an important physical example. Consider a ri 
body in a rotary motion with constant angular velocity o 2b 
a fixed axis. We shall determine the field of linear velocitie: 
the points of the body. 

As is well known from kinematics, the linear velocity v 
equal to the vector product of the angular velocity o (#hict 
a vector lying in the axis of rotation with length equa! to 
absolute value of the angular speed and directed so that 
rotation of the body, when watched from the tip of the vector 
is seen counterclockwise) by the radius vector r of the varie 
point M of the body: 

V=O%F 


In this formula the point of application of the radius vector 
can be taken af an arbitrary fixed point of the axis of rotzti 


1 In Sec. 70 we considered vector functions of one argument. In thi: st! 
we are concerned with vector functions dependent on three scaler arguments. 
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Choosing this point as the origin and drawing the z-axis along 
the axis of rotation (in the direction of the vector w; see Fig. 217) 
we can find the projections of the vector v: 


o=ok, r=xi+ yj+ zk 
which implies 








ij k 
v=|0 0 o|=—opi + oxj 
X Y 2 
whence 
U,=—OY, U,= OX, U,=0 


Thus, this is a plane field. 

II. Vector lines. 

Definition. A veetor line of a vector field is a curve at whose 
every point the direction of its fangent coincides with the dire- 
ction of the vector of the field (Fig. 218). 

Vector lines of concrete physical vector fields can be given a 
clear physical interpretation. For instance, the vector lines of a 





Fig. 217 Fig. 218 


stationary velocity field of a fluid flow are the so-called stream 
lines (flow lines) which serve as the trajectories of motion of 
the particles of the fluid. For an electric field its vector lines 
are the lines of force of the field. For example, in the electric 
field of a point charge these lines are the rays issued from the 
point at which the charge is located. The vector lines of a magnetic 
field of a magnet (the lines of force of that field) are curves 
going from the north pole to the south pole. The study of the 
shape and disposition of the lines of force of electric, magnetic 
and electromagnetic fields is extremely important for physics. 
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Let us derive equations of vector lines. Let a function 
A (P)=A,i+A,j + 4,k 


specify a vector field (for the salve of brevity, we do not indicate 
the arguments x, y and z the functions A,, A, and A, depend 
on). If a vector line is represented by parametric equations 
x=x(t), y=ylt), 2=2(t) 

the projections of the direction vector of the tangent line to that 
curve are proportional to the derivatives x’ (¢), y’(t) and 2’ (t) 
or, which is the same, to the differentials dx, dy and dz (sce 
Sec. 68). Writing down the parallelism conditions for the -vector 
A(P) and the vector with components dx, dy, dz directed along 
the tangent to the vector line we obtain 


Relations (x) are a system of differential equations of the family 
of vector lines of the field A(P). Systems of differential equations 
will be studied later (see Sec. 176), and: for the time being we 
can only consider vector lines of a field for some simple cases 
whose physical meaning allows us to judge upon the properties 
of the vector lines. We also note that if the field is plane, that 
is, if, for instance, A,=C and A,, A, only depend on x and y, 
its vector lines are in, the planes parallel to the plane Oxy, and 
their equations reduce to the form A Y 

Example. Let us determine the vector lines of the field of 
linear velocities of a body rotating with constant angular velocity 
about Oz. 

According to Example 1, the function representing this field 
is written as 

A(P) = —woyi 4- wxj 


Fig. 217 clearly shows that the vector lines of this ficld are 
circles lying in the planes parallel to the plane Oxy with centre 
on the z-axis. The equations of these circles are 


x?-+-y2=R, z==2z,=const 
In this case it is readily checked that the equality 4 


holds. Indeed, the differentiation of the equation of the circle 
yields 2vdx-+2y dy =0, that is, = =. On multiplying the de- 


nominators of this equality by w we arrive at the desired result. 
152*, Flux of a Vector Field. Divergence. 
I, Flux of a vector field. Let there be given a vector field 


A(P)= A,i+ A,j+A,k 
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Consider a surface S in this field on which a definite side is 
chosen?. Let n be unit norma! vector to the chosen side of the sur- 
face at its variable point P; the projections of the vector n are 
its direction cosines, that is, cosa, cosf§ and cosy. Let us form 
the integral of the scalar product of the vector A(P) by the 
unit vector n over the surface S: 


({ A(P)ndo =§{ (A, cosa+ A, cosB + A, cosy) do (x) 
S Ss 
If A(P) is the velocity field of a fluid flow integral (*) expresses 
the flux of the fluid through the surface S. If A(P) is an arbit- 
rary vector field, integral (x) is called the flux of the vector field 
A(P) (or, briefly, the flux of vector A(P)) across the surface S; 
we shall denote it by the letter K. 
Definition. The flux of a vector field across a surface is the 
integral of the scalar product of the vector of the field by the 
unit norma! vector to the surface taken over that surface: 


K= ) A(P)ndo 


Thus, the computation of the fiux of a vector reduces to the 
computation of the corresponding surface integral. The definition 
implies that the flux’K of the vector field 
is a scalar magnitude. If the direction of 
the normal n is reversed, that is, if the side 
of the surface S is changed, the flux K 
changes sign. Since the scalar product of 
the vector A(?) by unit normal vector n 
is equal to the projection A,(P) of the 
vector A(P) on the direction of n the flux 
K can be written in the form 


K=\{ 4,(P)do 
S 





In particular, it follows that if the proje- 
ction of the vector A(P) on the normal Fig. 219 

is constant for a part of the surface, 

that is, A,(P)=A,=const, the flux through this portion of the 
surface is simply equal to A,Q where Q is the area of that part 
of the surface. 

Example. Let us compute the flux of the radius vector r across 
the lateral surface S, of the right circular cylinder of radius R 
and altitude H with Oz as axis and centre of the lower base at 
the origin and also the flux across its upper and lower bases S, 


1 We only deal with two-sided surfaces S (see p. 520). 
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and S, (Fig. 219). The vector n is the outer normal on all tt: 
parts of the surface of the cylinder. 

The normal n to the lateral surface S, is parallel to the 
plane Oxy, and the projection r, is equal to R. Therefore, 


K,=\\ Rdo=R-2nRH =2nR?H 
S; 
The outer normal n to the upper base goes along Oz, and r,=H 
for it. Consequently, 
K,=$\ Hdo=aR*H 


S: 


Finally, for the lower base S, we have 7,=0 and K,=0. 

The case of an integral over a closed surface S bounding 
a domain 2 is of particular interest. If the integral is taken over 
the oufer side, that is, if mis the outer normal, we speak of a flux 
in the outer direction. For this case we shall denote the flux es 


K=Q 4, (P)do 


Generally, in vector analysis and its applications integrals over 
closed surfaces and over closed contours are designated by the 


symbols p and Gg. It should also be noted that in physics and 


L 
applied sciences surface integrals (and double integrals as their 
special case for plane surfaces) and even triple integrals are often 


denoted by means of one sign of integration (. In these symbols 
the type of the integral is recognized by the notation of the 


domain of integration: \ F(M) ds designates a line integral, 


L 
(F(M) do designates a surface integral and  F(M) do a triple in- 
Ss Q 


tegral over a spatial domain. 

If A(P) is a velocity field of a fluid flow the magnitude of the 
flux K is equal to the difference between the amounts of fuid 
flowing out of the domain & and flowing into it. If K=0 these 
amounts of fluid are in a balance for the domain 9. For instance, 
the latter situation takes place for any domain isolated (men- 
tally) from the water flow in a river. 

If the magnitude K is nonzero, for instance, positive, the out- 
flowing amount of fiuid from the domain exceeds the amount 
of fluid flowing into the domain. This means that there are sour- 
ces inside the domain @ generating the fluid. Conversely, if the 
magnitude K is negative there are sinks (also termed negative sources) 
inside the domain 92 where the fluid disappears. 
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II. Divergence. Let us take a point P in a vector field A(P) 
and consider a closed surface S entirely lying within the domain 
occupied by the field and containing the point P in its interior. 
et us compute the flux of the field across the surface S and 
form the ratio of that fiux to the volume V of the domain Q 
bounded by the surface S: 


a. (P) do 


V 


For a fluid flow this ratio is equal to the amount of fluid gene- 

rated or disappearing within the domain in unit time related to 

unit volume; as we say, it characterizes the average (volume) 

source intensity; if the flux across the surface S in the direction 

of outer normal is negative we speak of the sink intensity. 
Now let us ‘find the limit 


Gp An () ao 


lim "7 


of this ratio as the domain:2 is contracted to the point P and 
its volume V tends to zero. If this limit exists and is positive 
we say that there is a point source of fluid at the point P; if 
the limit is negative we speak of a sink at the point P. The 
magnitude of this limit characterizes the source or sink intensity 
at the point P. In the former case the fluid is generated in any 
infinitesimal volume containing the point P inside it and in the 
latter case the fluid disappears in every such volume. The limit 
itself is called the divergence of the vector field at the point P. 

Definition. The divergence of a vector field A(P) at a point P 
is the limit of the ratio of the flux of the vector field across 
a closed surface enclosing the point P to the volume of the do- 
main bounded by the surface on condition that the surface is 
contracted to the point P. 

The divergence is denoted by the symbol div A({P). Thus, 


Gp An) do 
div A(P)=lim &——_ 


where the limit is computed on condition that the surface S is 
contracted to the point. P. 

We shall prove that under the-.requirements imposed on the 
field (i.e. the continuity of the functions A,, A,, A, and of their 
first and second partial derivatives) the divergence of the field, 
that is, the above limit, exists for every point of the field. We 
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shall also compute the divergence which, as should be stressed, 
is a scalar magnitude. 
Theorem. The divergence of the vector field 
A (P) = A,i-+- A,j 4+ A,k 
at a point P is expressed by the formula 


div A (P) = As 4 4 As 


where the values of the partial derivatives are taken at the point P. 

Proof. By Gauss-Ostrogradsky formula (see Sec. 150), the flux K 
of the vector field through a closed surface S enclosing a given 
point P is representable in the form 


alae eagrhi iia 


= SN) (Ge ee Oe) dedy de 


where Q is the idittntionl of the point P bounded by the 
surface S. Using the mean-value theorem (see Sec. 133) we can 
write the triple integral on the right as the product of the vo- 
lume V by the value of the integrand at an intermediate point P, 
of the domain 2: 


INN Cast apt Se) ava dem (Ge + ar +3),V 


When the domain @ is contracted to the point P the point P, 
tends to the point P, and we obtain 


dA, af: | 
(Hs 45H “Oz ae 
7 


which is what we “had to prove. 
Using the expression obtained for the divergence we can restate 
the Gauss-Ostrogradsky theorem r—~lows: 





divA (P) =, a = 20s OAy , OM il A at 


The flux of a vector field thro ~~ sised surface in the direc- 
tion of the outer normal is « ’ triple integral of the di- 
vergence of the field over the - - bounded by this surface: 

- {) A, (P) de A(P) do 
tion expresses ti veradsky f. or 
locity field of fi vector for 3S° 


. theorem ex ibvious f: 
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across a surface is equal to the resultant intensity of all the sour- 
ces and sinks enclosed by the surface, that is, to the amount of 
fluid flowing out of the domain bounded by the surface or flowing 
into it in unit time. (If the intensity of sinks exceeds that of 
the sources the fluid disappears within the given domain.) In par- 
ticular, if the divergence is equal to zero at all the points the 
flux through any closed surface is equal to zero. 
Examples. (1) Consider a homogeneous field 


A(P) =al+6]-ck 


where a, 6 and c¢ are constants. It is obvious that the divergence 
of this field is identically equal to zero: 


div A (P)=0 


If all the particles of fluid have the same velocity, that is, if 
the fluid undergoes a plane-parallel displacement, there must be 
neither sources nor sinks in that flow. Accordingly, the fluid flux 
across any closed surface is equal to zero for such a motion. 

(2) Let us compute the divergence of the field of linear veloci- 
ties of a rotating body (see Example 1 of Sec. 151). This field 
is written 


Vv = —ayi-+ ox] 
and its divergence is 
e O(— wy) , A(wx) 
divv= soar Tae -t “dy = (Q 


If we imagine a volume of fiuid rotating as a rigid body it beco- 
mes clear that there are no sources and sinks in such a flow. 
(3) Let us find the divergence of the radius vector r. We have 


= x1 + yj +- zk 
and therefore 
wpe OX , OY , OZ __ 
OWES Ger oy © on =o 

Each point of this field serves as a source of constant intensity. 
Using the Gauss-Ostrogradsky formula in vector form we imme- 
diately find that the flux of the radius vector r through any closed 
surface is three times the volume bounded by the surface: 


K =\S' 3av =3V 
Q 


Ill. Properties of the divergence. When computing the divergence 
it is convenient to use its general properties enumerated below. 

1. div(C,A, (P)+C,A, (P)] =C, div A,(P)+C,divA,(P) where 
C, and C, are scalar constants. 
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shall also compute the divergence which, as should be stressed, 
is a scalar magnitude. 
Theorem. The divergence of the vector field 
A(P) = A,i-- A,j + A,k 
at a point P is expressed by the formula 


OA OAy . OA, 
divA(P)=32 +3 +32 


where the values of the partial derivatives are taken at the point P. 

Proof. By Gauss-Ostrogradsky formula (see Sec. 150), the flux K 
of the vector field through a closed surface S enclosing a given 
point P is representable in the form 


4, (P) da =) (A, cosa. A,cos B+ A,cosy)do= 


= Jf) (eet 


where Q is the neighbourhood of the point P bounded by the 
surface S. Using the mean-value theorem (see Sec. 133) we can 
write the triple integral on the right as the product of the vo- 
Jume V by the value of the integrand at an intermediate point P, 
of the domain : 


OA, , GAy , OA, (24s OAy , OA, 
\\) (Be St Me) de dy de = ax ++), y 


When the domain Q is contracted to the point P the point P, 
tends to the point P, and we obtain 





0A, 
As) dxdy de 





GA, , OAy 24s) y 
; oA oT Oy tee Jp, _ OA, , IAy , A, 
TAS Ng ge tay ae 


which is what we had to prove. 

Using the expression obtained for the divergence we can restate 
the Gauss-Ostrogradsky theorem as follows: 

The flux of a vector field through a closed surface in the direc- 
tion of the outer normal is equal to the triple integral of the di- 
vergence of the field over the spatial domain bounded by this surface: 


) 4,(P)do= | diva (P) ao 
’ Q 


This relation expresses the Gauss-Ostrogradsky formula in vector 
form. 

For a velocity field of fluid flow the vector form of the Gauss- 
Ostrogradsky theorem expresses the obvious fact that the flux 
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across a sufface is equal to the resultant intensity of all the sour- 
ces and sinks enclosed by the surface, that is, to the amount of 
fluid flowing out of the domain bounded by the surface or flowing 
into it in unit time. (If the intensity of sinks exceeds that of 
the sources the fluid disappears within the given domain.) [n par- 
ticular, if the divergence is equal to zero at all the points the 
flux through anv closed surface is equal to zero. 
Examples. (1) Consider a homogeneous field 


A (P) =ali-+ bj +-ck 


where a, 6 and c are constants. It is obvious that the divergence 
of this field is identically equal to zero: 
divA (P)=0 

If all the particles of fluid have the same velocity, that is, if 
the fluid undergoes a plane-parallel displacement, there must be 
neither sources nor sinks in that flow. Accordingly, the fluid flux 
across any closed surface is equal to zero for such a motion. 

(2) Let us compute the divergence of the field of linear veloci- 
ties of a rotating body (see Example I of Sec. 151). This field 
is written 

Vv = —oyi + ox] 
and its divergence is 


7 O(— ay) , O(wx) __ 
OVS ag 


[f we imagine a volume of fluid rotating as a rigid body it beco- 


mes clear that there are no sources and sinks in such a flow. 
(3) Let us find the divergence of the radius vector r. We have 


r= xi -- yj + zk 
and therefore 


supe OX , OY , OZ __ 
divt=a+a, tao 


Each point of this field serves as a source of constant intensity. 
Using the Gauss-Ostrogradsky formula in vector form we imme- 
diately find that the flux of the radius vector r through any closed 
surface is three times the volume bounded by the surface: 


K=S\\ adv =v 


Ill. Properties of the divergence. When computing the divergence 
it is convenient to use its general properties enumerated below. 

1. div[{C,A, (P)+C,A, (P)]=C, divA,(P)+C,divA,(P) where 
C, and C, are scalar constants, 


542 Ch. 1X. Line and Surface Integrals. Field Theory 


For, if the projections of the vectors A,(P) and A,(P) are de- 
noted, respectively, A,,, A,,, A,, and A,,, A,,, we have 


C,A, (P) = C,A, (P) a 
= (Ci A, + CA) 1+ (Ci Ary + C,Agy) J + (CyA1,4- C,A,,) k 


Therefore, 


ay? 


dA;. OAay 0A 0A 
div {C,A, (P)+C,A, (P)] =C, G+ C, Se +, 40, + 


+0, “iz 4 ¢, 2h — C, div A, (P) +C, div A, (P) 








2. Let A(P) be a vector function specifying a vector field and 
u(P) a scalar function specifying a scalar field. Then 


div [u(P) A (P)] =u (P) div A (P) +A (P) grad u (P) 
Indeed, we have 
u(P)A(P)=uA4,i+u4,j+uA,k 
whence 


; A(uA,) , O(4Ay) : 
div (u (P)A (P)] =" GA2) 4 ey ee ) 
A 
a 





Since the gradient of u is expressed as eit p+ ok, the 


expression in the second bracket is the scalar product of the 
vector A(P) of the field by the gradient of the function u(P); the 
formula has been proved. 

In particular (see Example 3), we have 


div ur=3u-+-r gradu 


153*. Circulation and Rotation of a Vector Field. 
I. Circulation. Let there be a vector field described by the for- 
mula 


A(P) = A,i+ A,j+4,k 


Take a curve L in the domain occupied by the field and choose 
a definite direction on it. We shall denote by ds the vector going 
along the tangent to the curve L in the chosen direction and having 
the absolute value equal to the differential of arc length ds. Then 
(see Sec. 68) we have 


ds = dxi + dyj + dzk 
Let us consider the line integral of the scalar product of the 
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vectors A(P) and ds taken along the curve L: 


(A(P)ds =| A,dx+A,dy+A,dz (*) 


L L 


If A(P) is a field of force integral (*) expresses the work of the 
field performed when the material point moves in the curve L 
(see Sec. 143). 

If A(P) is an arbitrary vector field and L a closed contour, 
integral (*) is termed the circulation of the vector field A(P) (or, 
simply, of the vector A(P)) over the contour L. 

Definition. The circulation of a vector field A(P) over a 
closed contour L is the line integral of the scalar product of the 
vector A(P) by the vector ds tangent to the contour taken round 
that contour. 

Since the scalar product A(P)ds is equal to A,(P)ds where 
A,{P) is the projection of the vector A(P) on the direction of 
the tangent line to the contour and ds is the differential of arc 
length the circulation can be written as the line integral with 
respect to arc length (see Sec. 145): 


f A, (P) ds 
L 


We remind the reader that if the element of integration in the 
integral (*) is a total differential and the vector field occupies a 
simply connected domain Q (see p. 505) | dn 
this integral turns intozero for any closed ly 
contour (see Sec. 143). z 

For an arbitrary vector field the circula- 
tion is a number dependent on the con- 
tour L. For instance, if there are closed 
vector lines in the given vector field (see 
the example on p. 536) and the contour L 
coincides with such a vector line (in its 
position and direction) we have A,(P)= 
=|A(P)], and, consequently, the circula- Fig, 220 
tion must be a positive number as integ- 
ral of a positive function. If the direction of integration is chan- 
ged to the opposite the circulation becomes negative. If L is not 
a vector line then, the closer the directions of the vectors of the 
field A(P) to the directions of the tangents to the vector lines, 
the greater is the value of the circulation. 

Let us compute the circulation of the vector field of linear ve- 
locities of a rotating body (see Sec. 151) 


v= — oyl + oxj 
over an arbitrary contour L lying entirely in a plane I] whose normal 
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vector n forms some angles a, B and y with the coordinate axes 
(see Fig. 220). The direction in which the contour L is traversed 
is coherent with the direction of the normal n (as in Stokes’ the- 
orem; see Sec. 149). Using the definition of circulation we find 
that for such a contour it is equal to 


$—wydx+ oxdy 
L 


To compute this integral we apply Stokes’ theorem: 
op—ydr+xdy =o! 2dx dy 
L D 


where D is the domain bounded by the contour L in the plane II. 
The integration goes over the upper side of the plane II, and there- 
fore we have dxdy=cosy do (see Sec. 148). Thus, since cos y=const, 
we obtain the expression 


20 COS \( da = 2u cos yS 
D 


for the circulation where S is the area of the domain bounded by 
the contour L. Now, note that wcosy is equal to the projection 
w, of the vector @ on the direction of the vector n. Therefore we 
arrive at the following expression for the circulation: 


g — ay dx + ox dy = 20,S 
L 


(li L is a circle of radius R the circulation is equal to 2o,nR?.) 

The latter formula implies that if the plane II is rotated, that 
is, if the angle y is changed, the value of the circulation becomes 
variable. It attains its greatest value for y=0, that is, for the 
plane II parallel to the plane Oxy with normal vector n parallel 
to the angular velocity wo. If y=, i.e. if the normal to the plane 
is perpendicular to the vector w, the circulation turns into zero. 

It is also clear that if we choose the other side of the plane Il 
the vector n changes its direction to the opposite and the pro- 
jection w, becomes negative. Hence, in this case the circulation 
is also negative. 

Let us discuss the physical meaning of the circulation of a vec- 
tor in the case when A(P) is a velocity field of fluid flow. For 
the sake of simplicity, we shall assume that the contour L is a 
circle lying in a plane. Suppose that this circle is the periphery 
of a turbine with plane vanes parallel to the axis of the turbine 
(this fixed axis about which the turbine can rotate is perpendi- 
cular to the plane of the turbine and passes through its centre), 
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If the circulation is equal to zero the turbine remains motionless 
since the resultant of the forces acting upon it is equal to zero. 
If the circulation is nonzero the turbine rotates, and, the greater 
its value, the higher the angular velocity. For instance, .if the 
fluid rotates as a rigid body about the z-axis and the axis of ro- 
tation coincides with the axis of the turbine then, as has been 
shown, the circulation is equal to 20S where S is the area of the 
turbine. Hence, the ratio of the circulation to the area of the 
turbine is twice the angular speed and is independent of the di- 
mensions of the turbine. 

If the axis of the turbine forms an angle with Oz this ratio 
decreases: it becomes equal to 2w, where o, is the projection of 
the vector w on the axis of the turbine. Finally, if the axis of 
the turbine is perpendicular to the axis of. rotation of the fluid 
the turbine is obviously in the state of rest. 

For an arbitrary vector field the ratio of the circulation over a 
plane contour £ to the area S bounded by the contour is a vari- 
able quantity. To characterize rotational properties of a vector 
field at its point P it is natural to form the ratio of the circu- 
lation over a plane contour L enclosing the point P to the area S 
bounded by the contour and consider the mit of this ratio as the 
contour Z contracts to the point P remaining in the fixed plane: 


G Ards 


L 
S 


We shall show that this limit cesends solely on the choice of 
the point P and on the direction of the normal to the plane in 
which the contour L lies. In this construction the direction of the 
normal must be coherent with the direction in which the contour 
is described: if the contour is watched from the terminus of the 
normal it is described counterclockwise. In order to compute this 
limit we transform the expression of the circulation with the aid 
of Stokes’ formula (see Sec. 149): 


GA,ds= § Apdx+ Aydy+ A,dz= 
L L 
dA, 9A 0A, 9A, 
i ( ay —) cosa@ -+- (3-=) cos B +e 
0A 0A 
+(S2—S4) cos 9| do 
where cosa, cos and cosy are the direction cosines of the nor- 


mal n and D is the plane region bounded by the contour L. By 
the mean value theorem, the last integral is equal to the product 


lim 








352280 - 


546 Ch. 1X. Line and Surface Integrals. Field Theory 
of the value of the integrand at a point P, of the domain D 
by the area S of this domain. 

When the contour L is contracted to the point P the integrand 
tends to its value assumed at the point P. Therefore we obtain 





pe OA, OA A, OA 
L —_ z y O x z 
lim —} =(S-3 ) cos a -f- ( ~ Ox cos B +> 
dA, OA, 
+ (Gea) cosy 


where the values Of the partial derivatives are taken at the 
point P. The right-hand side of this relation is a scalar product of 
two vectors: of the unit normal vector n to the plane of the con- 
tour L (its projections on the coordinate axes are cosa, cosfi and 
cos) and the vector with projections 


0A, OA, @Ax OA, 4 dA, OA 
“dy oz’ “Gz de NC ay 


The latter vector is called the rotation (or curl) of the vector field 
A(P) (or, simply, of the vector A({P)) and is denoted rot A(P) 
(or curl A(P)). 

IT. Rotation of a vector field and its properties. 

Definition. The rotation of a vector field. 


A(P)=A,i+ A,j+ A 
is the vector (vector field) specified by the formula 


OA, OA,\. , (OAx OA,\,, (OAy OAx 


The projection rot, A(P) of the vector rot A(P) on an arbitrary 
direction n is equal to the limit of the ratio of the circulation 
of the vector field A(P) over a contour enclosing the point P and 
lying in the plane passing through the point P and having the 
vector n as normal to the area bounded by the contour, on con- 
dition that the contour is contracted to the point P in that fixed 
plane. This limit attains its greatest value when the directions of 
the normal n and of the vector rot.A(P) coincide. 

Using the definition of the rotation we can restate Stokes’ the- 
orem as follows: 

The flux of the rotation of a vector field through a surface § 
is equal to the circulation of the vector field over the boundary 
of the surface: 


(| rot, A (P)do == § A, (P) ds 
5 L 
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The latter relation expresses Stokes’ formula in vector form. 

It follows that the fluxes of the rotation across any two surfa- 
ces of the type of S having a given contour L as boundary are 
always equal. 

Let the reader verify the following property of the rotation of 
a vector field: 


rot [C,A, (P) +C,A, (P)] =C, rot A, (P)+C, rot A, (P) 


where C, and C, are scalar constants. 
We shall also prove that if u(P) is a scalar function and A (P) 
a vector function then 


rot uvA=urotA- (grad ux A) 


To this end we shall show that the projections of the vectors on 
the left-hand and right-hand sides of this relation on the coordi- 
nate axes coincide. For definiteness, let us take the axis Ox. Since 
the projections of the vector uA on the axes Ox, Oy and Oz are 
uA,, uA, and uA,, we have 


ouA OuA 0A 0A ‘e] rs) 
rot, uA =F OH y (SE “(A a =) 


Oy dz Oy oz tay“ Y Oz 
The first term on the right is nothing but wrot,A. Since 
ij k 
praduxA = ss 5 =o 
A, A, A, 
we have 


Cu Ou 
(grad uxA), = 425, — Ay 3; 
the latter expression being the second term on the right-hand side 
of the desired formula. The equality of the projections on the 
other coordinate axes is proved similarly... 

154*. Hamiltonian' Operator. Repeated Application of the Ha- 
miltonian Operator to a Vector Field. The fundamental notions of 
gradient, divergence and rotation introduced in vector analysis can 
be represented in a convenient form by means of a special, sym- 
bolic vector operator V (introduced by W.R. Hamilton) called 
ae or del or the Hamiltonian operator. It is defined by the 
ormula 


0 7] 0 
V=5,i+a,i tak 
1 Hamilton, W.R. (1805-1865), an Irish mathematician, 


35% 
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where £, 5 and 2 symbolize the differentiation with respect te 


x, y and z. The multiplication of 2 by an expression (scalar o; 


vector) is understood as the differentiation of this expression wilt 


respect to x; the symbols 5, and 2 are used similarly. 


Let us enumerate the operation rules for this vector operator 
1. The product of the vector nabla by a scalar function u(P) re 
sults in the gradient of this function: 
0.,290 a ou Ou. , Ou 
v=(Sit+sit+gk) us i-+git Gg k=eradu 


2. The scalar product of the vector Vy by a vector function A(P) 
results in the divergence of this vector function: 


7] @., 0 
V-A(P)=(S1+5j+Zk) (41+4,)+4,4) = 
dA, GA, dA, ,, 
3. The vector product of the vector ¥ by a vector function A(P) 
is equal to the rotation of the vector field A(P): 


ijk 
G0 @d <a 
A, A, A, 


@Az Ay 0A, OAz dAy 9A, 
= (Fe) t+ (GEE) 14 (GER) k= ot 07 


Thus, operations involving the vector nabla are performed ac- 
cording to the ordinary rules of vector algebra under the conven- 
tion that the multiplication of = and ka by an expression is 
understood as the differentiation of this expression with respect to 
the corresponding variable. 

The operations of computing the gradient, the divergence and 
the rotation of a given field only contain partial derivatives of 
the first order of the scalar functions involved, i.e. the given scalar 
fields and the projections of the given vector fields. 

The operator ¥ can also be applied repeatedly to a given field. 
Let us discuss the repeated operations involving Y. 

Let uw(P) be a scalar field. The application of the operator ¥ to 
this field results in its gradient grad u. The vector grad wu forms 
a vector field, and we can compute its divergence and rotation 
(div gradu and rot grad vw). 
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If we have a vector field A(P)=A,i-- A,j+ A,k the application 
of the operafor ¥ generates two new fields: the scalar field div A (P) 
and the vector field rot A(P). Therefore. the operator ¥ can be 
applied repeatedly to obtain the gradient of the former field, i.e. 
graddivA(P) and the divergence and the rotation of the latter 
field, i.e. divrotA(P) and rotrotA (P). 

Thus, we have five operations involving repeated application of 
the vector operator ¥Y. Among them the most important role is 
played by the following three operations which we shall discuss 
in more detail: div gradu, rotgradu and divrotA(P). 

(a) For the operation div grad u we have 

, On, On , On 
divgradu=so+ait oat 
Indeed, the gradient of u is given by the formula grad u= 
== 2S i+% j +3 k. On forming the divergence of the vector grad u 
we arrive at the desired equality. Its right-hand side involves the 
operator Stite called the Laplacian? operator and deno- 
ted A; its application to a function uw results in the expression 


hu= St Ste 
Using the symbolic vector Y we can rewrite the expression of 
div gradu=Au as 
div grad u= Au=Y-(Yu)=V2u 
This notation (YA) of the Laplacian operator is also commonly 


used. 
(b) For any scalar field u we have the identity 


rot grada==0 
The identity is readily checked: in this case every component 
of the rotation is the difierence of two mixed partial derivatives 
of the second order of the function uw only differing in the order 
of differentiation and therefore is equal to zero; for instance, 
; O (Gu @ {du 
rotgrad C= ay (3) Pas (5) =) 
To memorize this property it is convenient to-write it down in 
the form 
rot grad v= 9 X (Yu) =(V XV) u=—0 
using the vector Y. Then it becomes (formally) coherent with the 
tule that the vector product of two equal vectors is always zero. 


1 Laplace, P.S. (1749-1827), a French mathematician and physicist. 
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(c) For any vector field A(P) we have the identity 
divrotA(P)=90 
Indeed, the divergence of the rotation of A(P) is compuie? &: 
divrotA (P)=2 (242 +z (4 + 
+£(y— _ A, FAy , PA, FA, , 
Voz\ dx oy ayox  ozox' Gzdy Oxdy” 











CA A, 
i ge@e oe 





the latter expression being identically equal to zero since tt 
mixed partial derivatives involved mutually cancel out. 
Using the operator Y we can write this relation as 


div rotA (P)=¥-(¥~A)=0 


In the latter form this identity is (formally) coherent with th 
rule that the triple scalar product of three vectors among which 
two vectors coincide is always equal to zero. 

The other two operations grad divA(P) and rot rot A (P} isvsl- 
ving repeated application of ¥ are used less frequently. We shel 
not write down their expressions in terms of the projections of it 
vector A(P) and confine ourselves to indicating the following 
relationship between them: 


rot rot A (P) =grad div A (P)—AA (P) 


where AA(P)=AA,i+AA,j+A4A,k (A in the expression AA(P; 
symbolizes the Laplacian operator applied to the vector field A{P)). 
155*. Properties of Some Vector Fields. In this section we shell 
discuss some properties of the simplest vector fields for which 
divA (P)=0 or rot A(P)=0 or both the divergence and the rote- 
tion are equal to zero. 
I. Potential field. A vector field 


A(P)=A,i+ A,jj+ Ak 
is said to be potential if there is a function u(x, y, z) suck thal 


Ae A,== A,=% (*) 


Ox ay’ 
or, which is the same, A=gradu. 
The function u(x, y, 2) is called the pofential or the potential 
function of the vector field u (see Sec. 144). 
By Formula (b) of Sec. 154, we have 


rotA=rol grad u=0 


for such a field. Thus, the rotation of a potential field is icenti- 
cally equal to zero. That is why we call the velocity field of z 
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fluid flow irrotational when this vector field is potential; in such 
a flow there are no vortices in the fluid. In a potential field the 
circulation over any closed contour is equal to zero. 

The work of a potential field (see Sec. 144) is equal to the 
potential difference between the initial and terminal points of the 
trajectory of motion of the particle: 

(B) 


\ A,dx-+A,dy+ A, dz==u(B)—u (A) 
(A) 


The investigation of a potential field is simpler compared with 
the case of a field of general structure since the former is comple- 
tely determined by one scalar function (i.e. by its potential 
u(x, y, 2)). The projections of a potential vector field A(P) on the 
coordinate axes are equal to the partial derivatives of the poten- 
tial function with respect to the corresponding coordinates. In the 
general case a vector field A(P) is determined by three scalar 
functions (the projections of the vector A (P) on thecoordinate axes). 

If a vector field occupies a simply connected domain the results 
of Sec. 143 make it possible to find out whether it is potential 
or not. Namely: 

If a vector field A(P) occupies a simply connected domain and 
the rotation of the field is equal to zero (rot A(P)=0) af all the 
points of the domain the given field is potential. 

Indeed, if rot A(P)=0 then there hold the equalities 


dA, 9Ay dA, OA; OAy dAy 
Re ee ee AM a ay 
Consequently, there exists a function u(x, y, 2) whose total diffe- 
rential is 
du=A,dx-+A,dy+A,dz 
which is equivalent to gradu=—A(P); hence, u(x, y, 2) is a poten- 
tial function of the field. 

It should be noted that if a vector field is defined everywhere 
with the exception of some separate points its domain of defini- 
tion is simply connected; herice, if its rotation is equal to zero 
the field is potential. 

An example of a nonpotential field occupying a multiply con- 
nected domain and having the rotation identically equal to zero 
will be considered in Sec. 156, I]. 

II. Solenoidal field. A vector field A(P) whose divergence is equal 
to zero at all points, that is, 


divA(P)=0, 
is called solenoidal‘. 


1 From the Greek word owAnv tube. The orfgination of this term will be 
elucidated later 
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To characterize the properties of such a field Jet us comside: z 
spatial domain Q satisfying the following condition: 

If a simple closed surface belongs to the domain © the subd:. 
main bounded by this surface also belongs to Q.} 

Examples of domains possessing this property are a ball, tr: 
interior of an ellipsoid, a cube, a half-space, etc.; 2 torus z's 
is a domain belonging to this type. But it is obvious thet! « 
spherical shell does not satisfy this condition. Generally, if 2¢+ 
main has a cavity “(even degenerated into a point) it does r<! 
possess the above property. For instance, if a metal ingot ts: 
ria the domain occupied by it does not satisfy this coxzi- 
ion. 

Now, for a solenoidal field, we can state the following: 

If a solenoidal field occupies a domain possessing the indicate 
property the flux of the field across any closed surface lying in thir 
domain is equal to zero: 


4, (P)do=0 


This assertion is an immediate consequence of the Gauss-Ostro- 
gradsky formula: 


D 4, (P)do=${{ diva (P)do=0 
Y 


If a solenoidal field occupies a domain with cavities (which mest 
often are separate singular points of the field) the flux of the 
field through a closed surface exile 
sing a cavity may be different frox 
zero. An example of this kind is dis 
cussed in Sec. 156, J. 

Now we shall explain why a feld 
with divA(P)=0 is called solensi- 
dal, that is, why its name is conn 
cted with the notion of a tube. Tzke 
; an area S, in the given solensidel 

Fig. 221 field and draw all vector lines of the 

field passing through the points of the 

boundary of S,. These form a tubular surface enclosing 2 pert of 
space called a tube of the vector field (Fig. 221). li this £eld 
describes a fluid flow the particles of the fluid move without 
intersecting the boundary of such a tube. Let us consider the part 
of the tube lying between the surface S, and a section S, of ihe 





1 This property is referred to as acyclicity (in cimension 2) of the domeis @. 
It expresses a certain kind of “connectedness” of the domain diferent from thet! 
of a simply connected domain (Sec. 143). (The property of being simply cenox- 
ted is also referred to 2s acyclicity in dimension 1.) 
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tube (Fig. 221). The flux of the vector field through the whole 
surface bounding this part of the tube is equal to zero. Conse- 
quently, 


{{ A,do+ {{ A,do+({ A,do={{( diva (P)do=0 
S So S, 22 


where S is the lateral surface of the tube and n is the outer nor- 
mal. Since on the lateral surface the normal n is perpendicular to 
the vectors of the field, we have 


(| A,do =0 
s 


{{ A,do = — iy) A,do 


It follows that 


Let us change the direction of the normal to the surface S,, that 
is, take the inner normal n’; this results in 


({ A,do = (( A,do 

S; Se 
Hence, the flux of a solenoidal vector field in the direction of the 
vector lines of the field across every section of a vector tube has a 
constant value, that is, in a field without sources and sinks the 
amount of fluid flowing through every section of a vector tube is 
one and the same. 

According to Formula (c) of Sec. 154, we have 


div rot A (P) =0 


Thus, the field of the rotation of any vector field is solenoidal. 
The converse proposition which we state without proof is also 
true: 
Every solenoidal field is a field of rotation of a vector field, i.e. 
if divA(P)=0 then there exists a vector field B(P) such that 


A (P)=rot B(P) 


The vector function B(P) is called a vector potential of the given 
field A (P). 

II. Harmonic field. A vector field which is simultaneously po- 
tential and solenoidal is called harmonic. If A(P) is such a field 
we have 

A (P)=gradu 


where # is a potential function of the field (which exists since the 
field in question is supposed to be potential). The condition that 
the field is solenoidal means that 


div A (P)=div gradu=0 
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Hence, by formula (a) of Sec. 154, we have 


Ou , du , du 
A function u satisfying the latter relation (known as Laplace's 
equation) is called harmonic. Harmonic functions play an impor. 
tant role in various divisions of theoretical physics. Here we shall 
not dwell on them in more detail. 

156*. Electromagnetic Field. There are many important appii- 
cations of the notions of vector analysis which were introduced in 
the foregoing sections to the theory of electromagnetic fields. Here 
we Shall discuss some simple examples of this kind. 

I. Electrostatic field. Let E be the field of intensity of the 
electrostatic field generated by a point charge q placed at the 
origin, According to Example 2 of Sec. 144, the intensity of this 
field at a point P(x, y, z) is given by the formula 


E=Fiteitek 


where r=) x?-+ y?-|-z? is the distance from the point P to the 
origin. The vector lines of this field are the rays issued from the 
origin where the charge gq is placed. 

The field of intensity E is potential (see Sec. 144, Example 2). 
In electrostatics, as the potential @ of the field E the function 


u==— + found in Sec. 144 is usually taken with opposite sign: 


Q = a . Therefore, E=grad ( — 7) == — pradq. Hence, the poten- 


tial difference between two points P, and P, of the field taken 
with opposite sign is equal to the work performed by the forces 
of the field when unit positive charge is moved from the former 
point to the latter. 

Let us find the divergence of this field. The computations yield 


qx aay qy 
a() : I en o(%) nay 


Ox. da rh % ay r§ 
gz 
i ( 5) __ rt 32? 
dz r8 
whence 
divE= = [3r2?—3 (x? + y? + 2)j] =0 
Consequently, 


the flux of the vector E across any closed surface not enclosing 
the origin is equal to zero. 
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If the origin, that is, the charge, is inside the surface this 
conclusion fails since the field is not defined at the origin. 

Let us determine the flux of the vector E through the sphere 
of radius R with centre at the origin. On this sphere the direc- 
tion of the vector E coincides with that of the outer normal, 
i.e. with the direction of the radius vector. Therefore, 


E,=|E|= ps 
whence we find the flux: 
K= 4a? = 4ng 


We see that the magnitude of the flux is independent of the 
radius of the sphere. It can readily be shown that the flux remains 
the same for any closed surface enclosing the origin. To that end 
we take an arbitrary closed surface S of this kind? and consider 
a sphere with centre at the origin 
lying inside this surface (Fig. 222). 
Let us break up the domain bounded 
by the surface S into a number of 


| 


Fig. 222 Fig. 223 





cones with vertex at the origin (such a cone is shown in Fig. 228). 
Since the portion of each cone enclosed between the corresponding 
parts of the sphere and of the suriace S is a tube of the vector 
field E (see Sec. 155, 1), and the divergence of the field is equal 
to zero, the fluxes through these parts of the sphere and of the 
surface S are equal. On adding together the fluxes through all 
such parts of the sphere and of the surface S we conclude that 
the flux of the vector E across any closed surface containing the 
origin is equal to the flux across the sphere, that is, it equals 41g. 


1 The surface depicted in Fig. 222 is star-shaped with respect to the origin, 
that is, any radius vector intersects it at only one point. It can be shown that 
oe argument of this proof also applies to the general case of an arbitrary 
Surface. 
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Now suppose that the sphere taken inside the given surfazte 
unit radius. Then the flux through the part S, of the cusize § 
(see Fig. 223) is equal fo gw where o is the area of the peiv’ 
the sphere of unit radius corresponding fo that part oj the gite 
surface. The quantity @ is the magnitude of the solid angle +.°: 
vertex at the origin subtended by the surface S,. 

Let us consider the electric field generated by a system cf juz: 
charges g,, q,,---, 9,-- Denoting by E, the intensity of th: f° 
created by the charge g,; and by E the intensity of the resuhe 
field we can write 


e 
ft 


ud 
E= 2, E; 
f=] 
The projection of the vector E on the normal n to any surface*: 


™ 
£, = 2 Ey, 


Thus, the flux of the field across any surface S is wriiten es 


K= QE, d= % G Eds = 4034, 


the last sum >) q; being extended only over those charges wich cre 
inside the surface under consideration. 

The latter formula plays an important role in the theory c’ 
electrostatic fields; in electrostatics it is known as Gauss’ thecrer' 

Now we proceed to a continuous distribution of an eletric 
charge. Let p denote the density of the distribution of the charge’. 
If the charge is not distributed uniformly the density p is 2 fxrx- 
tion of the variable point P of the field, that is, a function ci 
its coordinates. The resultant charge in a given volume Q is 


equal to 
SSS pda 
Q 
Applying Gauss’ theorem to this charge we obtain 
\\ £,dS=42 \\\ odo 
Ss Q 
where S is the boundary of the domain Q. 


1 Jn the system of units SI the intensify of the feld cf a point chew ¢ 
in vscuum is given by the formula on oe where 2, is the electric ore 
4, re s 
tent. Accordingly, Gauss’ theorem is written ome > 9 
2 The cefinition of the densify of electric charge distribution is z<ziogo= 
fo the deEnition of the density of mass distribution (see Se. 133). 
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Let us transform the first integral by introducing div E: 


(\{ div Edu=4n§{{ odo 
Q Q 
It follows that 
{4 (div E—4np)dv=0 


9 


Since the latter integral is equal to zero for any domain of integra- 
tion Q we conclude, arguing by analogy with p. 496, that 


div E=4np (*) 


Let the potential of the electrostatic field generated by this 
charge distribution be g; then E=-—gradq, and, according to 
Formula (a) of Sec. 154, we obtain 


div E = —div grad p= —Ag (**) 
Equalities (*) and (**) imply 


oY 02 a2 
Ap = Satie t x= 4m 
The relation obtained is ‘called Poisson’s equation. If the density p 
is equal to zero within a subdomain or in the whole domain in 
question Poisson’s equation goes into Laplace's equation Ap=0 
(see the end of Sec. 155). In our course we shall not study these 
equations. 

Il. Magnetic field generated by a rectilinear electric current. 
Let us consider the magnetic field set up by a direct electric cur- 
rent flowing through an infinite rectilinear conductor. We shall 
determine the intensity vector of the magnetic field created by 
this current. According to the Biot-Savart-Laplace} law, an element 
of current generates at a given point the magnetic field with the 
absolute value of intensity vector ples anes where / is the inten- 
sity of current, ds is the linear element of conductor, r is the 
distance from the element of current to the point of observation, 
a is the angle between the direction of the current and the 
straight line joining the point of observation to the element of 
current and & is a proportionality factor dependent on the choice 
of the system of units. The intensity vector goes along the normal 
to the plane in which the element: of current and the point of 
observation lie, its direction being specified by Ampére’s? rule 


1 Biot, J.B. (1775-1862) and Savart, F. (1791-1841), French physicists. 
2 Ampére, A.M. (1775-1836), a French physicist and mathematician. 
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(the right-hand screw rule). The vector form of the Biot-Savart- 
Laplace law is 


/ 
di = k —; (ds xr) 


where dH is the intensity of the magnetic field created by the 
element of current, ds is the vector of length 
ds directed along the conductor and r is the 
vector going from the element of current {o 
the point M at which the intensity of the 
MZY,2) field is observed. 

Let the conductor coincide with the z-axis, 
the current flowing upward (see Fig. 224}, 
and let & denote the variable distance from 
the element of current to the origin, x, y 






Fig. 224 
and z being the coordinates of the point M. Then 


ds=d&k, r=xi+yj+(z—§)k 


and 
r=|r|=VP FPF VP Tee 


where pV x?-++y? is the distance from the point M to the con- 
ductor. Computing the aa product we find dH: 








ij 
du =+1/0 0 i => (—ydbi + x08) 
xy z—§ 
This means that 
ki ydt Ride 
dH = ———— dH = d dH,=0 
*~ (Wott eo) Were 


To determine H, and H, we should integrate the corresponding 
differentials from —oo to coo. To this end let us evaluate the 
improper integral 


j ea, 
The substitution E—z=ptanf, d= df leads to the integral 





X rt 
A dt | z 2 
p 
= cost dt=— 
| cos? t (V p?(I-+ tan? f) nH)? p? | p? 
zt zt 
“2 _—s 
Thus 
Qkly 2kly _ 2klx pee 
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This field is not defined at the points of the axis Oz. We see that the 
intensity vector H is in the same direction as the vector of linear 
velocity of a body rotating about Oz (see Sec. 151, 1) if the di- 
rection of the electric current flow coincides with that of the 
angular velocity. The modulus of the vector H is 


aa ape. eR 
|H |=V i+ Hi=-> 


It is readily checked that the divergence of the field H is equal 
to zero. Indeed, we have 


OH, Alix Oy _ ___alxy = OH _ 
ax (x? y?)? "oy (x? ++ ?)? dz 
whence 
divH=0 


The rotation of the field is also equal to zero at all points. To 
verify this property it is sufficient to 
show that 
OH,  OHy 
“dy (O«Ox 
the latter being readily seen: 
GH. _ ony —¥—* and 





oy (x* 4- y?)? 
‘ GH, 2 — x= 
Bt ORY to 
Ox / (x?-+ y*)? Fig. 225 


Consequently, the circulation of the 
field over any contour nof encircling Oz is equal to zero. But if 
we take a contour encircling the z-axis (see Fig. 225) this conclu- 
sion fails since any surface with such a contour as boundary inter- 
sects the axis Oz at whose points the field is not defined. 

Let us compute the circulation round the circle of radius R 
with centre at the origin lying in the plane Oxy. This contour is 
represented by the equations 


x=Reost, y=Rsint, z=0 
Therefore we obtain 


2x 


The circulation is independent of the radius R of the circle. It 
can be proved that it retains the same value for any closed con- 
tour encircling the z-axis. 

157*. Nonstationary Fields. In this section we shal! discuss some 
properties of nonstationary fields for which the specifying functions 
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(the right-hand screw rule). The vector form of the Biot-Savast 
Laplace law is 


/ 
dH =k —; (ds Xr) 


where dH is the intensity of the magnetic field created by th 
element of current, ds is the vector of Jengtl, 
ds directed along the conductor and r is the 
vector going from the element of current {o 
the point M at which the intensity of the 
field is observed. 

Let the conductor coincide with the 2-azis, 
the current flowing upward (see Fig. 224), 
and let & denote the variable distance from 
the element of current to the origin, x, y 





Fig. 224° 
and z being the coordinates of the point M. Then 


ds=d&k, r=xi+yj+(z—§)k 


and 
r=|t|=VF FP 40-8 = VFO 


where p/ x?-+y? is the distance from the point M to the con- 
ductor. Computing the vector product we find dH: 


ij k 
00 dé 


du = £f 
r 
xy 2z—€ 


= =f (—ydbi + xdb}) 








This means that 


ki yd hI xdt 

dH = —-—————_——,, dH, =-—_ = _ and dH, =0 
* (Y p?+ (z—#)?)° YY 9? 4-8)? 

To determine H, and H, we should integrate the corresponding 

differentials from oo to oo. To this end let us evaluate the 

improper integral 


( dt 
J (VY p?-+(z7—8*) 
The substitution ——z=ptant, di =—&-dt leads to the integral 


cos? f 








at zt 
A dt J Z 2 
p 
——————_—__ SS cost dt=-— 
j cos? t (VY p?(1-+ tan?7))® =p” if p> 
re % 
2 Pg 
Thus, 
2Qkly 2kly Qkix 2k! x 
alae ia "xt gy?! Ay= p? oy and ,=0 
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This field is not defined at the points of the axis Oz. We see that the 
intensity vector H is in the same direction as the vector of linear 
velocity of a body rotating about Oz (see Sec. 151, I) if the di- 
rection of the electric current flow coincides with that of the 
angular velocity. The modulus of the vector H is 


|H|=V i+ p= 
It is readily checked that the divergence of the field H is equal 
to zero. Indeed, we have 


OH, Alxy = Oy i AIey nn OH _g 
Ox (x?-+ y*)? ’ Oy (x? + y?)? dz 
whence 
divH =0 


The rotation of the field is also equal to zero at all points. To 
verify this property it is sufficient to 
show that 

dH, dH, 

ay =9 
the latter being readily seen: 


Ox _ opp Y—* and 








oy (ee y?)? 
OH, 2 y2 
Oh} 
Ox (x? -+ y*)? Fig. 225 


Consequently, the circulation of the 
field over any contour not encircling Oz is equal to zero. But if 
we take a contour encircling the z-axis (see Fig. 225) this conclu- 
sion fails since any surface with such a contour as boundary inter- 
sects the axis Oz at whose points the field is not defined. 

Let us compute the circulation round the circle of radius R 
with centre at the origin lying in the plane Oxy. This contour is 
represented by the equations 


x=Rceost, y=Rsint, z=0 
Therefore we obtain 


27 
2kl \ 4 dx + ea dy = 2a! ( SE dt = teal 
L 0 


The circulation is independent of the radius R of the circle. It 
can be proved that it retains the same value for any closed con- 
tour encircling the z-axis. 

157*. Nonstationary Fields. In this section we shall discuss some 
properties of nonstationary fields for which the specifying functions 
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are dependent not only on the spatial coordinates x, y and 2 but 

also on time ¢. A scalar field of this kind is determined by 3 

function u(x, y, z, t); the partial derivative serves as the 

time-rate of the magnitude uw at the given fixed point M (x, y, 2, 
A nonstationary vector field is specified by an equation 


A(x, y, 2, t)= A, (x, Yy, z, thi+ A, (x, y, z, t)j+ 
+ A,(x, y, 2, t) k 


In this case the derivative 2% is a vector given by the formula 


Of 
GA OA OAy,  @A 
a-ailtaitoar 
The derivatives and a are termed partial time derivatives 
or explicit partial derivatives with respect to time t; they charac. 
terize the local rate of change of the fields u and A at the given 

point M(x, y, 2). 
A nonstationary scalar field u generates the vector field of its 


gradient which is also nonstationary. Since grad u = lt Si+zk 


we have , ; sae 
O(gradu) _ Gu Ou oO (Gu 
er. 3 (5) i+3 (Fits 3 k 
On the other hand, the gradient of the scalar field & is 
Gu Of ou Ofdau\.,., af du 
grad a ae (ar) Vay (Sr i tae (ar) 
The equality of mixed partial derivatives of the second order 
immediately implies that 
Similarly, a nonstationary vector field generates the fields of 
its divergence and rotation which are also nonstationary (i.e. 
depend on f). It is easily shown that 
@ (div A) O(rot A) __ OA 
at ot  ~—Sss 


On both sides of the first formula there are scalar quantities while 
in the second formula we have vector quantities. In the deriva- 
tion of these formulas we of course suppose that the conditions 
guaranteeing the equality of mixed partial derivatives of the second 
order are fulfilled for the differentiation with respect to the coor- 
dinates and with respect to time; by the theorem stated in Sec. 114, 


. OA 
= div = and 
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the equality is guaranteed if these derivatives are continuous. 

The formulas of vector analysis presented here play an impor- 
tant role in the study of nonstationary electromagnetic fields des- 
cribed by Maxwell's! equations. 

Now let us discuss some problems arising in the study of pro- 
cesses in moving media. For instance, consider a distribution of 
temperature T in a fluid flow. In the nonstationary case the tem- 
perature depends both on the point where it is measured and on time: 
T =T (x, y, 2, t). If the temperature is measured at a fixed point 
M(x, y, z) then, as was said, its time-rate is equal to the par- 
tial derivative i But if we consider the temperature of a mo- 
ving particle of the fluid it undergoes additional changes since 
the particle may pass from a warm part of the flow to a cold 
one and vice versa. Let the trajectory of motion of the particle 
be described by equations x=x(t), y=y(t), z=z(t). Then the 
projections of the velocity v of this particle on the coordinate 
axes are 

dx dy 


dz 
Top? Y= and v, == —— 


dt 

The temperature T (x, y, z, t) of the particle is a composite func- 
tion of t, and its rate of change is equal to the fotal partial 
derivative with respect to t (see Sec. 116): 


dT OT , OF oT oT 
at Ht Gn P= Gy wT ae Ye 


Uy, 


The sum of the last three summands on the right-hand side is 
equal to the scalar product of grad T by the velocity v; therefore 


dT of 
aT =o tgtad Tv 


Thus, the total partial derivative or (also called the particle deri- 


vative) is the sum of the explicit partial derivative th and the 


scalar product grad T-v. The latter describes the phenomenon of 
convection in the fluid and is called the convective term (the con- 
vective derivative). 

QUESTIONS 


1. How do we determine the work performed in the motion 
of a matertal point in a field of force? 


2. State the definition of the line integral | Puy, y)dx+- 
L 
+Q (x, y)dy over a given contour L. 
1 Maxwell, J.C. (1831-1879), a Scottish physicist. 
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are dependent not only on the spatial coordinates x, y and z but 
also on time ¢. A scalar field of this kind is determined by 3 
function u(x, y, 2, $); the partial derivative . serves as {he 
time-rate of the magnitude u at the given fixed point M (x, y, 2) 
A nonstationary vector field is specified by an equation 
A(x, y, 2, I) =A, (x, y, 2, LVET+A, (x, y, 2, f))4+ 
+A,(%, y, 2, t) k 


In this case the derivative 24 is a vector given by the formula 


at 
OA _OA,, , 9Ay, AA, 
a a ita la ark 
, : Gu OA ee 
The derivatives - and = are termed partial time derivatives 


or explicit partial derivatives with respect to time t; they charac- 
terize the local rate of change of the fieldsu and A at the given 
point M (x, y, 2). 

A nonstationary scalar field u generates the vector field of its 


gradient which js also nonstationary. Since grad u = Hit Si +H 


we have a Si 
O(gradu) _ Ou oO (du a ou 
at =5 (Rita (Fite (|)k 
On the other hand, the gradient of the scalar field = is 


ou Ofdu 0 { ou \ 0 { du 
grad = 5 (Gr) +5 (Ge) ita (ar) & 
The equality of mixed partial derivatives of the second order 
immediately implies that 


0 (grad wu) 
ot 


Similarly, a nonstationary vector field generates the fields of 
its divergence and rotation which are also nonstationary (i.e. 
depend on ?¢). It is easily shown that 

Q(divA) 4. 0A G(rot A) _ 
Fy = div = and a= 


On both sides of the first formula there are scalar quantities while 
in the second formula we have vector quantities. In the deriva- 
tion of these formulas we of course suppose that the conditions 
guaranteeing the equality of mixed partial derivatives of the second 
order are fulfilled for the differentiation with respect to the coor- 
dinates and with respect to time; by the theorem stated in Sec. 114, 


Ou 
= grad —- 








OA 
rot Wr 
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the equality is guaranteed if these derivatives are continuous. 

The formulas of vector analysis presented here play an impor- 
tant role in the study of nonstationary electromagnetic fields des- 
cribed by Maxwell’s' equations. 

Now let us discuss some problems arising in the study of pro- 
cesses in moving media. For instance, consider a distribution of 
temperature 7 in a fluid flow. In the nonstationary case the tem- 
perature depends both on the point where it is measured and on time: 
T=T (x, y, z, t). If the temperature is measured at a fixed point 
M(x, y, z) then, as was said, its time-rate is equal to the par- 
tial derivative A But if we consider the temperature of a mo- 
ving particle of the fluid it undergoes additional changes since 
the particle may pass from a warm part of the flow to a cold 
one and vice versa. Let the trajectory of motion of the particle 
be described by equations x=x(t), y=y(t), z=z(f). Then the 
projections of the velocity v of this particle on the coordinate 
axes are 

dx _. dy __ dz 
=a, Wear and v,=—— 
The temperature 7 (x, y, z, t) of the particle is a composite func- 
tion of f, and its rate of change is equal to the fotal partial 
derivative with respect to f (see Sec. 116): 


qT oT , oT oT oT 
a att ae xt Gy vt ae 


Oy 


The sum of the last three summands on the right-hand side is 
equal to the scalar product of grad T by the velocity v; therefore 


df of 
aT =o tgrad T-v 


Thus, the total partial derivative ots (also called the particle deri- 


vative) is the sum of the explicit partial derivative dl and the 


scalar product grad 7-y. The latter describes the phenomenon of 
convection in the fluid and is called the convective term (the con- 
vective derivative). 

QUESTIONS 


1. How do we determine the work performed in the motion 
of a material point in a field of force? 


2. State the definition of the line integral | P(x, det 
L 
+-Q(x, y)dy over a given contour L. 
1 Maxwell, J.C. (1831-1879), a Scottish physicist. 
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3. How is the computation of the line integral reduced to the 
computation of the ordinary definite integral when the contour 
of integration is specified by parametric, equations? Write dean 
the computation formula. 

4. How is the line integral evaluated when the contour of inte. 
gration is represented by an equation of the form y=y(x) 0 
X= x(y)? 

5. How does the change of the direction of integration afeci 
the value of the line integral? How is the positive direction 
along a closed contour defined? 

6. State and prove Green’s theorem. 

7. When do we say that the line integral is path-independent? 

8. Show that path-independence of a line integral is equivalent 
to the condition that the integral is equal to zero for any closed 
contour. 

9. State and prove the necessary and sufficient conditions for 
a line integral to be path-independent. 

10. Which properties of the line integral and of its element 
of integration are equivalent in the case of a simply connected 
domain? 

11. What is a primitive of a given total differential? Write 
down its general expression. 

12. State the definition of a line integral over a space curve. 

13. State and prove the path-independence theorem for the line 
integral over a spatial contour. 

14. What is a potential field of force? What do we calla poten- 
tial of such a field? 

15. State the definition of a line integral with respect to arc 
length and enumerate the methods for its computation. 

16*. What is a fluid flux across a given surface? 

17*. What is a surface integral? 

18*. What do we call a two-sided surface? Give an example of 
a one-sided surface. 

19*. Give examples of problems leading to a surface integral 
whose integrand is not connected with the choice of the normal 
to the surface and also examples where there is such a connection. 
What do we mean by an integral taken over a definite side of 
a surface? 

20*. How do we evaluate surface integrals? 

21*. State and prove Stokes’ theorem. 

22*. Using Stokes’ theorem prove the necessary and sufficient 
conditions for a line integral over a space curve to be path- 
independent. 

23*. State and prove the Gauss-Ostrogradsky theorem. 

a What is a vector field? Give concrete examples of vector 
fields. 
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25*. What do we call a vector line? Derive (differential) equa- 
tions of vector lines. 

26*. What is the flux of a vector field across a surface? 

27*. State the definition of the divergence of a vector field. 
Derive the formula for the divergence. 

28*. Write the Gauss-Ostrogradsky formula in vector form and 
explain its physical meaning. 

29*. What is the circulation of a vector field? 

30*. Derive the formula for the limit of the ratio of the 
circulation of a vector field over a plane contour L to the area 
bounded by the contour as the latter is contracted to a point. 

31*, State the definition of the rotation of a vector field. Write 
Stoke’s formula in vector form. 

32*. Enumerate the operation rules for the Hamiltonian operator. 

33*. Enumerate the vector field operations involving repeated 
application of the Hamiltonian operator. 

34*. State the definition of a solenoidal field and enumerate 
its basic properties. 

35*. Enumerate the basic properties of a potential field. 

36*. What is a harmonic field? Write down the equation for 
the potential of such a field. 
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3. How is the computation of the line integral reduced to the 
computation of the ordinary definite integral when the contour 
of integration is specified by parametric, equations? Write down 
the computation formula. 

4. How is the line integral evaluated when the contour of inte- 
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15. State the definition of a line integral with respect to arc 
length and enumerate the methods for its computation. 
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17*. What is a surface integral? 

18*. What do we call a two-sided surface? Give an example of 
a one-sided surface. 

19*. Give examples of problems leading to a surface integral 
whose integrand is not connected with the choice of the normal 
to the surface and also examples where there is such a connection. 
What do we mean by an integral taken over a definite side of 
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conditions for a line integral over a space curve to be path- 
independent. 

23". State and prove the Gauss-Ostrogradsky theorem. 

: ae What is a vector field? Give concrete examples of vector 
elds. 


§ 3. Field Theory 563 


25*. What do we call a vector liner Derive (differential) equa- 
tions of vector lines. 

26*. What is the flux of a vector field across a surface? 

27*. State the definition of the divergence of a vector field. 
Derive the formula for the divergence. 

28*. Write the Gauss-Ostrogradsky formula in vector form and 
explain its physical meaning. 

29*. What is the circulation of a vector field? 

30*. Derive the formula for the limit of the ratio of the 
circulation of a vector field over a plane contour L to the area 
bounded by the contour as the latter is contracted to a point. 

31*. State the definition of the rotation of a vector field. Write 
Stoke's formula in vector form. 

32*. Enumerate the operation rules for the Hamiltonian operator. 

33*. Enumerate the vector field operations involving repeated 
application of the Hamiltonian operator. 

34*, State the definition of a solenoidal field and enumerate 
its basic properties. 

35*. Enumerate the basic properties of a potential field. 

36*. What is a harmonic field? Write down the equation for 
the potential of such a field. 
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DIFFERENTIAL EQUATIONS 





§ 1. Differential Equations of the First Order 


158. General Notions. Existence Theorem. When studying the 
integral calculus of functions of one independent variable we dealt 
with the problem of finding an unknown function y from its deri. 
vative or differential. 

The equation 


y’ =f (x) or, equivalently, dy=f (x) dx (*) 
where y is an unknown function of x and [ (x) a given continuous 
function, is the simplest differential equation, .To solve the equa- 
tion, i.e. to determine the unknown function y, we must integrate 
the given function f(x). As is known, this leads to an infinitude 
of functions each of which satisfies condition (*). Ih this chapler 
it will be convenient fo understand the symbol { f(x) deas desig- 


nating a concrete antiderivative of f(x). Then any solution of equa- 
tion (*) is written in the form 


y=\F(x)dx4+C 


As will be seen, we usually deal with equations of a more 
complicated type which contain, besides the derivative y’ and the 
independent variable x, the unknown function y itself. Examples 
of such equations are 


yo+xy=0, xy’—y=0, xy’ =y+%, etc. 
Replacing y’ by o we can rewrite the same equations in the 
form involving the differentials instead of the derivatives: 
dyt+x*ydx=0, xdy—ydx=0, xdy—(y+x)dx=0 


Definition. A differential equation of the first order is an 
equation connecting the independent variable, the unknown func- 
tion and its derivative. 
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The derivative being representable as the ratio of the differen- 
tials, the equation may involve the differentials of the unknown 
function and of the independent variable instead of the derivative. 

Differential equations of the second and higher orders will be 
considered in § 2. 

In this course we shall limit ourselves to studying equations 
whose unknown functions depend solely on one argument?. 

The general form of a first-order differential equation is 


F(x, y, y')=9 


In particular cases the left-hand side of the equation? may not 
contain x or y but t..e derivative y’ always enters into it. We 
shall mainly deal with equations resolved with respect to the 
derivative which are written in the form 


y' =] (x, y) 


Definition. Every function which, when substituted, together 
with its derivative, into the given differential equation, turns 
the equation into an identity is called a solution of the diffe- 
rential equation. 

The simplest examples show that, generally, a differential equa- 
tion possesses an infinite number of solutions. This is, for instance, 
clearly demonstrated by equation (*). It is also readily checked 
that the solutions of the equation y’=-y are the functions y=Ce* 
while the equation y’=- —y is satisfied by the functions y=Ce-* 
where C is any constant number. 

Consider the equation yf =, For x >0 its solutions are the 
functions y=xInx+Cx. For, on finding the derivative y’ = 
= Inx+1+C and substituting it into the equation, we obtain the 
identity 
xInz$Cx+x 

x 


Inx+14+C= 


It is easily verified that for x< 0 the solutions are the functions 
y=xIn|x|+Cx. 

We see that the solutions of the above differential equations 
contain an arbitrary constant C. Now, although all these equations 
are particular examples, we draw the following general conclusion: 


1 These equations are known as ordinary differential equations. The differen- 
tial equations involving unknown functions of several arguments are called par- 
tial differential equations and are treated in courses devoted to equations of 
mathematical physics. 

2 Unless a confusion may occur, we shall often say “equafion” instead of 
“diflerentia) equation”. 
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The differential equation of the first order y’ =f (x, y) posses: 
in the general case, an infinitude of solutions which are usuc 
expressed by a formula y = @ (x, C) containing one arbitrary constan 
(it may happen that C can only vary within some limits). 

Such a family of solutions is called the general solution. Making 
the arbitrary constant C assume some admissible concrete numeri 
cal values-we obtain particular solutions. 

In what follows, when solving concrete problems, we shall most 
often be concerned with particular solutions specified by the so-called 
initial conditions hich are set in order to isolate the solutions 
we are interested in. 

An initial condition for a first-order differential equation is usually 
introduced by setting a pair of values x, and y, of the indepen- 
dent variable x and of the unknown function y which correspond to 
each other. This condition is written as 


y tee = Yo 


Now it is natural to pose the question as to whether there exists 
a solution of the equation y’ =f (x, y) satisfying the given initial 
condition y|,_..=Y, and, provided 
it exists, whether this solution is 
unique. The answer to the question 
is given by the following theorem 
which was stated and proved by 
Cauchy (for this reason the prob- 
lem of determining the particular 
solution specified by a given initial 
condition is referred to as Cauchy's 
problem): 

Cauchy’s Theorem on the Existen- 
ce and Uniqueness of the Solution. 
Given an equation y'’ =f (x, y) 
with an initial condition y [r-+==Yo, 
the particular solution y= y(x) satisfying this initial condition 
(i.e. such that y(x,)==y,) exists in a sufficiently small interval 
[x,—h, x,-+-h] and is unique provided that the function f(x, y) 
and its partial derivative 3° are continuous in an open region 
containing the point Py (%y, $0). 

It should be noted that the existence of the solution is only 
guaranteed for a sufficiently small interval [x,—A, x,-+-A] and the 
uniqueness is guaranteed within the open domain under consideration. 

In our course we shall not present the proof of this theorem. 

Suppose that the conditions of Cauchy’s theorem are fulfilled. 
Then in an interval enclosing the point x, there exists a unique 
solution y=y(x) whose graph passes through the point P, (Xp, Y). 
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If x, is fixed and y, is varied and the conditions of Cauchy’s 
theorem hold in a neighbourhood of every point (x, y,) we obtain 
different particular solutions for different y, (see Fig. 226). This 
demonstrates visually that the differential equation y’ =f (x, y) has 
infinitely many solutions. These solutions depend on the choice 
of the value y,=-C; if y,=C is taken as the arbitrary constant 
we can write y= p(x, C)= (x, Yo). 

Usually the graphs of the solutions entirely fill a region in the 
xy-plane and cover if in such a way that only a single curve 
passes through each point of that region. Then the expression 
y= (x, C) describes the general solution 
in this region. y 

The graph of a particular solution of a 
differential equation is called an integral 
curve of the equation. To the general solu- 
tion y= q(x, C) there corresponds a family 
of integral curves. 

The introduction of an initial condition 
Y\rax,=Yo is equivalent to setting a point 
P(X, ¥Y,) through which the integral 
curve corresponding to the sought-for par- 
ticular solution must pass. 

Hence, given an initial condition, to find Fig. 227 
the particular solution corresponding to it, 
we must choose from the family of integral curves the one passing 
through the point P,(x,, y,). lf the general solution y= q(x, C) of 
the differential equation is known we simply substitute x, and y, into 
it and thus obtain the equation y,=@(x,,C) for determining C. 

Examples. (1) The equation y’=2x has the general solution 
y=x?+C which represents a family of parabolas (see Fig. 227). 
The right-hand side of this equation obviously satisfies the con- 
ditions of Cauchy’s theorem in the whole plane, and therefore only 
a single integral curve passes through each point of the plane. 

To find the particular solution satisfying the initial condition 
Y|\ea1= 2 We substitute the given values into the general solution: 
2=12-+C. Whence C=1. Consequently, the sought-for particular 
solution is y=x?+1. 

(2) As was shown, the equation y’=y has the genera! solution 
y=Ce*. The corresponding family of integral curves (the collection 
of the graphs of exponential functions) is depicted in Fig. 228; 
it also includes the axis of abscissas (for C=0). In this example 
the conditions of Cauchy’s theorem also hold in the whole xy-plane. 

Let us determine the particular solution satisfying the initial 
condition y|,.»=2. The substitution of these data into the gene- 
ral solution yields C=2. Hence, the function y= 2e* is the parti- 
cular solution we have been looking for. 
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(3) For the equation y’= the conditions of Cauchy's 


theorem are, for instance, fulfilled in the half-plane x > 0. As ves 
shown, in this region the solutions are given by the formula 
y=xInx+Cx; this is the general solution in the domain under 
consideration. In this example the family of integral curves is of 
a more complicated structure. 

The general solution of a differential equation is by far not 
always expressible in an explicit form y=@{x, C), and it ts 
sometimes necessary to represent if as an implicit function: 
@ (x, y, C)=0; such a relation is usually called the general integral 
of the differential equation. Generally, the process of finding solu- 
tions of a differential equation is referred to as integration of th 

equation. This terminology by no means 

y implies that the process is reducible to the 

ordinary integration of functions, which is 

only the case for some simpler types of 
equation. 

159. Equations with Variables Separable. 
Let us consider an equation of the form 


fy (y) dy =/, (x) dx (*) 


where f, (y) and f,(x) are given functions. 
Fig. 228 In this differential equation the variables 
are separated in the sense that each variable 
only enters into the member of the equation containing its differen- 
tial. The equation dy =f (x) dx is a particular case of equations (°). 
Both members of equation (*) are differentials of certain functions, 
the differential on the right-hand side is directly expressed in 
terms of the independent variable x while the one on the left involves 
the intermediate argument y which is a function of x. It is this 
functional relationship between y and x that must be found in 
this problem. Performing integration we obtain a new relationship, 
connecting the variables x and y, which no longer involves the 
differentials (since the signs of the integral and of the differential 
mutually cancel out): 


lA @)dy=[f(xdx+C 
Remember that in this chapter we agreed to designate only one 


concrete antiderivative by the symbol \. It is clear that the 
arbitrary constant C can also be written on the right-hand side 
of the last equality. 

If we are given an initial condition y|,_,.—y, the particular 
solution satisfying this condition is found after the corresponding 
value of C has been determined. Using definite integrals with 


x+y 
x 
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variable limits of integration we can immediately write down the 
relation for the sought-for particular solution: 


Y x 
VF y)dy =\f,(xdx 
Ve Xo 


Here the values x, and y, do in fact correspond to each other 
since both members of the equality vanish when the upper limits y 
and x are, respectively, replaced by y, and x,. 

Thus, the solution of differential equation (*) is written in the 
form containing integrals of given functions; in such cases we say 
that the equation is reducible fo quadratures (integrable by quadra- 
tures). 

Examples. (1) Let us find the general solution of the equation 
3y?7 dy =2xdx. On integrating we get y2=x?+C; in this case the 
solution is readily found in the explicit form: y= j~/x?+C. 

(2) Consider the equation £Y _.3x2dx. Let us find its solution 


satisfying the condition y|,_,=2. 

On integrating and writing the arbitrary constant in the form 
In|C\(C=40), which is convenient for taking antilogarithms, we 
obtain InjyJ=x°+In|C], whence 


y =Ce™ 


If we took the arbitrary constant in the form InC the general 
solution would be written as y=-+Ce*’ because in this case we 
must have C > 0. 

Substituting the given initial values into the general solution 
we determine C: a 


Thus, the function y=2e* is the sought-for particular solution 
of the given equation. We could also have used definite-.integrals, 
which would lead to 





g x 
(SE = (3x2 ax 
y ¥ 
0 
that is, 
Iny =<. or Iny—In2=x° 
Now, taking antilogarithms we arrive at the same particular 
Solution: : 
y = 2e* 
We also often deal with equation in which the variables are 


not separated originally but can be separated by means of simple 
arithmetical operations. 
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Definition. A differential equation in which the variables can 
be separated with the aid of the multiplication or division of 
both members of the equation by one and the same expresslon is 
called a differential equation with variables separable. 

For instance, such is the equation 


dy _— fo (x) 
fy (y) 
Here the variables are not yet separated but we obtain an equation 


with separated variables on multiplying both sides by f, (y)dx. 
The variables are also readily separated if the equation has 


the form 
Ff, (*) f, (y) dx + fs (x) f(y) dy =0 (*) 


involving the differentials dx and dy. 
On dividing both sides of the sanation by the product f, (y) f, (x) 
we obtain 





f1 (x) hwy 
73) ot + Rt =o 
Here it is unnecessary to transpose one of the summands to the 
right-hand side. Integrating we get 


hy (*) 4 hy) 4, — 
Aa t SZ @My=e 
It should be noted that the division by f,(y)f,(x) may lead to 
the omission of some particular solutions of equations (**), For 
instance, let /,(Yo) vanish for y=y,: f, (Y)=0. Then the constant 
function y=y, is a solution of the equation. Indeed, we have 
dy=0Q, and hence the substitution of y=y, into equation (**) 
leads to an identity. If x and y are regarded as playing ripe 
roles in the equation, analogous argument shows that if [; (x)= 
then x=x, is also a particular solution of the equation’. 
(3) Let us find the general solution of the equation 


x (y+ 1) dx—(x? + I) ydy=0 


Separating the variables we bring it to the form 





Now the integration yields 
] 2 
= In(x +N)—{ (1-4) d= =€¢ 


1 In the answers given in collections of problems such solutions are usually 
omitted. 
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x in(xt-+ l)—y+Infy+1]=C 
Thus, we have found the general solution, the variable y being 
an implicit function of x. Replacing C by In [C|, we can write 
the solution in the form 


ct Veal 
reat ae a 
In addition, here there exists one more particular solution: y= —I 


(its graph is the horizontal line y=—1). 

160. Some Physical Problems. Although the differential equations 
with variables separable are a narrow particular class of first-order 
equations, there are many problems of physics and mechanics lea- 
ding to them. 

It should be noted that, as a rule, the main difficulty in solving 
a problem of physical character with the aid of differential equa- 
tions lies in forming the differential equation itself. There exist 
no general rules for setting such an equation, and each problem 
requires an individual approach. We shall consider some typical 
examples of this kind to demonstrate techniques of setting diffe- 
rential equations. These examples will help the reader to understand 
the essence of these approaches and proceed fo solving similar 
problems. 

(1) Radioactive decay. It was established experimentally that 
the rate of radioactive decay is proportional to the remaining (not 
disintegrated) mass of the substance. Let the initial mass of the 
radioactive substance be M,. We shall determine the relationship 
between the amount M of the remaining substance and time f. 

The rate of radioactive decay is equal to the derivative of the 


mass M with respect to time ?f, that is, to -. Now, according 
to the above law, we can write the relation 


where &>0 is a proportionality coefficient. It is taken with the 
minus sign since the amount of the substance M decreases as ¢ 
grows, which indicates that the derivative is nonpositive. Sepa- 
rating the variables in the equation thus obtained we write 

dM 


On integrating we obtain 
InM=—kt+inc 


M =Ce-kt (*) 


whence 
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Note that the quantity M, does not enter into the differential 
equation; it only appears in the initial condition which has the 
jorm Miz, =M,-. This condition implies that C=M,. Consequ- 
ently, the particular solution satisfying the conditions of the 


problem is 
M = M,e-* 


The value of the constant & can be determined experimentally by 
measuring the amount of the remaining substance at a time mo- 
ment ¢.* 

The rate of decay is usually characterized by the so-called half- 
life period (or, simply, half-life) T of the substance which is the 
time during which the initial value of M becomes half as large. 


It follows from formula (*) that ans M ,e~*? and, hence, e*? =2 


and T=? It is clearly senseless to speak of the time of 
decay of the entire mass M, since, theoretically, it is infinite. 

(2) Cooling of a body. According to the law established by Newton, 
the rate of cooling of a physical body is directly proportional to the 
difference between the temperature of the body and that of the sur- 
rounding medium. 

Let at time moment ¢=¢,=0 the temperature of the body be T,. 
We assume that the temperature of the medium is constant? and 
equal to T.(T,<T,). We shall be concerned with the problem of 
determining the relationship between the variable temperature of 
the body and time f. 

Let the temperature of the body at time moment ¢ be 7. By 


Newton’s law the rate of change of the temperature, i.e. — 


a! 
is proportional to the difference T—7.. Consequently, 


aT 

= —k(T—T.) 

We assume that £>0 and take the minus sign on the right side 
of this relation since as time ¢ increases the temperature 7 of the 
body decreases. The proportionality factor & depends both on the 
physical properties of the body and on its geometric form (for 
instance, it is apparent that the rate of cooling of a laminated 
steel plate is greater than that of the original ingot). 


Separating the variables we obtain == —kdt, whence 





TT; 
In (T~—T,) Sc kt - In C and T = 7 -+Ce-* 


1 This method of determining the value of a physical constant is often 
used in many similar cases. 

2 If the temperature of the surrounding medium is variable (for instance, 
it may increase as the body is cooled) the problem becomes more complicated. 
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Since T>T, we can write In(7—T7,) instead of In|7T—7,]|. 
Let the reader consider the case 7.> 7, when the body is not 
cooled but heated. 

Substituting the initial values given by the initial condition 
T |tz2o=T, We find C: T,=7T,+C whence C=7,—T,. Finally, 
the law of cooling is written in the form 


T= Te +(To—T-) em 


Here the proportionality factor Ak is regarded as being known. 
Its value can be determined experimentally by measuring the 
temperature T at a time moment ¢.’ Theoreti- 
cally, the temperature of the body only beco- 
mes equal to that of the surrounding medium 
as t[—+ oo. 

In both examples the corresponding phiysical 
law directly implies the relationship between 4 
the derivative of the unknown function and 
the function itself (the independent variable ¢ 
does not enter into the equation). 

We now consider .a more complicated 
example. ; 

(3) Outflow of liquid from a_ cylindrical Eee 
vessel. Consider a cylindrical vessel filled 
with a liquid and having an opening at the bottom. Let us de- 
termine the time of the outflow of the liquid from the vessel if 
the initial height of the column of the liquid is H, the radius of 
the cylinder r and the area of the opening s (Fig. 229). 

The solution of the problem is based en Toricelli’s? law which 
states that if the dimensions of the opening are small compared 
with the height of the column of the liquid the rate of outflow v 
is equal to V 2gh where his the height of the liquid above the opening 
and g the acceleration of gravity*®. (This rate is equal to the velo- 
city with which a body falling freely from a height A reaches the 
ground.) 

If the loss of the liquid were permanently compensated, the rate- 
of the outflow specified by Toricelli's law would remain constant 
and the original amount of the liquid would disappear from the 







1 For instance, if it is known that 7=7, for t=t, then ba inte, 
2 E. Toricelli (1608-1647), a prominent Italian mathematician and physicist, 
a disciple and collaborator of the great Italian scientist Galileo Galilei. 


* Toricelli's law thus formulated is only applicable to an ideal liquid. 


In practice a more precise formula is used: v=p. V 2gh where ut is a coefficient 
dependent on the viscosity of the liquid and the shape of the outflow opening. 
For instance, for water outflowing from a circular opening p ~ 0.6. 
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vessel in time se . But without such a compensation the height 





2its 
of the liquid is constantly decreasing, and the problem becomes 
more complicated. 

Let us denote the height of the liquid in the cylinder at time 
moment ¢ by h (see Fig. 229). The connection between df and dh 
can be found if we suppose that during an infinitesimal time in- 
terval df the rate of outflow remains constant and is equal to }/2gh 
Then the volume dV of the liquid flowing out of the vessel in time di 
is equal to the volume of a cylinder with base s and altitude vdf: 


dV =sV Ighdt 


Let the reader show that this volume differs from the exact vo- 
lume of the outflowed liquid by an infinitesimal of higher order 
of smallness relative to df. 

On the other hand, since the height of the liquid decreases by dh 
the same volume is expressed as 


dV =—w*ar2dh 


(the minus sign has been put here since dh < 0). Equating the two 
expressions for dV we arrive at the differential equation 


sV 2ghdt = —snr? dh 
Let us rewrite the equation in the form 


nr? 
dt = a“ Viah dh 


The integration of the latter equation results in 


____2nr? 
t= Vir VA+eC 
Since Alrag =H, we have 
C 2mr VH 


=e 
t=" (VH-Vn) 
s V 2g 


The resultant formula expresses the time of outflow ¢ as a fun- 
ction of the height of the level of the liquid h. Putting h=0 we 
determine the total time of outflow: 


2nr2 
= V 2¢ ve 
161. Homogeneous Equations of the First Order. Linear Equa- 
tions. In this section we shal! consider some important classes of 











Finally, 
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simple equations of the first order reducible to equations with 
variables separable. 

I. Homogeneous equations. 

Definition. The equation 


y=f (x, y) 


is said to be homogeneous if the function f(x, y) can be repre- 
sented as being dependent solely on the ratio of its arguments: 


F(x, =o (S) 
For example, the equation 
(xy —y?) dx —(x*—2xy) dy=0 


is homogeneous since it can be rewritten in the form 


In the general case the variables entering into a homogeneous 
equation are not separated, but the introduction of an auxiliary 
function u(x) determined by the formula 


am Ess 
eu Or y= xu 


transforms the homogeneous equation to an equation with variables 
separable. 
Indeed, the derivative y’ is expressed as 


y’ =u+xu’ 
and hence the equation y’=@ (4) takes the form 


utxu'’=q(u), that is, xZ = @(u)—u 


It follows that 
du __ ax 


@(u)—u & 





and after the integration we obtain 
du 
\aaypra= ni zl+e 


On finding from this relation the variable u as function of x and 
returning to the original unknown function y=xu we receive the 
sought-for solution of the homogeneous equation. 
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In most cases it is impossible to find an explicit expression for u. 
Then, after the integration, we should replace w in the left-hand 


Side by 4, which leads to the solution of the equation in implicit 


form. 
It is of course supposed that p(u)—u 40. If p(u) =u then 


o(f\=Z, and no transformation is needed since the given 


equation y= is one with the variables separable. 


As has been already pointed out, if the denominator o(u)—u 
turns into zero only for an isolated value u,, the function u=u, 
is a solution of the transformed equation and the function y=u, 
satisfies the original equation. 

It is unnecessary to learn by heart the above formulas since it 
is simpler to carry out all the calculations in every concrete case. 

Example. Let us solve the homogeneous equation 











- xy—y? 
y ~ x2 Qxy 
The substitution y= xu leads to the equation 
,_  u—u? ; du__—s\ fu—uw ee es 
u-+- xu! =——-- or, equivalently, —=-— (= —u) =o 
Separating the variables we receive 
1~—2u dx 
u? du=— 


whence = 42In|u| =In|=1. Hence, In (crys) =In| =I, and con- 
sequently, 


Sf & 


: On returning to the variable y we arrive at the general solu- 
ion 

y z= 

—e¥ =C 

x 


II. Linear equations. Another frequently encountered type of 
first-order equations are linear equations. 
Definition. An equation of the form 


y +Pp(*) y= (%) (*) 


which is linear with respect to the unknown function and {ts 
derivative is called linear. Here p(x) and q(x) are given conti- 
nuous functions of the independent variable x. 
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The following artificial technique reduces equation (*) to two 
equations with variables separable. Let us represent the function y 
as a product of two functions: y =u (x) v(x). One of these functions 
can be taken quite arbitrarily and the other should then be de- 
termined, depending on the former, in such a way that the whole 
product satisfies the given linear equation. The arbiirariness in 
the choice of one of the functions u and v is used for simplifying 
the resultant equation appearing after the substitution. 

From the equality y=uv we find the derivative y’: 


y =u’u+uv’ 
Substituting this expression into equation (*) we obtain 
u'o-+ uv’ + p(x) uv= q(x), ie. u’utu(v’ + p(x) v) =q (x) 
Now let us take as uv an arbitrary particular solution of the 


equation 
ui +p(xjo=0 (**) 
Then we obtain the equation 
u'u=q (x) rs) 


for determining u. 
We shall begin with finding v from equation (**). On separating 
the variables we obtain 


d 
<== — p (x) dx 
whence 
Inv=— ( p(x)dx, that is, v=e aN 
As was agreed, the sign of the indefinite integral designates here 
a particular antiderivative of p(x), and therefore uv is a completely 


determined function of x. 
Now, knowing v, we readily find uw from equation (***): 


x dx 
de 9g (ed PO, dumg(rye “de 
and, hence, 
a= Cg (ne? “dec 


In the latter formula expressing u we take the family of all the 
antiderivatives. Finally, knowing u and v we determine the sought- 
for function gy: 


= x) dx x) dz 
y=uv=e pee 1S acne!” dx+-c} 
This formula expresses the general solution of linear equation (*). 


37—2280 
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The final result remains unchanged if we add an arbitrary 
constant C, to the integrals standing as exponents. Indeed, this 
second arbitrary constant is cancelled ouf in the ultimate formula 
since one factor has e“: in the denominator while the other has 
if in the numerator. 

The problem can also be solved with the aid of definite inte. 
grals with variable limits of integration. This yields 


x x 
- f pixydx ; fpwds 
a LS \ g (x)e* dx+-C 


Xq 


x x 
- if p (x) dx f pix) dx 
y=e * \ g(xe™ dx+C 


The particular solution corresponding to the initial condition 
Y\c=xg—= Yo iS obtained from the last formula if we pul C=y,. 

Here again we underline that instead of learning by heart the 
general formula it is preferable to memorize the method of solu- 
sion and apply it to every concrete problem. 


u=e 


and 


Examples. (1) Let us solve the equation y toy ee, 


We put y=uv; then y’=u’v+uv'. Furthermore, u'v-+uv! + 


1 sin x ' ,, U\_ Sing py 0 

+ Wu =, and thus w’v-+u(o +2)= r . Let vi +—=0, 
d : 

Then e-—o, and, hence, In|v{=—In{+|, i.e. v=—. Conse: 


, I sing 
quently, u’.--=—— 


Finally, we obtain 


, whence u’=sinx and u=—cosx+C. 


y= uv=—(—cosx+C) 


(2) Let us find the solution of the equation y’—xy=1 satisfying 
the initial condition y|,-»=0. Here p(x)=—x, g(x)=1, x, =0 
and y,=90. By the general formula we obtain 

aan 
y=e? (e 2 dx 
0 
Despite the fact that the integral on the right-hand side cannot be 
expressed in terms of elementary functions (see Sec. 85) the 
roblem is considered as being solved since an expression for the 
unction y involving quadratures has been found. The values of 
y can be determined by means of numerical integration. By the 
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way, in this case it is unnecessary to resort to approximate inte- 
gration since there are extensive tables of values for the integral 


x 


Se 2 dy (more precisely, the tables are compiled for the function 
0 


—* _ xt 
M (x) = V ze *dx known as the probability integral or La- 


0 
place's function). 

There are some more complicated equations which can be reduced 
to linear ones. For instance, let us take the so-called Bernoulli’s* 
eguation 

y’ + p(x)y=q (x)y” 
For n=O it becomes a linear equation and for n=1 its vari- 
ables are separable. For other values of nm it is reduced to a li- 
near equation with the help of the following artificial transforma- 
tion. We divide both members of the equation by y” and rewrite 
it in the form 
y-"y' + p(x) y-"** = q (x) 
The introduction of the auxiliary function y-"*!=z gives 
(—n+1)y-"y' =2', which transforms the equation to 
2° + (—n-+1)p(x)z=(—n+ 1) q(x) 
The latter is a linear equation. On solving this equation and 
returning from z to y we obtain the solution of the original 
equation. 

Now we proceed to an important electrical engineering problem 
leading to a linear equation of the first order. 

Consider an electric circuit containing a resistance R, an in- 
ductance L and an electric-current source with electromotive 
force G (see Fig. 230a). As is known from physics, if J is the 
electric current flow then 


dl 
€=RI+L—- 


This is a linear differential equation with respect to the unknown 
function /=/(f) which can be written in the form 


We shall solve this equation with the initial condition /|;29 =0. 
Thus, we are concerned with the problem of switching on an 
electric current source. 


1 Jacob Bernoulli (1654-1705) and Johann Bernoulli (1667-1748), Swiss 
mathematicians, contemporaries of Leibniz and Newton, whose extensive 
scientific research and pedagogical activity ccntributed much to the development 
of mathematical analysis. 
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Making use of the general formula expressing the solution o 
a linear equation in terms of definite integrals we obtain 


Performing the integration we get 


aate 
t= $ (1 . ) 


This formula describes the process of growth of the current it 
the circuit after the electric source has been switched on; th 
graph representing the dependence of / on ¢ is shown in Fig. 230b 


L 
R 
(a) 
vi I 
1A 
R Ip 
a t t 
(6) (¢) 
Fig. 230 


Now let us proceed to the problem of switching off the electric 
current source (for the same circuit). In this case we put /t-o =/, 
and §€=0.! This leads to the equation with variables separable 
dJ R 


aw 


wot 
a =—-!. Solving the equation we obtain J=/,e “ , which 


shows that after the source has been switched off the current doe: 
not vanish instantaneously but decreases in accordance with ar 
exponential law; the graph of this function is shown in Fig. 230c. 

We suggest that the reader consider the case when a sinusoidal 
voltage U=U,sinw? is applied to the terminals of the circult. 


< Here we do not discuss the question of technical realization of such a clr. 
cuit. 
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162. Exact Differential Equations. Let us write down the diffe- 
rential equation of the first order in the general form involving 


differentials: 
P(x, y)dx+Q (x, y)dy=0 (A) 


Definition. If the left-hand side of equation (A) is the total 
differential of a function a(x, y) it is called an exact diffe- 
rential equation. 

If the functions P(x, y) and Q(x, y) and their partial deriva- 
tives are continuous in a simply connected domain equation (A) 


is exact if and only if 2S. 
Using the methods of reconstructing a function from its total 
differential (see Sec. 115, I and Sec. 142) we find a function 


u(x, y) such that 
du (x, y) = P (x, y)dx+Q (x, y) dy 
Then equation (A) can be written as 
du (x, y)=0 


The last equality means that the variables x and y are connected 
by the functional relationship 


u(x, y)=C (*) 
where C is an arbitrary constant. This relationship expresses the 
general solution of equation (A). Consequently, the integration 
of equation (A) reduces to finding a primitive of its left-hand 


side. 
Example. Let us find the general solution of the equation 


(e” + x) dx-++ (xe” —2y) dy =0 
As was shown (see pages 397 and 503), the left member of this 
equation is a total differential, namely, that of the function 
u(x, Y= Z+xe—y" 


Here we only need one particular primitive and therefore the 
arbitrary constant in the expression of u(x, y) is omitted. 

According to formula (*) the general solution of the given 
equation is expressed by the relation 


x 4xe¥—y? =C 
representing y as an implicit function of x. 


163. Approximate Methods of Solving First-order Differential 
Equations. 
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I. Direction field. If none of the particular methods of solvinz 
differential equations is applicable to a given equation of th: 


first order 
y’ =f (x, ¥) (") 


or if the integration involves too extensive calculations it is 23. 
visable to resort to some approximate methods of solution. Here 
we shall present Euler’s graphical method and the numerical method 
of integration implied by it. Before proceeding to the study ci 
these methods we shall discuss the geometric meaning of the first- 
order equation (*). 

At every point P(x, y) of the region in the xy-plane where th: 
conditions of Cauchy’s theorem (Sec. 158) hold equation (*) spe- 
cifies the value of the slope-of the 
tangent to the integral curve pas- 
sing through the point P(x, y). 
Thus, we have tana=y’ =f (x, y) 
where a is the angle of incline- 
tion of the tangent to the axis Ox. 
This can be represented by a rec- 
tilinear arrow with slope equal to 
f(x, y) passing through the point 
P (Fig. 231). Thus, equation (*) 

Fig. 231 specifies in the plane Oxy the so-cal- 

led direction field. For constructing 

the direction field it is convenient to make use of the so-called 
isoclines of the field. 

An isocline of the equation y’ =f (x, y) is a locus of points with 
the same constant slope (y’ =const) of the field. The equation of 
an isocline is readily obtained if we substitute the corresponding 
value y’=C into the differential equation: 


C=f (x, y) 
For arbitrary constant values of C this equation represents a fa- 
mily of isoclines of differential equation (*). 
At all the points of an isocline corresponding to a given value 
of C the tangents to the integral curves have the same direction. 
Consequently, the integration of a differential equation can be 
interpreted as the process of constructing the lines whose tangents 
at all the points go in the direction of the field. 
As an example, consider the equation 
y=ur+ty 
This is a particular case of Riccati’s! equation; il cannot be inte- 





1 J.F. Riccati (1676-1754), an Italian mathematician. Riccati’s general equ- 
ation is written as y’=P (x) y2?+Q (x) y+R (x). It was proved that, except 
some simple particular cases, its solution cannot be expressed in terms of‘inte- 
grals of elementary functions. 
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grated by means of any standard method given in the foregoing 
sections (generally, if is nonintegrable by quadratures). 

To construct the direction field let us investigate the isoclines 
of the given equation. They obviously are the circles x?-+-y?=C 
with centres at the origin. It is clear that we have y’=0 only at 
the origin; at all the other points y’ >0. The value y’ =0.5 cor- 
responds to the circle of radius ~ 0.7 (for this isocline a ~ 26°). 
Similarly, on the circle of radius 1 we have y’ = 1 (that is @= 45°), 
etc. The greater the radius of the circle, 
the greater the slope of the tangent (see 
Fig. 232). 

In order to construct an integral curve 
we must take an initial point and draw a 
curve through it such that its tangent at 
each point goes in the direction of the 
field, that is, touches the corresponding 
arrow. A number of such curves are schema- 
tically shown in Fig. 232. 

We now proceed to methods of approxi- 
mate integration; in what follows we assu- 
me that the conditions of the existetice 
and uniqueness theorem are fulfilled. 

II. Euler’s method. We shall consider Euler's method for con- 
structing an integral curve of the first-order equation 


y' =f (x, ¥) (*) 


passing through an initial point M,(x,, y,). This can be made 
approximately by means of simple constructions completely ana- 
logous to those used for the 
graphical integration of a 
function, that is for solving 
equation (*) in the particular 
case when f(x, y) is a fun- 
ction solely dependent on x 
(see Sec. 95). 
Let us break up the inter- 
val [x,, x] into n parts with 
Fig. 233 the aid of points x,, x,, ... 
weey Xq-, (Fig. 233). Next, 
through the points of division we draw straight Jines parallel to Oy 
and then successively perform the following standard operations. 
Compute the value of f(x, y) at the point M, (%, y,); according 
to equation (*), f(x, Yo) is equal to the slope of the integral curve 
at the point M,(x,, y.). To construct the direction of the field 
at the point M, we take a point P on the x-axis to the left of 
the origin at a distance OP=1 (the scale for measuring OP may 





Fig. 232 
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be different from that along the coordinate axes), lay off on th 
axis Oy a segment ON, whose length relative to the scale of OP 
is equal to the number [(x,, y,) and join the point N, by a straight 
line to the point P. Then the direction of the segment PN, obvio- 
usly coincides with that of the tangent to the integral curve at 
the point M,. Now draw from M, a line segment parallel to Px, 
to intersect the line x=x,. We thus obtain a point M, which is 
taken as the point of the integra] curve corresponding to x=x,. 
This construction is equivalent to replacing the arc of the curve 
on the subinterval [x,, x,] by a segment of its tangent at the 
initial point. Next we compute the value of f(x, y) at the new 
point M,(x,, y,); this value f(x,, y,) is equal to the slope of the 
tangent to the integral curve at the point M,. Setting, on the 
y-axis, a segment ON, of length equal, relative to OP, to the 
number f(x,, y,) we join it with P by a straight line and then 
draw from the point M, a line segment parallel to PN,. This seg- 
ment intersects the line x=x, at a point M, which we take as 
the point of the integral curve corresponding to x =x,. 

In the same manner we successively construct the points of the 
curve corresponding to the points of division x,, x,, ... of the 
interval [x,, x] until we arrive at the point M (x, y). The poly- 
gonal line M,M,M,M, ... M,-,M thus obtained is taken as an 
approximate integral curve passing through the initial point 
My (Xo, Yo). 

III. Numerical integration. Now we describe analytically Euler's 
procedure for approximate integration of the differential equation (*). 

The first operation yields the following relation between the 
coordinates of the points M, and M;: 


Y,—Yo=F (Xo, Yo) (%1—%o) (1) 
The second operation results in the analogous equality 
Ys—Y1 =F (Xs Y1) (42-41) (2) 
and so on; finally, the nth operation gives 
Y—Yn—-1 =F (Xn-1» Yn—1) (¥—%q-1) (n) 


These n equalities make it possible to determine, in succession, 
the values of the unknown function at the points of division of 
the interval {x,, x]. Indeed, the first equality specifies y, for the 
given x, and y, and the chosen x,, from the second equality, for 
the known x, and y, and the chosen x, we find the corresponding 
value y,, etc., until the desired value y is determined. 

The smaller the maximum subinterval (that is, the greater the 
number n) and the closer the point x to x,, the more precise the 
ultimate result. 


§ 1. Differential Equations of the First Order 585 


Thus, the practical computation of the approximate value of y 
can be carried out by means of equalities (1)-{n). This scheme is 
one of the methods of numerical integration of equation (*). 

Example. Take the equation 

y" = xy? + | 

It cannot be solved by any of the exact methods for integrating 
first-order equations. Let us find an approximate solution of this 
equation on the interval {0, 1] satisfying the initial condition 
y|.29=0 and compute y for x=1. . 

Divide the interval (0, 1] into four parts with the help of the 
points x,=0, x,=0.25, x,=0.5, x,=0.75 and x,=1 and denote 
as Yo, ¥;, yz and y, the values of y’ at the points x,, x,, x, and 
Xy, respectively. Since x,=0 and y,=0, we have y,=1, and hence 


Y, = 1 (xX; —X_) =0.25; M, (0.25, 0.25) 


Furthermore, 
y, = 0.25-0.25?4- 1 = 1.016 
Therefore 
y, = 0.25 + 1.016-0.25=0.504; M, (0.5, 0.504) 


Then we find 
y, = 0.5-0.5042+4 1 = 1.127 


yy = 0.504 -+ 1.127-0.25=0.786 and M,(0.75, 0.786) 


Finally, 
y; = 0.75-0.786? + 1 = 1.463 
and 
y= y, =0.786-+ 1.463-0.25 = 1.152 


Consequently, y=1.152 is the sought-for approximation to the 
value at the point x=1 of the particular solution of the given 
equation specified by the initial condition y|,_,=0. 

There exist many more precise methods for approximate inte- 
gration of differential equations; they are treated in special books 
(for instance, see [8], [12] and [13}). 

164*. Singular Points and Singular Solutions. Envelope. 

I. Singular points. Let there be given an equation y' =/ (x, 4). 
Suppose that the function [ (x, y) satisfies the conditions of Cauchy's 
theorem on the existence and uniqueness of the solution (see 
Sec. 158) at all the points of a given region in the xy-plane 
except a point (x,, y,). A point of this type is said to be a sin- 
gular point of the differential equation. Through each point of this 
region, except the singular one, there is only one integral curve, and 


io)! 
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our task is to investigate the behaviour of the integrel cure 
passing through the points lying close fo the singular point. Here 
we shall limit ourselves to demonstrating some typical examp!s 
without presenting the general investigation. 

First of all, let us agree to consider the variables x end vz: 
playing equivalent roles in the equation; this means thet ve cz: 
interpret y as a function of x or x as a function of y. This co-- 
vention makes it necessary to state a more precise definition ci < 
singular point. As an instance, take the equation at Tkz 
point (0, 0) is its singular point since the right member of ¢ 
equation is discontinuous for y=0. But if x is regarded as beir 
dependent on y which is taken as ay sndepenaen: variable end 


the equation is written in the form % ay the point (0, 9) is ro 


longer singular because the right-hand side of the latter equetin G 
obviously satisfies all the conditions of Cauchy's theorem. Fer 


Cad 
oe 
an 
0 
if 
\, 


initial point (0, 0) it possesses the only solution rok, The cz 


responding integral curve is a parabola tangent to a ig Gi 
Ordinates at the origin. Thus, there is only one integral curve 
passing through the point (0, 0), and therefore we have he reesoi 
to consider it as singular. The same refers to any other point oj 
the axis of abscissas. 

That is why we shall only consider as singular those poinis 
(%,, Y,) at which the right members of both equations 


dy - dx j 

ami lx, y) and Te a 

are simultaneously discontinuous. For instance, this is the ces 
jor the equations 


ay  Ax--Ey aed dx Cx+Dy " 
dy  Cx+Dy dy Ax—~By dl 


at the origin since both right members have no limits when x 
and y tend to zero in an arbitrary manner (see an analogous exem- 
ple on PP. 374, 379). 

Below are several examples demonstrating the investigation c! 
seer Ha of type (*). 

(1) 2 7p = 2. Separating the variables and integrating we obtain 
In |y|=2In|x|+In|C| whence y=Cx?, This is an equation of z 
jamily of parabolas. Now, writing the differential equation in the 


form xdy—2ydx-=-0 we find two more particular solutions: y=0 
and x=0. In this example all the integral curves pass through 
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the singular point (i.e. through the origin; see Fig. 234). Such 
Singular points are called nodes (nodal points). 


Let the reader check that for the equation wit with A>0 


the singular point (0, 0) is also a node. In particular, for A=1 
the family of integral curves consists of the straight lines passing 
through the origin. 


w A 
ONG 


| 


Fig. 234 Fig. 235 





(2) oe The general solution of the equation is of the 


form y= and represents the family of the rectangular hyperbo- 


las. To obtain all integral curves we must add to this family the 
axes of coordinates: y=0 and x=0 (Fig. 235). This is the so-called 
saddle point of the differential equation. 

The situation is analogous for the y 


equations %=—-—27-% and =~ when 
q dx x y 


dx 
4 > 0. 
(3) w=. The general solution is 


x?-+y%=C and the integral curves are the 
circles with centre at the origin (see Fig. 
236). A singular point of this typeis termed 
a centre; there is no integral curve passing 


through it. For the equation &=—12 


y 
where A4>0 the singular point at the origin is also a centre; the 
family of integral curves is formed of the ellipses with centre at 
the origin. 


(4) tae. The substitution y=ux brings the equation, after 


some simple transformations, to the equation with variables se- 


Fig. 236 
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parable = du=2 . On integrating and returning to y we oblain 
} 2 
arctan — In (1-+4) + InC=Inx 
wherice 


arctan Le 


Vety=Ce  * 


In the polar coordinates with pole at the origin (x=rcosg, 
y=rsing) the equation of the family takes the simpler form: 


r=Ce? 


This is the equation of logarithmic spirals (see Sec. 49) shown 
in Fig. 237. Here we have a singular point referred to as focal. 

It can be proved (but we shall not go into particulars) that 
for equations (*) the origin is always a singular point of one of 
these four types, that is a node, a saddle, a centre or a focus pro- 
vided that AD—BC=<0. 

The investigation of singular points of more complicated equa- 
tions is an extremely sophisticated problem which we shall not 
discuss in this course. 


y 


P(E, 


Fig. 237 Fig. 238 


If. Singular solutions. Envelope. A solution of the differential 
equation y’=f[ (x, y) is said to be singular if at its every point 
the uniqueness of the solution of Cauchy's problem ts violated. This 
means that in every neighbourhood of each point P(x, y) of a 
singular solution there are at least two integral curves passing 
through the point P (see Fig. 238); at the point P these curves 
have one and the same tangent line whose slope is equal to tana = 
=y' =f (x, y). The conditions of Cauchy’s theorem are of course 
violated at all the points of a singular solution. 


2 

Let us begin with the simple equation y’ =3y. On separating 
the variables and integrating we arrive at the general! solution 
y=(x+C)*. Besides, the equation evidently has ong more solu- 
tion y=0 which cannot be obtained from the general solution for 
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any value of C. It is clearly seen in Fig. 239 that all the integral 
curves (they are cubic parabolas) are tangent to the x-axis at the 
points of that axis. Hence, the function y=0 is a singular solution. 

The appearance of this singular solution of the equation is ac- 
counted for by the fact that although the right member eu func- 


2 
tion 3y7 | is continuous everywhere its derivative with respect 
! 


to y which is equal to 2y 3 for y=40 does not exist for y=0 
and hence one of the conditions of Cauchy’s theorem is not ful- 
filled. 

Now we proceed to the general case. Let a differential equation 
y’ =f (x, y) have a general solution y=@(x, C) (or a general in- 
tegral O(x, y, C)=0) describing 
a family of integral curves. It may 
happen that there exists a curve 
tangent at its every point to an 
integral curve of the family, its 
every arc being tangent to an infini- 
te number of curves of the family. 
A curve of this kind is called an 
envelope of the family of integral 
curves. The envelope (provided it 
exists) is also an integral curve 
of the given equation since at Fig. 239 
every point it is tangent to an 
integral curve of the family and hence its tangent goes in the 
direction of the corresponding field (see Sec. 163, I). At each 
point of the envelope the uniqueness of the solution of the 
Cauchy problem is violated. 

We deal with envelopes of families of curves not only when 
investigating singular solutions of differential equations but also 
in some other problems. For instance, in Sec. 67 we showed that 
the evolute of ‘a plane curve is the envelope of the family of nor- 
mals to that curve (which is the evolvent). 

Ifl. Envelope of a family of curves. Let F(x, y, C)=0 be an 
equation describing a family of curves dependent on one parameter 
(a one-parameter family of curves). We shall suppose that the func- 
tion F(x, y, C) possesses continuous partial derivatives with respect 
to all its arguments and that none of the curves of the family 
has singular points?. Let the given family have an envelope tan- 





1 For this condition to hold it is sufficient that at every point of any curve 


F (x, y, C)=0 the partial derivatives Fy (x, y, C) and Fy (x, y, C) do not vanish 
simultaneously. 
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gent to every curve of the family at exactly one point (Fig. 240). 
The coordinates x and y of such a point P are completely deter. 
mined by the curve of the family to which that point belongs, 
and the curve itself, in its turn, is specified by the corresponding 
value of the parameter C. Therefore we can write 


x=x(C), y=y(C) (*) 


When the parameter C is varied the point P moves along the 

envelope; consequently equations (*) give a parametric representation 

of the envelope. It is of course 

Pz) Z=Z(C) supposed that the envelope is a 

YO smooth curve, which means that 

the functions (*) are continuous 

and possess continuous deriva- 

tives not turning to zero simul- 
Fig. 240 taneously. _ 

Let us write down the con- 

dition expressing the fact that the 

envelope and the corresponding curve of the family have a com- 

mon tangent at the point P. The slope of the tangent to the en- 

velope is obtained by the rule for differentiating a function repre- 








e 


sented parametrically: &,,.,.= y= =, The slope of the tangent to 
the curve of the family is found according to the rule of differen- 


F 
rameter C: heurve= = — +, 
x Fy 
Equating these slopes we obtain 
Ye Peo. Ptr. eps 
oo ——+, ie. Fyxo+ Fyyc =0 
Xo Fy 


Furthermore, for any value of the parameter C the point of 
the envelope having the coordinates x(C), y(C) belongs to the 
curve of the family specified by the same value of C, and there- 
fore the equality 


F[x(C), y(C), C}=0 


must be fulfilled for all C. The total derivative with respect toC 
of the left-hand side of the equality is thus equal to zero: 
Fyxe+ Fie + Fo =0 


Now taking into account the equality of the slopes we obtain 
Fo=0. 


§ 1. Differential Equations of the First Order 591 


Thus, if the envelope exists the functions (*) representing it 
parametrically must satisfy the relations 


F (x, Y, C)=0, Fe (x, Y; C)=0 (**) 


Since it is unknown in advance whether there exists an enve- 
lope the following assertion which we give without proof is of 
great importance: 

If the function F(x, y, C), satisfies the above conditions and if 
it is possible to find from equations (**) functions x(C) and y(C) 
which yield parametric equations of a smooth curve this curve is 
the envelope of the family of curves F (x, y, C)=0. 

If the family of curves is given by an equation y=q@(x, C) the 
equations (**) are simplified: 


y=(x, C), Pe(x, C)=0 Cr) 
Examples. (1) Let us find the envelope of the family of circles 
(x—CP+y=1 


The differentiation with respect to C yields 2(x—C)=0. Equa- 
tions (**) then reduce to one equation y2=1 whence y=1 or 
y=—1. Consequently, the envelope consists of two straight lines 
parallel to Ox (see Fig. 241). 


y 
I 
Zz 
0 Zz 
Fig. 241 Fig. 242 


(2) Consider the envelope of the family y=(x-+C)?; this is the 
family of integral curves of the differential equation considered 
at the beginning of Sec. II. Here equations (***) reduce to the 
equation y=0; hence, the envelope is the x-axis (see Fig. 239). 

In this example the envelope intersects all the curves of the 
family and is tangent to them at the points of intersection. 

If the function F(x, y, C) does not satisfy the above conditions 
equations (**) may not represent an envelope. For instance, take 
the family of semicubical parabolas y3—(x+C)*=0 (Fig. 242). 
Here equations (**) reduce to one equation y=0O. It is clearly 
seen that the axis Ox is not an envelope but a line consisting of 
the cusps of the curves of the family and thus is its cusp locus. 
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In conclusion let us consider Clatraut’s' differential equation 


y=xy + oy’) 
Its general solution is readily found: 


y=Cx+ 9 (C) 
Indeed, this formula implies y’=C, and the substitution into the 
equation leads to the identity Cx+(C)=x(C)+(C). Geomet- 
rically, this general solution is a family of straight lines. 

In problems leading to Clairaut's equation we most often are 
interested in its singular solution which is the envelope of the 
family of straight lines. This solution is given by the parametric 
equations y=Cx-+@(C), ++’ (C)=0, that is 


x=—Q' (C), y=—Cq’ (C)+ 9(C) 


Example. The equation y= xy! — has the general solution 
y=Cx—=. Eliminating the parameter C from this equation and 


from the equation x—f=0 we obtain the explicit equation o! 


the envelope: y=.x*. This is the sought-for singular solution. Its 
graph is a parabola, and the general solution is the family of 
tangent lines to the parabola. 


§ 2. Differential Equations of the Second 
and Higher Orders 


165. Differential Equations of the Second Order. We now pro- 
ceed to studying the differential equations of the form 


Fix, y, y's y")=0 
whose left-hand side involves the second derivative of the unknown 
function. They are called differential equations of the second order. 
Usually we deal with equations resolved with respect to the 
second derivative: 


y" =F (x,y 9’) (*) 
We shall begin with a simple example: 
y =x 


Integrating twice we find in succession the first derivative y’ = 
a 
=5+C, and the function y itself: 


y={(F+c,) dx+Cy=e4+Cx+46, 


1 A.C, Clairaut (1713-1765), a French mathematician. 
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Since we have integrated twice the resultant expression contains 
two arbitrary constants which are denoted by C, and C,. 

Now we state without proof the following general conclusion: 
the second-order differential equation y”=f (x, y, y’) usually pos- 
Sesses an infinitude of solutions determined by a formula y=9q (x, C,,C,) 
containing two arbitrary constants. Such a family of solutions is 
called the general solution of the equation. 

To isolate a particular solution we set initial conditions which 
usually are of the form 


Y|xax,=Yor YY" |xax, = Yo 


where y, and y, are some given numbers, 

For example, Jet us determine the particular solution of the 
above equation y°=x satisfying the initial conditions yj,_,=2, 
y'|-..=3 (Cauchy’s problem). Substituting the given values into 
the general solution and into the expression of its derivative we 
obtain the system of equations 


$=24C, 2=7+26,+C¢, 


whence 
C,=1 = and C.=-—+ 
Consequently, the desired particular solution is 
8 4 
Y=——ti-gZ 


The geometrical meaning of the initial conditions is that besides 
a point (x,, y,) through which the sought-for integral curve must 
pass we also set the slope y, of the tangent to the curve at that 
point. If should be stressed that, since the general solution of 
a second-order equation depends on two arbitrary constants, there 
are infinitely many integral curves passing through the given point, 
and only one of them has the preassigned slope. For instance, 


it is readily seen that if we put C,=5—2C, in the general so- 
Jution of the above example the graph of the function y== 4 


+Cx+(F—2C, ] thus obtained passes through the point (2, 2) 


for any value of C,. Selecting from all these curves the one with 
the slope 3 at that point we arrive at the desired particular so- 
lution. 

To formulate the existence theorem for equations of the second 
order (*) we shall consider the right member of the equation as 
a function of the three independent variables x, y and y’ because 
when setting the initial conditions we independently choose the 


38—2280 
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coordinates x,, y, and the slope of the tangent y, which are 52° 
related to each other by any condition. 

Theorem (On the Existence and Uniqueness of the Solution c! 
the Difierential Equation of the Second Order). If the functios 
F(*, ¥, y’) and its partial derivatives Z and so are continu 
in some neighbourhood of the point (*,, y,, y;) the equation 
y' =f (x, y, ¥') possesses a unique solution y= y(x) defined in 
a sufficiently small interval [x,—h, x,--Aj and satisfying th 
initial conditions y(x,)=y, and y’ (x,.) =. 


This theorem shows immediately that the equation 1” =Ey 


has a unique solution for the initial conditions yj,_,=2, 
y'|,-; =—1. Of course, the question of how this solution can te 
found remains open. If for the same equation initial conditior 
are set af the point «=O the existencé theorem does not enabi 
us to draw any conclusion since for these initial values the 
right member of the equation is not defined. 

As in the case of a first-order equation, the problem of deter- 
mining the particular solufion of a differential equation of ite 
second order for given initial conditions is referred to as Cauchy's 
problem. 

In the case of a second-order equation a particular solution czx 
also be isolated by setting the so-called boundary conditions which 
usually specify the values of the function y at two different points: 


Ul .ax, =H; and Ylenx, = 


A problem of this kind can be encountered in the course of strength 
of malerials in connection with studying the deflection of a been. 
More general boundary-value problems are dealt with in matheme- 
tical physics. 

As an example, let us investigate the solution of the equation 
yf =x satisfying the boundary conditions yj,_,=0 and yf,_,=0. 
As was shown, the general solution of the equation is y=—t 
+C,x+C,. Substituting the given values into this expression se 
obtain a system of two equations for determining the arbitrary 
constants: 


ztC,+C,=0, 5490, +C,=0 
7 


From this system we find C,=—-<¢ andC,=1 whence the desired 
; , : x* 7 
particular solution is y=——¢x+1. 


In this example we have found the unique particular solution 
satisfying the given boundary conditions. But this is not always 
the case; it may turn out that a second-order equation has ro 
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solution satisfying given boundary conditions and in other cases 
it may possess an infinitude of such solutions. An example illu- 
strating what has been said will be given at the end of Sec. 170. 
It is these properties that characterize an essential distinction 
between boundary-value problems and initial-value problems: if 
some initial values are given the existence theorem (provided its 
conditions are fulfilled) immediately guarantees the uniqueness of 
the solution of the problem while for given boundary conditions 
we can only judge upon the existence and the uniqueness of the 
solution after the general solution of the equation has been found. 

166. Some Particular Types of Equations of the Second Order. 
Let us consider some particular types of the second-order equation 


y" =f (x, Y; y’) 
which can readily be reduced to equations of the first order. 
I. The right-hand side of the equation does not contain y and y’: 


y" =f (x) (*) 


Since y" =(y')', we have 
y' =(F(x)det C, 
On integrating once again we obtain 
y= Tf f (x) dx |dx-+C,x-+C, 


where C, and C, are arbitrary constants. An example of such an 
equation was considered in Sec. 165. 
II. The right-hand side of the equation does not contain y: 


y" =f (x, y’) (**) 

Let us put y’=z; then y’=z’, and equation (**) becomes a 
first-order equation with respect to z: 
z’ =f (x, z) 

If the solution z= (x, C,) of this equation is found the sought-for 


solution of the original equation is obtained by the integration of 
the equality y’ =z, that is 


Y= ( p(x, C,)dx+-C, 
Example. Solve the equation 
”" y’ _ 
y +> =e 
Putting y’=z and y"=z' we arrive at the equation of the first 
order 2 f-t=x which is linear. On solving this equation we find 
OC : : oa iG x 
= ra Finally, y =F4+2 and y=5+C, In| x[+C,. 


38* 
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II]. The right-hand side of the equation does not contais 

y =f (y, y’) (* 

Let us put y’=p and regard p as a function o} y. Thed 

rentiation of this relation results in f=. In order to efi 
nate x we use the transformation 


dx” dydx dy~ ~ dy 
Thus we obtain 
=p &P 
Yaa, 


which leads to 
d 
Pa, =F. P) 


that is to an equation of the first order relative to p as funct 
of y. If the solution p=@(y, C,) of this equation is determi 
the desired solution of the original equation is found from 
equation with variables separable: 


4 p=9ly, C,), that is = dx 





dy 
nd gq (Y, C;) 
a 
dy C 
iG A eae 3 
Example. Let us solve the equation 
2yy’ + y? =0 


Putting y’=p and y" =p 5 we obtain 


d 
2yp q, +p =0 


This is a first-order equation with variables separable. On br 


ging it to the form oa ot and integrating we get In [p| 


=— Injy|+In{C,| and p= Where y>>0. Now we find 
. dy C, ° ° : 
from the equation ——=—t and obtain the required solutic 
: q dx Vy : q 
y? =C,x+C, or y=(C,x+C,)?. When cancelling by p we or 
the solution p=y'=0 of the transformed equation, that is t 
solution y=const of the given equation. 
In both cases I] and III we introduced y’ as a new auxilie 
function and obtained in this way an equation of the first ora: 
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If an equation of the second order is of the form y”=f(y’) to 
which both methods II and III are applicable one should follow 
the way which is more convenient for the given particular case. 

167. Applications to Mechanics. 

J. Catenary. Let us consider a uniform nonextensible flexible 
thread suspended by its ends (see Fig. 243). We shall investigate 
the shape of the thread under the action 
of its own weight. 

Let us draw the axis Oy vertically 
through the lowest point N of the line and 
the axis Ox horizontally at a certain distan- 
ce (which will be specified later on from 
the point WN). 

Take an arbitrary point M of the line. 
In the state of equilibrium the portion NM 
of the line can be regarded asarigid body 
subjected to the action of three forces, 
namely, the force of horizontal tension H, Fig. 243 
the force of tension T applied at the 
point M and directed along the tangent to the line and the 
force of its own weight P equal to sé where s is the length of 
the arc NM and 6 the weight of the thread per unit length. 

The equilibrium conditions imply 


T sina=s6 and Tcosa=H 





Dividing the first equality by the second we obtain 


tana=-"-s 
H 


Consequently, if y=q(x) is the sought-for equation of the curve 
ANB we must have 


y’=ks where k= : 


Let us differentiate this equality with respect to x: 
y" = ks! =kV 149% 


This equation can be solved as was indicated in Sec. 166, II. We 
put y’ =z; then y’=z', and we thus obtain 


2’ =kVY1+2%, that is 7 =a hde 
It follows that 
In(z+V1+2?)=kx+C, 


At the point N we have x=0 and z=y’=0O (since N is the lo- 
west point of the line at which the tangent is horizontal). Con- 
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sequently, C,=0 and z+-V 1+2?=e*. Transposing z to the right 
side and squaring we arrive at the relation 


z=y' = = (e* —e-#) = sinh kx 
The integration of this relation gives 
y+C,= 5 (ek* 4- ew kx) = = cosh kx 


Let us now choose the distance ON equal to = Then C,=0, 


and we derive the desired equation of the line: 
= 5 (e* +e") =< cosh kx 


This example illustrates how we can determine in succession 
the values of the constants of integration. If we tried to begin with 
finding the general solution this would involve more extensive 
calculations. 


l 


Introducing the notation =~ =a we write 


x x 
y= 8 (2 +e =) =acosh£ 


This is the equation of a catenary whose shape is taken by {he 
freely suspended thread. 

I]. Some problems of particle dynamics. Let a material point 
be in a rectilinear motion under the action of a force directed 
along the trajectory. By Newton’s second law, the product of the 
mass m by the acceleration w is equal to the acting force F: 

2 
mw = F,* Since wae where ¢ is time and s the path length we 
obtain the differential equation of the second order for the law 
of motion: 


In a mechanical problem of a general type the force F may depend 
on time ¢ and also on the path length s and the velocity uv, i.e. 


1 Here we consider the acceleration w and the force F not as vectors but 
as scalars since the conditions of the problem imply that the directions of the 
force and of the acceleration are solely determined by their algebraic signs. 


In the general case the equation of motion {fs written in the form m ==F 


where r(¢) is the radius-vector of the moving point (see Sec. 70). Projecting this 
Se on the coordinate axes we obtain a system of three differential equations 
whose integration encounters essential difficulties. 
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» dt 
time is often marked not by prime but by the dot: u=s and 
w==u=S. Then the differential equation of motion takes the form 


ms =F (t, s, s) (*) 


F=F(t, s $): In mechanics the differentiation with respect to 


The initial conditions are usually written as s|j29 =S, and s|s30=Sp, 
their mechanical meaning being quite obvious: we set the initial 
position and the initial velocity of the point. Let us consider 
some examples. 

(1) Uniformly accelerated motion. Let the force F be constant. 


Denote the ratio ci asa, then s=a. Integrating we obtain s=at+C, 


and s= 2 4Ct+Cy, It is obvious that C,=s|tzo=v, and C, = 


= S29 ==S. Thus, we have derived the well-known formula for 
the distance travelled in a uniformly accelerated motion: s= Fp 
+ ut s,. 

(2) Motion of a point in a medium with resistance. Experiments 
show that every body moving in a medium undergoes the resis- 
tance of the medium. The force of resistance increases together 
with the velocity and depends both on the properties of the medium 
(i.e. on its density, viscosity, etc.) and on the dimensions and 
the shape of the body. If the velocity of motion is not high and 
the dimensions of the body are not large the force of resistance 
can be approximately regarded as being directly proportional to 
the velocity v: 


Fes =— kv 


Here k>O, and the minus sign in front of this proportionality 
factor indicates that the direction of the force of resistance of the 
medium is always opposite to the motion?. When the velocity of 
motion is high the force of resistance becomes proportional to the 
square of the velocity: 


res yu? 


In this case the proportionality coefficient y is computed by the 
formula 


y=CpS 


where p is the densify of the medium, S is the maximum cross- 
section (mid-section) perpendicular to the direction of motion and C 


1 For instance, according to Stokes’ law, for the motion of a ball of radius R 
in a fluid, k=6nRn where ny is the viscosity of the medium. 
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isa dimensionless factor determined experimentally and dependent 
on the geometric form of the moving body?. 

The question of what kind of law of resistance should be chosen 
in a concrete situation is of course decided in experiments. 

As an example, let us consider a body falling on the earth and 
acted upon by gravitation and air drag. 

Let the mass of the body be m and its initial velocity zero. 
The body undergoes the action of the force of gravily mp and of 
the force of resistance which is usually assumed to be proportional 
to the square of the velocity of motion. In this case the differen- 
tial equation of motion takes the form 

ms =mg—vys? 
Making the substitution 


Sap. 6 ee 
Cees ~ dl 


we arrive at the first-order equation 
d 
m T= mg— yu? 
Rewriting this equation as 


putting + =a, aE =o and separating the variables we obtain 


du 
3 = adt 


pz — 


On integrating (see Formula 11 in the table of integrals), we 
receive 


1 b-+-u 
5 In Sap MUTE 


ote = erebt and 





Since v}jj29 =0, we have C=0. Then 
ezabt | 
ezabt 1 } 


The formula obtained shows that the velocity v is always less 
than 6 and tends to this value as f—+oo. Hence, the velocity 
does not increase indefinitely (which is the case in a free fall in 
vacuum) and tends to a definite limit referred to as the ferminal 


velocity of fall: 
Uterm =O = ) a 


1 The coefficient C is usually determined with the aid of a wind tunnel In 
which an air flow is incident on the motionless body, 


v=b =6 tanh (abt) 
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Practically the terminal velocity is achieved comparatively quickly; 
the value of the terminal velocity and also the time taken to 
achieve it increase together with the mass of the body and with 
the reduction of the resistance coefficient y, which is coherent 
with our everyday experience and intuition. 

Now we shall establish the relationship between the velocity of 
fall and the distance travelled. As is known, for the free fall 
(when air resistance is neglected) we have u=) 2gs where s is the 
aistance passed in the fall. To discover the sought-for relationship 
we can proceed from the known law of variation of the velocity 
to find the distance travelled by means of integration and then 
determine the connection between v and s. However, we shall 
follow a simpler way, namely, eliminate the independent variable 
t from the differential equation of motion. To this end we use 
the substitution indicated in Sec. 166, III: 


=a aa "as 
Now, making use of the new notation we write down the differen- 
tial equation in the form 


‘ du 
ds 


= a (b? —v?) 
On separating the variables and integrating, we receive 
+ In (6b? —v?) =as+C 
Since v];-9 =0, we have C= — sin 62, and, consequently, as= 


=> Ings whence v=bY 1—e-245, Replacing a and 6 by their 
values we obtain 


eee eee 


mE V or 
v= VY Il—e ™ 
Y 


It follows from this formula that if the ratio an is large, (this 

means that we deal with a bluff body, not streamlined), the quan- 
goons 

tity e ™ can be neglected even for not too large values of s. 

This approximation again leads to the expression V = for the 


terminal velocity. If the ratio a is very small we can use the 


approximate formula e* ~ 1 -+-x (applicable for small x; see Sec. 36) 
to obtain, for small s, the relation 


vy Vy = VY 1-( —E) = 2gs 
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which means that in these circumstances the formula for the velo. 
city of free fall can be used as an approximation. 

Let the reader analyse the free fall of a body in a mediun 
with force of resistance directly proportional to the velocity (this, 
for instance, is the case when the body is falling in water) and 
show that for this motion as well the velocity uv has a definite 
terminal (limiting) value as ¢ increases. 

Later on, in Sec. 175, we shall come back to problems of 
dynamics and consider harmonic oscillations of a point. 

168. Higher-order Differential Equations. The problem of solving 
a differential equation becomes more complicated as the left-hand 
side of the equation involves derivatives of higher order. In this 
section we shall limit ourselves to stating some basic definitions 
related to differential equations of the nth order. 

Definition. The order of a differential equation is the highest 
order of the derivative involved in the equation. 

Most often we deal with equations resolved with respect to the 
highest derivative. The general form of a differential equation ol 
the nth order solved for the nth derivative is 


y= F(x, yy yy woe, Yr) (*) 


The general solution of such an equation depends on 2 arbitrary 
constants: y=@(x, C,, C,, ..., C,). To isolate a particular solu- 
tion corresponding to a concrete problem one must set inifial 
conditions; in Cauchy's problem they are of the form 


— ’ ms - __ {f= 
UT ] le=x, = Yor g Lexx, = Yo, ea | y" 1 lean, = I" ae 


that is for «=x, certain values of the function y itself and of 
its derivatives up to order n—1I inclusive are assigned. Differen- 
tiating the general solution n—1 times and substituting the initial 
data we obtain a system of n equations with the n unknowns C,, 
Cae. awa Cas 

As to the existence and uniqueness of a particular solution, 
this question is answered by the theorem below which Is 
analogous to the theorems stated previously for the cases n=| 
and n=2. In the formulation of this theorem the right-hand side 
of equation (*) (the function f) is regarded as a function of n+] 
independent variables x, y, y’, ..., y@-™: if the function | is 
continuous and possesses continuous partial derivatives with respect 
to the variables y, y’, ..., y-» in a neighbourhood of the point 
. Yor Yor »» «> YS”), equation (*) has a unique solution satis- 
ying the initial conditions y|rax,=Yo, Y'|rax, = Yor «00 YO eee, = 
=y"- and defined in a sufficiently small interval (xy —h, x,+-A]. 

Consider a simple type of nth-order equation which is easily 
solved for any n: 

y'") = f (x) 
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The general solution of this equation is found by means of n 
successive integrations; every integration results in the appearance 
of an arbitrary constant. 

Example. Let us solve the equation y 
succession 


ee a 


=sinx. We obtain in 


y"’ =—cosx+C, 
y"=—sinxt+C x+C, 


y’ =cosx+C, SF 4Ce+C, 
and, finally, 
y=sinx +O, S40, 5 +Cx tC, 


Changing the notation of the arbitrary constants we can rewrite 
the general solution in the form 


y=sinx+Cyxe4+Cie+C x+c, 
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169. Linear Equations of the Second Order. General Properties. 

Definition. A linear differential equation of the second 
order is an equation which involves linearly the unknown function 
and its derivatives or, equivalently, which is an equation of the 
first degree with respect to the unknown function and its deriva- 
tives. 

The general form of such an equation solved with respect to 
the highest derivative is 


y” +a, (x) y' +a, (x) y =f (x) (*) 


The right member of this equation (the function f (x)) is referred 
to as the nonhomogeneity term. If the function f(x) is identically 
equal to zero, equation (*) is called a homogeneous linear equation; 
otherwise it is called a nonhomogeneous linear equation. 

If the functions a, (x), a,(x) and f(x) are continuous in an 
interval a<x<86 (finite or infinite), equation (*) possesses a 
unique solution satisfying arbitrary initial conditions 


US] rae Yo, y’ leur, = Yj where XE (a, b) 


This is implied by the fact that equation (*) written in the form 
y” = — a, (x) y’ — a, (x) y+f (x) satisfies all the conditions of the 
existence and uniqueness theorem stated in Sec. 165 since the 
right-hand side of the latter equation and its partial derivatives 
with respect to y and y’ (which are, respectively, equal to —a, (x) 
and —a, (x)) are continuous. Moreover, it can be proved that the 
solution of the linear equation determined by the initial conditions 
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exists and is unique on the whole interval (a, 5) (remember that 
in the general case of an arbitrary nonlinear equation the theorem 
only guarantees the existence and uniqueness of the solution for 
a sufficiently small interval [x,— A, x,+-A}). 

Note that the linear equation 


Po (x) y" +p, (x) y’ + py (x) y =f (x) 


can be reduced to form (*) by dividing both sides by p, (x). But 
then at the points where p,(x)=0 the conditions of the existence 
theorem can be violated; such points are called singular’. 

1, Homogeneous Linear Equations. We shall begin with a ho- 
mogeneous Jinear equation 


J" + a, (x) y' + a, (x) y =0 (**) 

It is supposed that the functions a, (x) and a, (x) are continuous 
in an interval (a, 6) which can be finite or infinite. For brevity, 
we shall sometimes write a, and a, instead of a, (x) and a, (x); in 
particular cases a, and a, can be constant. 

Every homogeneous linear equation always possesses the so-cal- 
led frivial (zero) solution y=0. 

Let us discuss some properties of solutions of equation (**). 

Theorem I. If y, (x) and y, (x) are two solutions of homogene- 
ous linear equation (**) the function y=C,y, (x) +C,y, (x) is 
also a solution of the equation for any constants C, and C,. 

For brevity, we shall write these solutions as y, and y,; the 
expression C,y,-+C,y, is called their linear combination. 

Proof. Differentiate the function y=C,y,-+C,y, twice: 


y =Cyit+Cy,, y =CyitCy; 


Now, substituting y, y’ and y" into the left-hand side of equati- 
on (**) we obtain 


Cryi + Cyst a, (Cig + Cyys) +4, (Cyy, + Cyy,) = 
=C, (Yi +441 + 4,4,) +C, (Ya + 4,43 + 4,4) 

The expressions in the parentheses are the results of the substi- 
tution of the functions y, and y, in equation (**); since these 
functions are solutions of (**) both expressions are identically 
equal to zero, and hence the function y=C,y,+C,y, does in fact 
satisfy equation (**). The theorem has been proved. 

The next theorem indicates the conditions under which a linear 
combination of two solutions is the general solution. 

Theorem II. If y, and y, are solutions of equation (**) such that 


their ratio is not equal to a constant 2 5¢ const ) the linear 


1 The investigation of singular points of some special types of linear equation 
plays an important role in mathematical physics. 
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combination of these functions 


y=Cy, +C,y, * 


is the general solution in the sense that every solution of equa- 
tion (**) is expressible in the form (***) for appropriately chosen 
constants C, and C,. 


The condition 4 const indicates that neither of these soluti- 


ons is a trivial one. 

Proof. According to Theorem I, the function y is a solution for 
any C, and C,. Let us prove that under the above hypothesis 
concerning y, and y, there always exist, for any initial conditions 
Y\ene,= Yo Y' leaxr,= Yo the constants C, and C, such that the 
solution expressed by the linear combination of y, and y, with 
the coefficients C, and C, satisfies these initial conditions. The 
point x, must of course belong to the interval on which the equa- 
tion is considered; in particular, if a, and a, are constant x, can 
be any point. 

To prove this assertion let us substitute the initial values into 
the expressions of the function y and ifs derivative. This resulfs 
in the following system of linear algebraic equations with respect 
to C, and C,: 

C19 + CoYoo = Yo 
CiYiot C2Y20= Yo 


where the values Gro = Uy (Xo), Yio=Yi(%o), Yao = Ys (Xp) and 
Yip = y; (%_) ate known and C, and C, are to be found. 

Now we shall show that the determinant of this system is non- 
zero: © 
Yio Yeo 
Yio Ys0 
This will imply that the system possesses a unique solution for 
any right-hand terms. 


Assume the contrary: Jet the determinant be equal to zero. 

Then the homogeneous linear system of algebraic equations 
CY rot Cs =9, Crh + C430 = 0 
which corresponds to the zero initial conditions y,=0, yj=0 pos- 
sesses, besides the zero solution C,=0, C,==0, an infinite number 
of nonzero solutions. If C,,, C,, is one of them, the function 
Cx: +CiYy 1S a Solution of equation (**) corresponding to the 
zero initial conditions. But since the trivial solution y=0 obvio- 
usly satisfies the same conditions, we conclude, by the uniqueness 
theorem, that ‘ 
Crh $C ey, =0 


Wo= #0 
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because there can only be one such solution. It now follows thet 


c ’ * oge U 
22 = — 71° — const, which contradicts the condition — =coz: 


1 29 1 
(ii C,,=0 then C,,54£0 and y,=0, which, according to the hy- 
pothesis, is impossible). Thus, the assumption that W,=0 Jezd: 
to a contradiction, which completes the proof of the theorem. 

Theorem IT is very important; it shows that knowing any ivo 
solutions of equation (**) which satisfy the conditions of the the- 
orem we can construct the general solution and, hence, find par- 
ticular solutions satisfying any given initial conditions. 

II. Nonhomogeneous Linear Equations. Consider a nonhomoge- 
neous linear equation of the second order 


y" + ayy’ + a,y =f (x) (*) 
We shall say that the homogeneous equation 
y+ ayy’ + a,y=0 es 


obtained from the given equation (*) by replacing the nonhomo- 
geneity term [ (x) by zero, corresponds to equation (*). We shall 
prove the following theorem describing the structure of the gene- 
ral solution of the nonhomogeneous equation (*). 

Theorem. The general solution of the nonhomogeneous equa- 
tion (*) can be writfen as a sum of the general solution of the 
corresponding homogeneous equation (**) and a particular solution 
of the given equation (*). 

Proof. Let D(x) designate the general solution of equation (**) 
and (x) an arbitrary particular solution of equation (*). Take 
the function 


y= (x) + G(x) 
and differentiate it twice: 
y =O" (x)+9' (x), Y= O" (x) +9'(X) 
Substituting the expressions of y, y’, and y” into the left-hand 
side of the given equation (*) we obtain 
O" (x) +" (x) +a, [D' (x) + y (x)] +2, [O (x) +E) = 
= [O° (x) + a, D" (x) + a,D (x)] + [G" (*) + a9" (x) + 4,9 (%)] 
The expression in the first square brackets is equal to zero be- 
cause M(x) is the solution of the homogeneous equation (**), end 
the expression in the second square brackets is equal fo f(x) since 
(p(x) satisfies the nonhomogeneous equation (*). Consequently, the 


function y=@® (x)+ q(x) is in fact a solution of equation (*). Ac- 
cording to Theorem II, Sec. I, this function can be written in the 


form 
y=Cy,+Cy.+ @ (x) 
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where y, and y, are particular solutions of the corresponding ho- 
mogeneous equation and p(x) a particular solution of the nonho- 
mogeneous equation. 

To complete the prooi let the reader write down the system of 
equations for determining C, and C, for given initial conditions 
and show that it always has a unique solution. 

170. Homogeneous Linear Differential Equations of the Se- 
cond Order with Constant Coefficients. The problem of solving li- 
near differential equations of the second order with variable coei- 
ficients a, and a, is extremely complicated and we shall not treat it 
here. Let us study linear equations with consfant coefficients 


f+ ay’ +a,y =f (x) (*) 


where a, and a, are constant numbers. As before, we begin with 
homogeneous equations. 
Consider a homogeneous linear differential equation of the se- 
cond order 
y" + ay" +a,y=0 (**) 


where a, and a, are constant. Our aim is to construct the general 
solution of this equation. 

Let us try to construct a function of the form y=e’* satisfying 
equation (**) where r is a real or complex number. On analysing 
the simple calculations given below the reader will see that there 
is every reason to expect that for a certain r the function e'* is 
a solution of equation (**). 

We have 

y’ = rer, Y=cre= 


and, consequently, there must be the identity 
e* (7?+-a,r+ta,)=0 
Since e’*5<0, it follows that 
rtarta,=0 (A) 


We thus see that the function e’* is a solution of equation (**) 
if r is a root of quadratic equation (A). 

Equation (A) is called the characteristic equation and r a cha- 
racteristic root. 

It is seen that in order to form the characteristic equation we 
must replace in the given equation (**) y by unity and each de- 
Tivative of the unknown function (that is y’ and y”) by r fo the 
power equal to the order of the derivative (i.e., by r and r?, res- 
pectively). 

Here, in connection with the roofs r, and r, of the characteris- 
fic equation, we should distinguish between the following three 
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cases (the coefficients a, and a, are always supposed to be real 
numbers): 

(1) r, and r, are real and distinct: r,s&1r,; 

(2) r, and r, are real and their values coincide: r,=r, (this 
means that r, is a two-fold root of equation (A)); 

(3) r, and r, arte conjugate complex numbers: r,=a-+fi and 
r,=a—fi, B= 0. 

Let us separately analyse each case. 

(1) The roots of the characteristic equation are real and distinct: 
r,r,. In this case either root can be taken as the exponent r 
in the function e’*, and thus we readily obtain two solutions of 


equation (**): e™* and e@*, It is clear that their ratio is not a 
Pax 


constant quantity: a = ela nlx = const. 
If the roots r, and r, of the characteristic equation are real 
and distinct the general solution is given by the formula 


= C,e™ +- Ce * 


where C, and C, are arbitrary constants. 

The determinant W, of the system of linear algebraic equations 
from which, for given initial conditions at a point x,, the values 
of ct and C, are found (see Sec. 169, I), is expressed by the for- 
mula 





elt*o ers%o 





VY = 





— plry trax = 
r,emro pi efs*o re ore aes 


Since r,54r,, we have W,=40 for all the values of x,, which is 
in accordance with the theorem on the general solution of the ho- 
mogeneous linear differential equation. 
Example. Let us solve the, equation 

y"—y' —2y=0 

Write the characteristic equation: 
r—pf—2 =0 
Its roots are 
r,=2 and r,=—1] 

Hence, the general solution is 

y = Cy,e?* + Cie-* 


Now let us set the initial conditions y|,.,.=2, y’|...=—5 and 
determine the corresponding particular solution. Here the alge- 
braic system for C, and C, has the form 

C,+C,=2 
2C,—C,=—5 
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whence C,=—1, C,=3, and the sought-for particular solution is 
found: 
y = — e?* + 3e-* 


(2) The roots of the characteristic equation are real and coincide: 
r,=r,. In this case the above procedure only yields one solution 
y,=e"*, We shall show that the function 

Y, = xer* 

can be taken as a second solution of the equation. Differentiate 
the function y, twice: 

y= eni* Lr xe, 

Yg= 2r,e"* + rixe* 
Substitute these expressions into the left-hand side of equation (**): 

2rers* 4- rixens*® + a, (e%* + ryxe*) + axe® = 
= es* [x (r?+ayr, +.) + (27, +4,)] 

Since r, is a root of the characteristic equation we have rj-}-a,r,-+ 
+a,=0 and, since it is a two-fold root, Viela’s theorem tells 
that r,+-r,=—a,, that is 2r,+a,=0. Thus, the expression in 
square brackets is equal to zero, and the function y,=xe":* is 
in fact a solution of equation (**). 

Hence, in the case of a real two-fold root of the characteristic 
equation the general solution of equation (**) is 


y= (C, + C,2) e* 
Here it is also readily checked that the determinant W, does 
not vanish for any value of x,: 
el :*o x,e71*0 


rerio es*o-t 71x oerite = e7%s 0 
Example. Let us solve the equation 
yf — by’ + 9y=0 
The characteristic equation 
r?——6§r4+-9=0 


has one two-fold root 
r,=r,=3 


and, consequently, the general solution is written in the form 
y= (C,+C,x) e* 


(3) The roots of the characteristic equation are conjugate comp- 
lex numbers: r,=a-+iB, r,=a—if, B30. li we admit as solu- 


39—2250) 
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tions complex functions of a real argument (see § 6 of Chapter IV‘), 
then, as before, the functions e‘¢+/P* and e*- ®* are two solu: 
tions of equation (**), their ratio (which is equal to e*?*) being 
nonconstant. The general solution can be written as 


C,e% + (By) & C,e'* — {By x 


where C, and C, are arbitrary complex constants. Let the reader 
apply the differentiation rules for complex functions to check 
that this expression is a solution of the equation. 

To obtain the real solution we shall use the following simple 
property: if equation (**) with real coefficients has a complex solu- 
tion y=u(x)+iu(x) each of the functions u(x) and v(x) is a solu- 
tion of the equation. Indeed, on differentiating the function y and 
substituting the result into the equation we obtain 


(u" + iv") +a, (u! +i’) +a, (ut iv) =0 
Regrouping the summands we write 
(u” +a,u’ +a,u)+i(v"+a,v' +a,v) =0 


Since a complex expression is equal to zero if and only if ifs 
real and imaginary parts are zero, there must be 


u"t+a,u'+au=0 and v’+a,v'+a,u=0 


which means that the functions u(x) and u(x) are solutions. 
Since, by Euler’s formula (see Sec. 74), we have 


e(% + IB) x. pMxethr — e* (cos Bx +i sin B x) =e™ cos Bx-+ ie™ sin Bx 


the above property shows that the functions e**cosfx and e™sinBx 
are solutions to equation (**); their ratio is clearly distinct from 
a constant. Now, knowing the two particular solutions we readily 
construct the general solution 


y =C,e™ cos Bx + C,e™ sin Bx = e™ (C, cos Bx+C, sin Bx) 


where C, and C, are no longer complex but real arbitrary con- 
stants. In this construction we have not used the other complex 
solution e'~- )*; if we take its real part e**cosBx and imaginary 
part —e**sinBx to construct the general solution the final result 
is obviously the same as before. 

Thus, if the characteristic equation has two conjugate complex 
roots the general solution is 


ye (C, cos Bx +- C, sin £x) 
1 If this section has not yet been studied the reader may omlt the compe- 


tations and limit himself to memorizing the ultimate conclusion given in bold 
face type and to considering the given examples. 
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Let the reader verify that in this case as well the determinant 
W, (see Sec. 169, I) is different from zero. 

Example. y"—4y’ + l3y=0 

Write down the characteristic equation: 


r?—4r+13=0 
Its roots are 
r,=24-3i and r,=2—3i 


Therefore the general solution is given by the formula 


y =e** (C, cos 3x+C, sin 3x) 


The theory of vibrations often deals with equations in which 
a,=0O and a,>0O. Let us write such an equation in the form 


y” --o’y =0 


where w is a positive constant. 
From the characteristic equation r?+ ?=0 we find 


r,=Ol, fr,=~—ol 
Therefore 
y=C, cos ox-+C, sin ox 


This general solution can be written in a different form if we 
introduce two new arbitrary constants A and @ connected with C, 
and C, by the relations 


C,=Asing, C,=Acos@ 
which are equivalent to A=/C?+C? and tan o=Z . Then 
y = A (sin @cos ox -+cos g sin wx) = A sin (ox + g) 


Setting arbitrary initial conditions we can find uniquely deter- 
mined values of the constants C, and C, or A and gq. 

Let us consider the case of boundary conditions (see the end of 
Sec. 165) when the situation may be different. For definiteness, 
let o=1, then the general solution is y=C,cosx-+C,sin x. Take 
the boundary conditions y|,~,>=0, ¥]+.n=Y>- The first condition 
implies that C,=0; then the second condition becomes C,sinn=y, 
and shows that if y,540 it is impossible to determine C,, which 
means that there is no solution satisfying the given boundary 
conditions. But if y,=0, any function y=C,sinx satisfies both 
the equation and the boundary conditions. Let the reader show 
that if the second condition is taken at any point xs<nn the 
problem possesses a unique solution. 


39* 
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171. Nonhomogeneous Linear Differential Equations of the Ser? 
Order with Constant Coefficients. The Method of Complex Arzt. 
tudes. 

1. Now we consider a linear equation of the form 


Yay 4-4, =f (x) ¥ 


with constant coefficients a, and a, and nonzero nonhomoze::i:; 
term f (x). 

As is known (see Sec. 169, II), the general solution ci {: 
equation is the sum of the general solution of the correspox7irz 
homogeneous equation and a particular solution of equation (*). 

Since it is already known how the general solution of tke tez> 
geneous equation is found, it only remains to determine 4 p::1i- 
cular solution of the given equation (*). We shall begia sit 
some special cases in which the solution can be found with f: 
aid of the method of undetermined coefficients and then prove! 
to the general method. 

1. Let the right-hand side of equation (*) be of the form 


F (%) = P(x) e'* 


where P(x) is a polynomial. Then equation (*) possesses a parti- 
cular solution 
y= 2'Q (x) o* 


where Q(x) is a polynomial of the same degree as P(x); if the 
number p is not a root of the characteristic equation r?--a,rt 
-+a,=0 then F=0 and if it is a root then & is equal fo tts 
multiplicity of that root. 

Assuming that there is a solution of this form we then fird {te 
coefficients of the polynomial Q(x) with the aid of the mtv 
of undetermined coefficients. 

This rule remains valid when p=O, that is when the righi-be-2 
side only involves a polynomial; in this case it is necessery to 
check whether the number 0 is a characteristic root and to dzte- 
mine its multiplicity provided it is a root. In particular ceses P(x) 
can be a polynomial of zeroth degree, that is a constant. 

Below are some examples intended to help the reader to cre 
stand this method of determining a particular solution. 

Examples. (1) f—2y'+y=1+42, Y| sac 2, Wf | ron = 8. 

Here the characteristic equation 


r?—2r-+-j]=0 


has the two-fold root r=1. Hence, the general solution of tk: 
homogeneous equation is 


y=(C,+C,*) e* 
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The right-hand side of the given equation has the form indica- 
ted above with p=0 and P(x)=1+4-«x. Since the number 0 is 
not a root of the characteristic equation the particular solution 
is sought in the form 

y=Ax+B 


where A and B are constants to be found. 
Differentiating this expression and substituting into the diffe- 
rential equation we obtain 


—2A+Ax+ B=1+2x 


Equating the coefficients in like powers of x on both sides of 
the equality we derive the relations 


A=1, —2A+B=1 
whence A=1 and B=3. Thus, the function 
y=x+3 


is a particular solution of the given equation, and its general 
solution is the function 


y= (C,+C,x) e* + (x43) 


On finding the general solution of the equation we proceed to 
determine its particular solution corresponding to the given ini- 
tial conditions?. To this end we find 


y' =(C,+C,x) e+ Ce*+ 1 
2=C,+3, —3=C,+C,+1 
whence C,=-—-1 and C,=—3. Thus, the desired solution is the 


function 
y=—(14+3x)e4+x+3 
(2) y"—4y’ + 3y = 3e*. 
Here the characteristic equation is 
r?§—4r+3=0 
its roots being r,=1 and r,=3. Consequently, the general solu- 
tion of the corresponding homogeneous equation is 
y=Cye*-+Ce* 
The right-hand side of the given equation is of the form discus- 
sed above with P(x)=3. Thus, here we have a polynomial of 


Then 


1 We have already found one particular solution y=x-4-3 but it does not 
satisfy the initial conditions. This solution has been used for constructing the 
general solution of the equation from which we now find another particular 
solution corresponding to the initial conditions. 


614 Ch. X. Differential Equations 


zeroth degree; the number p=2 is not a root of the characteris. 
tic equation and therefore £=0. The particular solution is there. 
fore taken in the form 
y = Ae* 
where A is a constant that should be determined. 
We have y' =2Ae** and y”=4Ae**. The substitution of y, / 
and y” into the equation results in 


4 Ae2* — 8 Ae?* ++ 3 Ae2* = 362* 
whence A =—3. Consequently, the sought-for particular solutios 
is the function y= —3e?* and the general solution is 
y = C,e* + C,e°* — 3e?* 


(3) y"—4y' + 3y = xe*. 

Here the left-hand side is the same as in Example 2. There- 
fore the general solution of the corresponding homogeneous equa: 
tion is already known: 

y = C\e* + C,e* 
Since p=1, that is p is a simple (one-fold) root of the charac: 
teristic equation, we have k=1. The polynomial P (x)=x is of 
the first degree, and therefore the form of the desired particular 
solution is 
y= x (Ax-+ B) e* = (Ax? + Bx) e* 


We now differentiate it twice: 
y’ = (2Ax + B) e* + (Ax? + Bx) e* 
y” = 2Ae* + 2 (2Ax-+ B) eX + (Ax? + Br) e* 


On substituting these expressions into the equation we obtain 


2 Ae* + 2 (2Ax + B) e* + (Ax? + Bx) e*—4 [(2Ax+ B) e% + 
+ (Ax? + Bx) e*)-+3 (Ax? + Bx) e* = e* (—4Ax + 2A —2B) =xe* 
whence 


that is 


2A—2B=0, —4A=1 


Thus, we have determined the particular solution y= (at exe 
and hence found the general one: 


y= Cyc? + Cye*— (2+ x) e* 


2. Let the right-hand side of equation (*) be of the form 
F (x) =a cos gx +-bsin gx 
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If the numbers -+-iqg are nof characteristic roots, the equation 
possesses the particular solution 


x=: Acosqx + Bsingx 

If the numbers -+-7@q satisfy the characteristic equation there 

is a particular solution of the form 
yx x (Acos gx + Bsingx) 

In particular cases when a=0 or b=0 the solution should never- 
theless be sought in the indicated general form involving both 
cosgx and sin qx. 

Examples. (1) y"-+4y’ + 138y=5 sin 2x. 

The characteristic equation r?+4r+13=0 has the roots r= 
=: —2-++-3i. Hence, the general solution of the corresponding homo- 
geneous equation is 


y=e-** (C, cos 3x-+C, sin 3x) 
Since the numbers +- 2i are not roots of the characteristic equation, 
we look for a particular solution of the form 
y= Acos 2x-+ Bsin 2x 


Differentiating twice we obtain 


y’ =— 2Asin 2x+ 2B cos 2x 
y” = — 4A cos 2x—4B sin 2x 


The substitution into the equation yields 
— 4A cos 2x—4B sin 2x —8A sin 2x-+. 8Bcos 2x + 138A cos 2x -+- 
+. 13B sin 2x=5 sin 2x 


Equating the coefficients in sin2x and cos2x on both sides of the 
equality (the coefficient in cos2x on the right-hand side ‘is equal 
to zero) we obtain 


—8A+9B=5, 9A+8B=0 


whence A=—& and B=Z. Hence, the particular solution is 


29 29 ° 
the function — = c0s2x-+ = sin 2x, and the general solution is 


y = e-** (C, cos 3x-+ C, sin 3x) — 7 00S 2x + = sin 2x 
(2) y°+o'y=asinnx. 


The general solution of the corresponding homogeneous equation 
has already been found on page 611: 


y=C, cos ox-+C, sin ox 
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If no a particular solution of the given equation is sought 
in the form 
y= Acosnx-+Bsin nx 


Differentiating this expression and substituting the result into the 
equation (let the reader carry out the calculations) we find 


A (w*?—n?) cosnx-+- B (w?—n?) sinnx =a sinnx 
whence 
A=0 and B= 


@)? — 2 





Therefore thé general solution of the nonhomogeneous equation is 


a 
@?— nz 





y=C,cos ox-+C, sin ox + Sin nx 


If n= the above form of the particular solution does not apply. 
In this case it should be sought in the form 


y=x(Acos ox -+ B sin wx) 
We have 


y’ =(Acos wx-+ B sin wx) + x0 (— A sin ox-+ B cos wx) 
and 


y" = 20 (— A sin wx-+ B cos wx) — xo? (A cos ox-+ B sin wx) 
On substituting into the equation we receive 


20 (— Asin wx-+- B cos ox) — xa? (A cos ox-+- B sin ox) + 
-+ xo (A cos ox + B sin wx) = asin wx 


that is 
20 (— A sin ox + Bcos wx) =a sin wx 
whence 
a 
A=— Do ’ B=0 
Thus, the function 
y= — — ¥ COS OX 


is a particular solution of the equation for n=a, 
Consequently, the general solution is given by 


e a 
y=C,cosox-+-C, sin OX —>— XCOS WX 


Now we pass to a more general form of nonhomogeneity terms 
to which the method of undetermined coefficients is also applicable. 
3. If the right-hand side of equation (*) has the form 


F (4) == eP* IP, (x) cos gr 4- P, (x) sin gx] 
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where P,(x) and P,(x%) are polynomials and the numbers 
tq are not roots of the characteristic equation, there exists 
a particular solution of the form 


y =eP* IR, (x) cos gx +- R, (¥) sin gx] 


where R,(x%) and R,(x) are polynomials of degree equal to the 
highest degree of the polynomials P,(x) and P, (x). 

If the numbers p-+iq are characteristic roots this expression 
for the particular solution should be additionally multiplied by x. 

Case 1 is obtained from this general expression for g=0, and 
Case 2 for p=0, P, (x) =a and P, (x) =6 (the constants are regarded 
as polynomials of zeroth degree). 

It should be noted that one of the polynomials R, (x) and R, (x) 
may happen to be of degree less than the one taken originally, 
that is some of the leading coefficients of that polynomial may 
be equal to zero. 

Example. y” -+y = 4% sin x. 

Here p=0, g=1, and the numbers +2 are the roots of the 
characteristic equation r?-+-1—=0. Therefore the particular solution 
is taken in the form 


y =x [(Ax+ B) cos x-+ (A,x-+ B,) sin x} 
We have 
y” = (—Ax? + (4A, — B) x-+(2A+2B,)] cos x + 
+ [— A,x?—(4A + B,) x-+ (2A,—2B)] sin x 
The substitution into the equation results in 
[2A,x+(A+B,)] cos x+[— 2Ax+(A,~—B)] sin x = 2x sin x 
This equality becomes an identity only if 
2A,=0, A+B,=0, —2A=2 and A,—B=0 
whence 
A=—l, B=0, A,=0, B,=1 
Hence, the sought-for particular solution is 
y= x (sinx—x cos x) 
The general solution is given by the formula 
y=C,cosx-+C, sin x-+ x (sin x—x cos x) 


The following remark is of practical importance: 

Let the right-hand side of the equation y"-+-a,y’ +a,y=f (x) be 
equal to the sum of two functions: f (x)=f, (x) +f, (x); if y, and gy, 
are solutions of the equations with the same left-hand side and the 
right-hand sides equal, respectively, to f,(x) and f, (x), the function 
Y,+y, is a solution of the given equation, 
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For we have 


(Yi t Ys) +4, (Yat Y2) +O, (Y, + 9_) = (Yt Oy + 24s) + 
+ (y2+ ay, + a,y,) =F (x) +f (x) =F) 


This means that if we manage to find solutions of the equatioss 
with right-hand sides equal to the constituents the given nonho 
mogeneity term is formed of, the sought-for solution is readily 
found as the sum of these solutions. 

For instance, according to this remark, the equation 


y” —4y’ + 3y = 3e?* + xe* 


(see Examples (2) and (8) on pages 613, 614) has a particuler 
solution of the form 


y= — 3er* 2 (x? +- x) e* 
Consequently, its general solution is 
y= C,e* + C,e** —de* —+ (x? + x) e* 


I]. The Method of Complex Amplitudes. In all the examples con- 
sidered by now the right-hand side of the equation is a real function. 
However, in the theory of vibrations we are offen interested in 
equations whose nonhomogeneity terms are complex functions of 
a real argument. The role of the argument is usually played by 
time which we shall denote as ¢. Denoting the unknown function 
by z(t), we have, in the new notation, the equation 


Z-+a,2-+a,2 =f (t) (*) 


It is natural to expect that if f(@)=f, ()+ if, (6 is a complex 
function the solution is also a complex function: z(f) =x (f)+ fy (f). 

In what follows the coefficients a, and a, are assumed to be 
real numbers since this is usually the case in applications. The 
substitution of the expressions of z(t) and of its derivatives into 
equation (*) yields 


(x-+ iy) +a, (e+ iy) +a, (x-+ iy) =F, ()+if, (O) 
On separating the real and imaginary parts we arrive at the {wo 
equalities 


x-+axta,x=f,(t), y+taytay=f,(f) (**) 

We thus see that after a particular solution of equation (*) hes 

been found we can separate its real and imaginary parts and thus 

obtain particujJar solutions of equations (**). The converse is also 

true: any particular solutions of equations (**) obviously generate 
a particular solution of equation (*). 
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Let us dwell in more detail on the case when the right member 
of equation (*) is an exponential function: f (¢) =Ce'®!. The complex 
quantity C = re’ where r=|C| and a =arg,C is called the complex 
amplitude. Since : 


Celt — ret wl+% — ¢ cos (wt 4+-a) +irsin (of +a) 
the determination of a particular solution to the equation 
z+ a,2+ a,z = Ceo (e=) 


enables us to find particular solutions to equations (**) with right- 
hand members r cos (wt -++-@) and rsin (wt-+ a). The latter differential 
equations are often dealt with in electrotechnical problems. The 
replacement of trigonometric functions by exponential ones simp- 
lifes the calculations; this technique is referred to as the method 
of complex amplitudes. 

Let us look for a particular solution of equation (***) of the 
form z=Se! where S is a complex number. On differentiating, 
substituting into the equation and cancelling by e'' we get 


C 
Ag— 0)" -+ fa, 


(—o?+a,iw--a,)S=C whence S= 


(it is supposed that the denominator of S is nonzero). Let us 
denote the modulus of the complex number S by p and the argu- 
ment by B. Then S=pe'*, and 


2 = Sele! = pet 4) — pcos (wf +B) + ip sin (wt +8) 


Hence, the equation x-+a,x%-+a,x=rcos (f+ fh) possesses the 
particular solution pcos(wt+ 8); similarly, the equation with 
right member rsin(wt-+-a) has the solution psin (wf +B). 

172. The Method of Variation of Arbitrary Constants. Let us 
proceed to the general method for finding a particular solution of 
a nonhomogeneots equation 


y” +a,y' +a,y = f (x) (*) 


where f(x) is an arbilrary continuous function. 

To apply this method we must know the general solution of 
the corresponding homogeneous equation. The method of variation 
of arbitrary constants is applicable both to equations with cons- 
tant coefficients and to equations whose coefficients a, and a, are 
functions of x. But, since practically, in the general case, we 
are only able to solve homogeneous equations with constant coef- 
ficients, the method we are going to discuss here will be used for 
solving equations of that kind. 


1 This method was inaugurated by J.L. Lagrange. 
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Let the homogeneous equation 
yf +ay' +4,y=0 (**) 
corresponding to equation (*) have the general solution 
y=Cy,+C.y, 


where C, and C, are arbitrary constants. 
We shall try {o find a solution of equation (*) having the form 


y=C, (x) yi-+C, (x) Y, (***) 


where C,(x) and C,(x) are some unknown functions which should 
be determined, and y, and y, two known particular solutions of 
homogeneous equation (**). For brevity, we shall writeC, andC 
instead of C, (x) and C,(x) but it should be borne in mind thal 
these quantities are dependent on x. Here we have to determine 
two functions C, and C, which must be chosen so that equation (*) 
is satisfied. This gives us one relation for C, and C,. But, gene- 
rally, to determine two unknown quantities we must have two 
relations, and therefore a second relation can be introduced arbit- 
rarily. Differentiate equality (***): 


y = Cy, + Cy, + Cy + Coy; 


It turns out that it is most convenient to impose as a second 

condition on C, and C, the requirement that the expression for y’ 

should have the same form as in the case of constant C, and C,. 
To this end we put 


Ci; +Cyy, =0 (A) 
Then 

y' =Cyy, + Cay, 
Now we find the second derivative of y: 


Y= Cif + Cy; +O +OK 


On substituting y, y’ and y’ into the left-hand side of equation (*) 
we obtain 


CiY:t+C yi +Ciit+Cy+a,Cy,+ a,C 242+ a,C,y,+a,C,y, = 
= Cy + Crys + Cy (Yi + Yi + 4,9.) + CY + a3 + ey) = | (x) 
The expressions in both parentheses are equal to zero since y, 
and y, are solutions fo the homogeneous equation (**). Hence, 
Ha function y=C,y,+C,y, to satisfy equation (*) the con- 
ition 
Citi + Cry; = f (x) (B) 
should hold. Conditions (A) and (B) result in the system of 
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equations 
Cry, + Coy, =0 
Cry + Coys =F (x) 
As was indicated in Sec. 169, I, the determinant of this system 
does not vanish at any point x: 





Therefore we can first find Cj; and C; and then, integrating, deter- 
mine the functions C, and C, themselves. If, when integrating C; 
and Cj, we introduce the corresponding arbitrary constants, we 
directly obtain the general solution of the given nonhomogeneous 
equation. 

Example. Let us solve the equation 


y’+y=tanx 


The characteristic equation of the corresponding homogeneous 
equation y"-+-y=0 is r?-+1=0. Its roots are r=-+i. Therefore 
y,=cosx and y,=sin x. 

Taking the solution of the given equation in the form 


y=C,cosx-+C, sinx 
we obtain the system of equations 


Cicosx-+C, sin x =0 
—C;sinx-+C,cosx=tanx 


jor finding C, and C,. On solving the system we receive 
——, Cy,=sinx 
The integration results in 


C= —\ ae =| (cos <=) dx = sin x—In tan (F+5) +h, 





CoS Xx COS Xx 


(see Formula 69 in the table of integrals) and. 
C= \ sin xdx = —cos x+h, 


where &, and &, are arbitrary constants. Finally, we write down 
the general solution of the given equation: " 


y= |sinx—In tan (F +$] +h,| cos x-+{—cos x-+F,] sin x = 


=k, cosx-+, sinx—cos x In tan (4 +3) 
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173. Linear Differential Equations of the mth Order. The the, 
of linear differential equations of the second order presented in 
the foregoing sections is readily extended to the linear differentie! 
equations oj the nth order (n > 2). 

The general form of a linear equation of the mth order is 


IPH AIP FAI" $ A, FOI=L (2) ( 


where the coefficients a@,, @,, ..., Q@,-;, @, and the right member 
F (*) are continuous functions of the independent variable x In 
a given finite or infinite interval. In particular, the coefficients 
can be constant. 

As before, for the given nonhomogeneous equation we introduce 
the corresponding homogeneous equation (without right member): 


YO FAY AYO te  PAy Ya Y=0  (*) 


To state the fundamental theorem on the structure of the general 
solution of such an equation we need the notion of a linearly 
independent system of functions. 

Consider a system of furictions 9, (x), 9, (x), ..., 9, (x) defined 
in a common interval. Remember that a linear combination of the 
functions is an expression of the form 


C,Q, (x) +C,9, (x) 4+... +C,9, (x) 


where C,, C,,..., C, are constant coefficients. 

Definition. A system of functions 9, (x), 9, (x), -.+, 9, (2X) is 
said to be linearly independent if none of the functions fs rep- 
resentable as a linear combination of the other functions. 

For instance, this definition implies that there cannot be én 
equality 

Pr (X) = Rep, (X) +. -- + nPn (*) 


with constant coefficients &,, ..., &,. 

If follows that none of the linearly independent functions can 
be identically equal to zero. For instance, if we supposed that 
@, (x)==0, the above equality would be fulfilled for R= .c ha 0, 

In particular, two functions @, (+) and g, (x) are linearly inde- 


pendent if their ratio is not a constant: 2* = = const. 
A system of functions which is not linearly independent is said 
to be linearly dependent. For example, the system 
M(xX)=%, P(x)=%*, G(X) HX, H(X)=H2r—7% 
is linearly dependent. Indeed, the function 9, (x) is a Jinear com- 
bination of the other functions: 


Ps (x) = 2q, (x) —F, (*) 
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Note that it is not required that a linear combination expressing 
p, (x) in terms of 9, (x), j=1, 2,..., n—1, should involve all 
the functions @(x), ..., @,-;(*); some of the coefficients in the 
functions ,(x),..-, @,-,(*) (and even all of them!) can be 
equal to zero. 

Now we proceed to state the theorem on the structure of the 
general solution of equation (**). 

Theorem. Tf pis Yor -03s Yn are 1 linearly independent particu- 
lar solutions of equation (**) the general solution of the equation 
is their linear combination 


y= Cit C.y,+---+CY, (***) 


with n arbitrary constant coefficients C,, C,; ..., C,,. 

If the solutions y,, 9,,-.-» Y, are linearly dependent, at least 
one of them is expressible linearly in terms of the other n—l1 
solutions, and then expression (***) involves in fact less than n 
independent arbitrary constants and therefore does not provide 
the general solution. 

There is a simple condition guaranteeing the linear independence 
of particular solutions y,, Ye --..: Yn Namely, this condition 
requires that a determinant called the Wronskian* of the func- 
tions Y,,; Ye: «++» Yn Should be nonzero: 


4; 4s ove Yn 
Y; J, eee Yn 
W (1: Yar ooes Yn) = i 3 . <0 


(n~1) ,t-1) (n-1) 
Gy Ye Soe, Un 


This determinant involves the functions y,,..., y, and their de- 
rivatives up to order n—1 inclusive. 

The inequality sign in this relation is understood in the sense 
that the Wronskian does not vanish for any value of x. The ge- 
neral proof of this condition is not presented here; for the case 
n=2 it is given in Sec. 169, I. The Wronskian plays an impor- 
tant role in finding the particular solution satisfying given initial 
conditions. 

For, if we are given initial conditions 


Y |xax, = Yoo y’ lex, = Yor sen fr se =U 


then in order to isolate the desired particular solution from the 
general solution 


y=Cyy,+Ciy.+...+C,4, 


—— ene 


1 Named after J.M. Hoéené-Wronski (1778-1853), a Polish mathematician. 
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is representable in the form 


Cy t+Cyst... + Cin 
where C,, C,, ..., C, are functions of the independent variable x 
whose derivatives Ci, Ci, ...,C, satisfy the system of linear algeb- 
raic equations 
Cy, +tCy, +-..4Cyy, =0 
Cy, +Cy, +...4+Cw, =0 


Cry? + Coys) +... + Cayn ? =F (x) 

(Only the last of these relations is preassigned by the given equa- 
tion while the other n—1 relations can be introduced arbitrarily. 
In the above system these n—1 additional relations are such that 
the derivatives of the function C,y,+-C,y,+ ...+C,y, up fo order 
n—1 inclusive have the same form as in the case of constant 
C,, C,,..., C,. The last relation is obtained after the nth deri- 
vative has been found and the expressions of all the derivatives 
are substituted into the given equation.) 

To memorize the system of equations for determining C;,C:, ...,C, 
note that the determinant of this system is nothing but the Wron- 
skian (this implies that the system has a unique solution) and 
that all the right members of the equations except the last one 
are equal to zero. The right member of the last equation is the 
function f(x), that is the nonhomogeneity term of the given diffe- 
rential equation. 

174. Linear Differential Equations of the 2th Order with Con- 
stant Coefficients. The method of solving linear differential equa- 
tions of any order having constant coefficients is completely ana- 
logous to that for second-order equations. Therefore we shall 
limit ourselves to a brief discussion. Let us begin with a homo- 
geneous equation of the nth order 


Yi ayer Ay. TF Aga YT Any = 0 

where d,, Q,, .-+, Qn-3, @, are real constants. 

Its characteristic equation is written as 

r® -ayr?-) tayt-24..., +a, 7 +4a,=0 

For the homogeneous equations of the nth order we can state the 
following assertions generalizing the properties of equations of the 
second order studied in the foregoing sections: 

(1) To every R-fold real root r of the characteristic equation 
there correspond & particular solutions of the form 

Cr £0): sae k le 

(2) To each pair of ¢-fold conjugate complex roots r,==« --fi, 

r,=a-—fi of the characteristic equation there correspond 2¢ 


40—2280 
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particular solutions of the form 


e“cosBpx, xe *cosBx, ..., re cos px 
e“sinBpx, xe“sinBpx, ..., xe sin Bx 


The total sum of the multiplicities of all the roots is equal to 
the degree n of the characteristic equation; therefore the tolal 
number of the above particular solutions coincides with the order 
of the differential equation. 

Here we do not present the proof of the fact that these parti. 
cular solutions are linearly independent, which means that 
they constitute a fundamental system of solutions. 

The general solution of the given differential equation is a linear 
combination of these particular solutions with arbitrary constant 
coefficients. 

Example. y+ yf) -- 29’ + 2y"4-y'+y4=0 

As is readily seen, the characteristic equation 


rot pt pet Ott pt 1=0 


has r=—l1 as root; on dividing the equation by r+ 1 we obtain 
rit 27274 1 =0 
that is 
(r?-+- 1)? =0 


Hence, we have 

fr=—l, n=rn=i, n=r=—l 
Consequently, the general solution of the differential equation is 

y = C,e-* + (C,+C,x) cos x + (C, +C,x) sin x 
A particular solution of the nonhomogeneous equation 
y ay... + Oya y' ai any = f (x) 

where [(x) has the form 

f (x) =er* [P, (x) cos qx-+ P, (x) sin qx] 
(P,(x) and P,(x) are polynomials in x) is found according to the 
same rules as in the case of nonhomogeneous equations of the 
second order (see Sec. 171). 


It turns out that the equation possesses a particular solution 
of the form 


y == x*eP* [R, (x) cos gx -+ R, (x) sin qx] 


where R,(x) and R,(x) are polynomials of the highest degree of 
the polynomials P,(x) and P,(x), and & is the multiplicity of 
p-+-gi as roots of the characteristic equation. If p+ qi are not 
roots of the characteristic equation the number & is put to be equal 
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to zero. If the right member of the equation f(x) is not a function 
of the indicated type one should apply the method of variation 
of arbitrary constants. 

In conclusion we note that in many cases it is preferable to solve 
linear differential equations with constant coefficients with the 
aid of the methods of the so-called operational calculus. These 
methods are based on the theory of functions of a complex va- 
riable and are widely used in the theory of automatic control and 
in the electrotechnical problems. On these questions see, for in- 
stance, {3] and [19]. 

175. Vibrations. Resonance. 

I, Mechanical Vibrations. Vibration problems play an important 
role in modern engineering and physics. There are many cases 
when the phenomenon of vibrations (synonymously, oscillations) 
is described by linear differential equations of the second order 
(linear vibrations) which in the simplest cases have constant 
coefficients. We shall begin with mechanical vibrations. 

Suppose that a moving body (for simplicity, of unit mass) is 
under the action of a force directed toward the state of equilibrium, 
the magnitude of the force being proportional to the deviation 
from that state. If the distance from the body to the state of 
equilibrium is denoted by s and the proportionality coefficient 
(the “stiffness factor”) by w* the magnitude of the force is equal 
to ws (as will be seen, @ is the natural frequency of free vibra- 
tions in the absence of the resistance of the medium). Such a force 
is said to be restoring. 

Furthermore, let the motion be in a medium in which the body 
is subjected to a force of resistance. We shall suppose that this 
force is proportional to the velocity of motion (its direction is 
opposite to the motion). According to this hypothesis, the magni- 


tude of this force is equal to 2ks if 2k designates the proportio- 
nality factor. Thus, this is a resisting force, R>O0O being called 
the resistance coefficient. 

Finally, let the body be also acted upon by an external force 
whose magnitude is given as a function [{(f) of time ¢. This is 
a disturbing (exciting) force. 

Now let us write down the differential equation of motion. To 
find the resultant of all the forces we should obviously take the 
restoring force and the resisting force with the minus sign since 
the direction of the former is opposite to the direction in which s 
is reckoned, and the latter is opposite to the velocity. We thus 
come to the equation 


S = —2ks—wts +] (1) 
that is 


s+ 2ks +-w?s =f (f) (*) 


ty" 
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Hence, the phenomenon of mechanical vibrations is described by 
a linear differential equation of the second order with constant 
coefficients. 

If there is no exciting force, i.e. f(f)==0, the vibrations are 
spoken of as free or natural; the free oscillations are des. 
cribed by the homogeneous equation corresponding to equation (‘), 
If the exciting force is nonzero then, in addition to free vibra. 
tions, there appear forced vibrations, and the motion is described 
by the general nonhomogeneous equation (*), 

A restoring force can be elastic. For instance, the case of an 
elastic restoring force is realized as follows. Let a load be suspended 
by a vertical spring, its weight being balanced by the elastic force 
of the spring. If the load is given a vertical displacement from the 
equilibrium state it then goes into oscillations which are free if there 
is no additional force acting upon the load or upon the whole system 
or forced if there is such a force (for instance, this force can make the 
point of suspension of the load move according toa certain law), The 
counteracting force of the spring (the restoring force) is directly pro- 
portional to the deflection from the equilibrium position (i.e. to the 
deformation) only if the deformation is sufficiently small (Hooke's 
law). The proportionality factor is called the spring constant or the 
spring stiffness (or, as was mentioned, the stiffness factor). 

II. Investigating Free Vibrations. Let us begin with investigating 
free vibrations described by the homogeneous linear differential 
equation of the second order with constant coefficients 


s+ 2ks + ws =0 


Its characteristic equation r?-+-2kr-+-w?=0 has the roots —k+ 
+ Vk?—wo?, The following three cases are possible here. 

(1) The resistance coefficient is greater than the natural fre. 
guency wo: kR>o. 

Then the solution is 


s==Cye~%! + C,e~ Ss! 
where 


6, =k—-VR—o'>0 and 6,=k+VR—a'>0 


We see that the process does not involve any vibration; as / 
increases the deflection s decreases and tends to zero for {—+o, 
the system approaching the equilibrium state (which is practically 
achieved during a finite time). As we say, in this case there 
is an aperiodic (damped) motion. From the physical point of view 
this is accounted for by the fact that the action of the decelera- 
tive resisting force is considerably stronger than that of the resto- 
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ring force (responsible for vibrations), and therefore the motion 
is damped out before the system returns to the equilibrium po- 
sition. 
(2) The resistance coefficient is equal to the frequency o: k=o. 
Then the solution is 


s=e-*(C,+C,f). 


This case does not differ, in principle, from the preceding one 

in the sense that beginning with a certain value of ¢ the quan- 

tity s becomes a decreasing function tending to zero for f—+©o. 
(3) The resistance coefficient is less than the frequency o: k <a. 
Then the solution is written in the form 


s=e-*(C, cosk,t+C,sink,t) where k, =V w?— k? 
Making the transformation indicated on page 611 we obtain 
s= Ae-* sin (k,t + @p) 
where A and gq, are arbitrary constants. To specify their values 
one must set initial conditions, that is the initial deviation of 
the body from the equilibrium position and its initial velocity. 
In this case the body is in a vibration motion which is called 


damped harmonic oscillation. 
If the resistance coefficient is equal to zero (k=0) we have 


s= A sin (of + 9,) 


that is an ordinary (undamped) harmonic oscillation (as was men- 
tioned, its natural frequency is equal to o). 

If k=&0 the amplitude of the vibration is Ae-*', and, in cont- 
rast to the case of pure harmonic vibrations, it is not a 
constant quantity but depends on time and tends to zero as f +00. 
Consequently, the body gradually approaches the equilibrium position 
vibrating about it, its amplitude tending to zero according to an 
exponential law. By analogy with the case of pure harmonic vib- 


rations, the quantity 2, = Vw?— &? is called the natural frequency 
of the damped harmonic vibration, T= is called the period of 
the vibration and , the initial phase. The magnitude Ae~* is 
spoken of as the amplitude of the damped vibrations. The loga- 
rithm of the amplitude In A—At decreases with the constant 
rate k. To compute the maximum deviation s we find the deri- 
vative 


S == — kAe-* sin (yf +o) + Ak,e~™ cos (k,t+ Po) 


(which is the velocity of motion) and equate it to zero. This 
results in the equation 


tan (kt +9.) = 
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for determining the extremal values of ¢. It is clear that the rz 
xima and the minima of the deviation (which have opposite siers) 


alternate, the time interval between them being equal fo tt: 
half-period i i The ratio of two consecutive maxima? : 
equal to 


— 
— 


AewPhe 7 
A= Ap hbetT) = eh 


The constant quantity InA=&T is called the logarithmic decre. 
ment. 

The graph of the damped harmonic oscillation s=Ae-"sing,t 
(for @,=0) is schematically depicted in Fig. 244. The construction 





Fig. 244 


of the graph takes into account the fact that at the common points 
of the curves Ae-*! and Ae~*'sink,?, that is for hf => + Qnn, 
the derivatives of these functions are equal (let the reader show 
this), and therefore the curves have common tangents at these 
points. The same applies to the curves — Ae~*! and Ae-* sin&,t. 
As has been already mentioned, the time interval between two con- 
secutive points of maximum and minimum is equal to the half 
period, i.e. to i 

III. Investigating Forced Vibrations. Resonance. Now we pro- 


ceed to study forced oscillations described by the nonhomoge- 


1 Here f, is one of the values of ¢ for which s attains a maximum. Precti- 
cally, the quantity A is Baty determined by measuring two consecutive ma- 
ximum smipliiudes and finding their ratio although it is apparent that the retio 
of any two values of s separated by a time interval T is also equal to A. 
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neous equation ; 
S-+- 2ks +-w*s = f(t) 


We shall consider the case when the resistance coefficient is less 
than the natural frequency of undamped oscillations (& < w) and 
the exciting force is periodic (/ (f)=asina,t), which is most im- 
portant for practical problems. 

We shall first find a particular solution of the nonhomogeneous 
equation 

s-+- 2ks + os =asinoa,! 


Let k=£0; then o,i is not a root of the characteristic equation, 
and the solution should be sought for in the form Mcosa,t + 
+N sinw,t. On determining the coefficients M and N as was in- 
dicated in the foregoing sections we arrive at the solution 


s= A, sin (o,f + 9,) 





where 
Aa ON ae 
V 4k0? + (0? — of)? 
and 
tan, = 4 = 7h 
PW ot el 


Let the reader carry out all the calculations or derive this 
solution with the aid of the method of complex amplitudes (see 
Sec. 171, Il). 

The particuJar solution found above describes a forced vibration. 
This is an undamped harmonic vibration with amplitude A,, fre- 
quency w, and initial phase g,; the quantity @, characterizes the 
phase shift of the forced vibration relative to the phase of dis- 
turbing force. 

The general form of vibrations described by the equation in 
question is 


s= Ae~* sin (R,t + @y) + A, sin (@,¢ + 9,) 


This is the sum of natural (free) vibration and the forced 
vibration. The rate of damping of free vibration is usually high, 
and therefore, after a certain time, it can be practically negle- 
cted. Then the vibration reduces to the forced one: 


s ~ A, sin (o,f -+ @,) 


Let us consider an interesting phenomenon characteristic of forced 
vibrations which is called resonance. 

Suppose that the quantities & and w are constant, that is the 
natural frequency &, of damped oscillations of the system is con- 
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stant. Let us take the expression ior A, and rewrite it és 


a a 
Ane ay ayy aves 
@a\a/j ° _“ 
where a= and g=— . The amplitude A, is proportional is t: 
quantity 


Bo I 
A=), (q) ~ Patgit(—ay: 


The character of the variation of 7% as function of g is S25 ie 
Fig. 245 where the graph of the function 7(g) is shoan ix 





ry a=llt. pZally ae bip 
1 


Fig. 245 


a=(0.50, 2=0.40, <=0.30, <=—0.20, a=0.15, c=0.10 end ee =o 
As a rule, the quantity a is rather small since the value oj tre 
resistance cosificient 2 is usually small relative to wv. 

The investigation shows that when qg increases, that is the ezci- 
tation frequency , grows, the quantity 7% and, together sith it, 
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the amplitude of the steady-state forced vibration first increase 
until a maximum is attained and then rapidly decrease and tend 
to zero for g—+oo (that is o,—+0o). The maximum is attained 


for g= V i—s, i.e. fora, =0,=)V o?— 2k? It is readily found 
a 
2k V wt—k? ° 

When the frequency of the disturbing force is close to the fre- 
quency w, and & is smal] (this means that w,) then, after 
some time passes, the amplitude of the harmonic vibrations of 
the body becomes very large compared with the amplitude of 
the sinusoidal force producing the vibration of the system. This 
phenomenon of an extensive growth of the amplitude of a vibra- 
tion under the action of a small external excitation is known as 
resonance. The curves shown in Fig. 245 are called resonance 
curves. 

Resonance plays an important role in engineering and physics. 
Every elastic body (for example, any construction) possesses its 
own natura! frequency of vibrations solely dependent on the pro- 
perties of the body. Suppose that under the action of an external 
force the body leaves the equilibrium position. If the frequency 
of the exciting force is close to the natural frequency, the action 
of the force, no matter how smal] it is, may produce a very 
strong and even destructive effect. When designing various con- 
structions (machines, bridges, ships, airplanes, etc.) engineers 
should take into account the aspects of strength and durability 
connected with resonance. Resonance accounts for the phenomenon 
well known from experience when a small periodic excitation of 
an elastic body (of a bridge, for instance) leads to breaking. 

If there is no resistance, that is k=O (which is hardly possible 
in practice) the amplitude of the forced vibration is equal to 
a 
| o®— aj | 
coincides with the natural frequency of undamped harmonic oscil- 
lations (i.e. o,=; see the curve corresponding to a=0 in 
Fig. 245). If o,540 the solution of the differential equation 
s+o's=asina,t describing the vibrations is obtained from the 
general solution given above by putting k=0. But in the case 
@,=@ this does not apply since wi then becomes a root of the 
characteristic equation r?-+*=0. As was shown in Example (2) 
th pp. 615, 616, in this case the solution to the equation is the 

unction 


that the maximum amplitude is A,,...= 


and turns into infinity when the excitation frequency 


= Asin (wt +,)—5-! cos af 
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The second summand (the so-called secular term) shows th: 
the amplitude of the vibration increases indefinitely as !—<, 
which again characterizes resonance. 

IV. Vibrations in Electric Circuits. Electric processes in a circzil 
consisting of a resistance AR, an inductance L and a capacitance 
are completely analogous to mechanical vibrations. A siriilz: 
question was discussed in Sec. 161 but there we did not ters 
into account the capacitance. In the general case if is necesszry 
to include the voltage drop across the capacitance. As is ‘nos 

t 


from physics. it is equal to <i dt where i is the electric currest 
0 
flow. 
We thus arrive at the equation 


t 
Li’ + Ri +o lidt=V) 
0 


where V(f) is an external voltage applied to the terminals ci 
the circuit. The differentiation with respect to f results in the 
linear differential equation of the second order with consten! 
coefficients 
gp ee ay ia mare rns ae 
oe 2 ' Le L 

This equation describes forced electric vibrations and is completely 
analogous to the equation of mechanical oscillations. 

If the voltage V is constant (or is not applied at all, ie. V =O, 
the equation is homogeneous. It specifies an electric current which 
must be damped since the resistance is nonzero (R= 0). Extending 
the analogy between mechanical and electrical oscillations we cen 


say that (on condition that + < Y x) this current corres- 


ponds to natural (free) vibrations in the circuit?. 

Ii a sinusoidal vojtage is applied to the terminals there aris: 
forced vibrations in the circuit. Ajter some time (usually very 
short) the natural vibrations are damped out and do not afet 
the process which becomes a steady-state forced sinusoidal vibration. 

The process fasting from the moment the voltage is switches 
on until a steady-state vibration arises is referred to as a fransient 
process?, 


1 In the case > Y a there is no vibration in the circuit, anc th 
current flow is aperiodic and damped. 

2 Here we speak of a particular case of a transient process. Its gersztl 
definition can be found tn electrical engineering text-books. 
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We shall not go into particulars related to resonance phenome- 
non in electric circuits since its mathematical aspects are similar 
fo the case of mechanical vibrations. 

In electrical engineering the method of analysing electric circuits 
described here is spoken of as classical. The investigation of 
transient processes is more often performed with the help of the 
eas, calculus (the operational method) mentioned at the end 
of Sec. 174. 
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176. General Definitions. Normal Form of a System of Differen- 
tial Equations. We encounter systems of differential equations 
when investigating processes described by more than one function. 
We have already dealt with some examples of this kind. For 
instance, in Sec. 151 we mentioned that the determination of 
vector lines of a field is connected with solving a system of 
differential equations. In footnote on p. 598 it was indicated that 
the solution of dynamical problems connected with studying 
curvilinear motion leads to a system of three differential equations 
in which the unknown functions are the projections of the radius- 
vector of the moving point on the coordinate axes and the 
independent variable is time. Later on we shall see that the 
electrotechnical problem of investigating two electric circuits with 
electromagnetic coupling is connected with the solution of a system 
of two differential equations. There are many other examples of 
this kind. 

We shall begin with some basic definitions. Everywhere in 
this section we shall designate the independent variable by the 
letter ¢ and the unknown functions dependent on that variable 
by x,(¢), x,(¢), ..., x,(t) or, if their number does not exceed 
three, by x(f), y(t) and z(t). 

Definition. A system of differential equations is a collection 
of equations each of which may involve the independent variable, 
the unknown functions and their derivatives. 

It is always assumed that the number of the equations is equal 
to the number of the unknown functions. Here are examples of 
systems of differentia] equations (the derivatives with respect to ¢ 
are marked by dots instead of primes): 


x=2xty+t+ l ! tk, oi X + 2x,x,=0 
y=3x—2y75t J Ox,+ x, —2tx, =0 
Xs + 2x, +ix, =0 
Any collection of functions 
X= HX, (1), X= XL (Ef), 000) X= Xn (4) 
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which, when substituted into each equation of a given system, turns 
it into an identity is called a solution of the system of differential 
equations. 

Usually we do not deal with systems of an arbitrary type and 
systems in the so-called normal form. 

Definition. A system of differential equations written as 


Hf, (t, Ky Xs eee § Xn), 
Hf (E, Xp, Hey coos Xn): 
¥n=Sfn (t, Hy) Key 000 Xn) 


is said to be in normal form. 
For instance, the first of the above systems is in normal form. 
The reason why we limit ourselves to considering normal systems 
is that in most cases an arbitrary system of differential equations 
is reducible to normal form. For example, the system 


x-+-2—x=0, x—3y-+y=t 


is brought to normal! form if the equations are solved with respect 
to the derivatives x and y: 


=e (Bt—2y 42), Y= e(ety—t) 
The system of equations 


x-+y—tx=0, x+y+y=0 


cannot be resolved in x and y and therefore cannot be reduced 
to normal form. We shall not deal with such systems. 
The system of equations 


X,+tx,=0, x,+2x,—x,=0 
containing the derivatives of the second order is reduced to normal 
form by introducing the new auxiliary unknown functions x,=x, 


and x,=x,. For we have x,=%*, and x,=4,, and hence the given 
system can be replaced by the normal system 


(’) 


Xy=SXq, Xg==Xqyy Xp —lX,, Xy==X,—2%, 

Now we shall show that one differential equation of the ath 
order solved for the highest derivative is always reducible to a 
normal system of differential equations by introducing new auxiliary 
functions. 

For instance, take the equation of the third order 


x=f(t, %, % x) 
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and imtroduce the two new auxiliary functions 
y=x and z=y=x 


The given equation is then replaced by the equivalent system of 
three equations 


x=y, y=zZ, z=fi(t, x, Ys; 2) 


which is a particular case of the general normal system (*). It 
appears obvious that the same technique can be applied to an 
equation of an arbitrary order n; in this case the number of the 
auxiliary functions is n—1. 

In the cases most often dealt with the converse is also true: 
Generally speaking, a system of differential equations in nor- 
mal form can be replaced by an equivalent differential equation 
whose order is equal to the number of the equations in the sys- 
fem. 

As an example, consider the system of equations 


L=Y, y=2, z=x—y +2 


Differentiate the first equation with respect to the variable f and 
replace the derivative y by its expression given by the second 
equation: x =y=z. Now differentiate the latter equation repeatedly 
and replace the derivative z by its expression taken from the 


third equation: x= z=x—y+z. Since y=x and z=x we finally 
obtain x=x—x-+x, that is 


X—x +x—-xX=0 
which is a linear differential equation of the third order with 
constant coefficients. 

Note that when eliminating the functions y and z we express 
them in terms of the function x and its derivatives. On finding 
the general solution of the resultant differential equation of the 
third order we obtain the expression for the function x involving 
three arbitrary constants. The remaining unknown functions are 
then found without integration from their expressions in terms 
of the function x already determined. Hence, the total number 
of the arbitrary constants is not increased and coincides with the 
order of the system, that is with the number of the equations. 

Let us solve the equation of the third order obtained above. 
The corresponding characteristic equation r5—r?+r—l= 
=(r?+1)(7—1)=0 has the roots r,=1 and r,,,=+i. Conse- 
quently, 

x=Cye'+C, cost+Cysint 
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Since when eliminating y and z we obtained y=x and z=: 
there must be 
y=Cy,e'—C,sint +C,cost 
z=C,e'—C,cost—C,sinf 
As an example of the case when a normal system cannot t¢ 
replaced by a single higher-order differential equation let us tz¥« 
the system 
X=xX, Youd, z=y 
Applying the above technique we can reduce the two last equz- 
tions to one equation of the second order: y=z=y. Its genecdl 
solution is y=C,e'+C,e-', and therefore z=y=C,e'—Cy-'. Bui 
the first equation of the system has nothing in common with th: 
rest and therefore it should be solved separately: x =C,e!. Finally, 
the general solution of the system is 
x=C,e’, y=C,et+C,e-?, z=Cye'—C,e™! 
It also includes three arbitrary constants. 
The examples we have considered allow us to draw the follo- 
wing conclusion (whose general proof we do not present): 
The general solution of a system in normal form 


x =i, (6, Ky Loy w2ey Xp) 
x,=f,(t, Mig Mays Seay: Xp) 


co @ 0e@ @ oe $.@ @  @  &  @#  @ 


can be written as 

MeO Ce Cay. ese Cr le - eels Ca Ca. moog Colic aes 
bhgety pe (are, Gay, wang. Ge) 

where C,, C., ..., C, are arbitrary constants. 

The second of the above examples indicates that the expressions 
of some x,’s may include not all the arbitrary constants but 
only some of them. 

Initial conditions by means of which a particular solution is 
separated from the general solution are usually set in the fors 


xy lat, = *105 Xy|tete = X91 00s Mn flat, = Xun 
Substituting the initial data into the general solution we receive 
the system of equations for determining the arbitrary constants: 


P; (to, C;; Cs ee) Cr) = X16 
G, (ty, C;, Cy sees Ci) =%45 


eo £ j@ @© oe  @  @ oe  e@  @«#  @  @ @ @ 
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For systems of differential equations in normal form we can 
state the theorem on the existence and uniqueness of a particular 
solution analogous to the theorems formulated in the foregoing 
sections for equations of first, second and higher orders: 

Theorem. If the right-hand sides of a normal system are 
continuous together with their partial derivatives in a neighbour- 
hood of a point (f,, X19: Kooy oe +s Xqo) then in a sufficiently small 
interval [¢, —#, ¢,-+A] there exists a uniquely determined system 
of functions x, (t), x,(f), ..., x, (¢) tepresenting a particular 
solution of the system which satisfies the given initial conditions 
X, {t=t, = 109 Hy [rato AHH yoy sees Kn [t=t. == F noe 

177*. Geometrical and Mechanical Interpretation of Solutions 
of a System of Differential Equations. Phase Space. For the sake 
of simplicity, let us begin with the normal system of two diffe- 
rential equations 


x=f,(t, x, y), y=, (t, x, y) (*) 


Independently of the physical meaning of the variables x and y 
let us interpret them as the coordinates of a point in the xy-plane. 
The plane itself will be called the phase plane of the system. 
Every solution to the system 


x=x(t), y=y(Z) (**) 


can be regarded as giving a parametric representation of a curve 
in the phase plane. Using mechanical terminology and assuming 
that ¢ is time we can say that the functions x(f) and y(t) des- 
cribe some laws of motion of the projections of the moving point 
on the coordinate axes while the curve (**) itself is the ¢trajec- 
tory of motion. The derivatives x and y then represent the pro- 
jections of the velocity of the moving point on the coordinate 
axes. 

It should be stressed that all that has been said is only a con- 
venient geometrical or mechanical illustration. In concrete 
problems the variables x and y may designate some quantities 
which are in no connection with the motion of a point; they 
can, for instance, describe electric current in electric circuits. Also 
note that in this interpretation a solution x= <x(f) of a single 


differential equation x=/ (t,x) expresses a law of motion of 
a point along the axis of abscissas; then to various particular 
solutions there correspond different laws of motions. The interval 
of the x-axis in which the point moves may be common for all 
the particular solutions (if, for instance, the general solution of 
the equation is x=sinC?f) or different for different solutions (if, 
for example, x=Csinft). In the first of these simple examples we 
have harmonic oscillations with the same amplitude but different 
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frequencies while in the second example the frequency is constzs! 
and the amplitude may vary. 

Let us come back to the system of two differential equations (* 
and set initial‘conditions: x|n.,=@, Yfror=f. They specily 
a particular solution «x, (f), y,(¢) determining a law of motis: 
along a trajectory, L, Now let us change the initial condities: 
by taking another initial time moment ¢, and retaining the isi- 
tial values of the phase coordinates x and y: x fray, =@, Ylia1,=6. 
We then obtain a new solution x, (t), y,(¢) and a new trajecters 
L, which, of course, may differ trom L,. For, on finding froz: 
equation (*) the values of the derivatives x and y at the initie! 
time moments ¢, and ¢, we may obtain different results. This 
means that if the motion starts from the point (2, f) at tice 
moment ¢, we have a certain initial velocity vector which me; 
change if the motion begins at another time moment f,; in thes 
{wo motions the points may start moving in different directions. 
Thus, through a fixed point of the phase plane there may pess 
different trajectories (phase trajectories). Consider a simple 
example. 

(1) x=1, y=2t. These two equations are not connected wilh 
each other, and therefore we immediately obtain x=f+C,, 
y=l?+C,. For the initial conditions x]rco=O0, ylreo=O0 the 
solution is expressed by the functions x=? and y=??, the corte- 
sponding phase trajectory being the parabola y=4*. But if we 
take the same initial values of x and y for another initial 
time moment f=1 the new solution is x=f—l1, y=?—I]. On 
eliminating ¢ we obtain the equation of the new phase trajectory: 
y=(x+1)?—1. It is also a parabola but not coincident with 
the former. 

In applications the most important case is when the right-hand 
sides of equations (*) do not involve explicitly the independent 
variable ¢. Such a system of differential equations is said to be 
autonomous; it is written in the form 


Shy (x, y); A af, (x. y) (°**) 


If the motion is described by equations of this type the velocity 
vector ai every fixed point (a, B) is independent of time. It can 
therefore be proved that all the motions starting at the fixed 
point (a, B) (which can be arbitrary) at difierent time momenis 
have one and the same trajectory (we do not present the provi 
here but the mechanical meaning of this property is quite evt- 
dent). Imagine that we are watching the motion of a small ball 
rolling along a trajectory; then it is obvious that similar balls 
issued from one and the same point with the same velocity but at 
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different moments of time move in the same trajectory without 
impacting and overtaking each other (but there can of course be 
closed trajectories, for instance, circles or ellipses). 

It can also be shown that for an autonomous system through 
each point of the phase plane there is only a single trajectory 
provided that the conditions of the existence theorem stated in 
Sec. 176 are fulfilled in a neighbourhood of that point. What has 
been said is demonstrated by the example below. 


(2) Fay, Bax, Eliminating the function y we get 


x=y=—x, that is x+x=0. Write the general solution of the 
latter equation in the form x= Asin (¢+q); then y =Acos(¢+9). 
The trajectories of the system are the circles x?-+ y?= A? with 
centre at the origin. 

The equation of the family of the phase trajectories can be 
derived in another way by eliminating at the very beginning the 
differential of the independent variable dé which is readily achie- 
ved by dividing the second equation of the system by the first 
one: Gos Solving the first-order differential equation thus 
obtained we arrive at its general solution describing the same 
family of circles. 

Let us briefly discuss one more question. Again consider sy- 
stem (***) and suppose that both right members turn into zero 
at a point (x,, y,): 


i (Xo, Yo) = 0, fs Xo, Yo) =90 


Then the functions x=x, and y=y, (simply speaking, the con- 
stants) are solutions to the system. This means that the ball 
placed at the point (x,, y,) remains motionless (in the state of 
rest) all the time. A point of this kind is spoken of as a rest 
point of the system. For instance, the origin is a rest point of 
system (2). 


For the equation = be) obtained from: the original system 


by eliminating dt every ‘rest point of the system is a singular 
point (see Sec. 164). It follows that the problem of investigating 
the structure of the family of integral curves in the vicinity of 
a singular point is closely related to the investigation of the 
properties of the trajectories of the corresponding autonomous 
system near the rest point. These questions are studied in the 
stability theory (e.g. see [3]). 

All that has been said can be extended to systems of three 
and more equations without any significant changes. In the case 
n=3 we deal with three unknown functions x(f), y(#) and z(t) 
and therefore consider phase trajectories in the three-dimen- 


41—2280 
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frequencies while in the second example the frequency is constent 
and the amplitude may vary. 

Let us come back to the system of two differential equations (*) 
and set initial:conditions: x|ru4—=@, Ylrer,=f. They specify 
a particular solution x, (t), y,(¢) determining a law of motion 
along a trajectory, L,. Now let us change the initial conditions 
by taking another initial time moment ¢, and retaining the ini- 
tial values of the phase coordinates x and y: x|r=;, =@, Yhte., =f. 
We then obtain a new solution x, (¢), y,(¢) and a new trajectory 
L, which, of course, may differ from L,. For, on finding from 
equation (*) the values of the derivatives x and y at the initial 
time moments ¢, and ¢, we may obtain different results. This 
means that if the motion starts from the point (a, B) at time 
moment ft, we have a certain initial velocity vector which may 
change if the motion begins at another time moment f,; in these 
two motions the points may start moving in different directions. 
Thus, through a fixed point of the phase plane there may pass 
different trajectories (phase trajectories). Consider a simple 
example. 


(1) x=1, y=2t. These two equations are not connected wilh 
each other, and therefore we immediately obtain x=/+(,, 
y=l+C,. For the initial conditions x}r-o=0, yhreo=0 the 
solution is expressed by the functions x=? and y=1, the corre- 
sponding phase trajectory being the parabola y= x’. But if we 
take the same initial values of x and y for another initial 
time moment ¢=1 the new solution is x=¢—l, y=l?—1. On 
eliminating ¢ we obtain the equation of the new phase trajectory: 
y=(x+1)?—I1. It is also a parabola but not coincident with 
the former. 

In applications the most important case is when the right-hand 
sides of equations (*) do not involve explicitly the independent 
variable ¢, Such a system of differential equations is said {o be 
autonomous; it is written in the form 


Sah(ny), Bahlx y) re) 


If the motion is described by equations of this type the velocity 
vector at every fixed point (a, B) is independent of time. It can 
therefore be proved that all the motions starting at the fixed 
point (a, B) (which can be arbitrary) at different time moments 
have one and the same trajectory (we do not present the proof 
here but the mechanical meaning of this property is quite evi- 
dent). Imagine that we are watching the motion of a small ball 
rolling along a trajectory; then it is obvious that similar balls 
issued from one and the same point with the same velocity but al 
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(2) /f we know two solutions x,, y,, 2, and X,, Y,, 2, the fun- 
cltons X,4+%X., Yi tYo, 2, +2, are also a solution. 

It follows that if we know three particular solutions (x,, y,, 2;), 
(Xs, Yo, Z,) and (x5, Y,, Z,) then the functions 


X= C,X,+C%,-+ CX, 
y=Cyy; +Ciy.t+Csys (**) 
z= C2, -+C,2,+ C2, 
represent a solution for any constants C,, C, and C;. Let us find 
out when it is possible to obtain from this three-parameter family of 


solutions a particular solution satisfying any given initial condi- 
tions. If the initial conditions are 


X|tatp=Xoy Yltetp=Yor 2 [t=t, = 2o 


the system of equations for determining the constants C,, C, and 


C, has the form 
CX, 9+ CoXq9 + CyXq9 = Xp 


CY 19 + CeYa0 + CaYs0 = Yo 
C1219 + Cy299 + Co2ao = 25 


where Xj, Y;o and 2;) (i=1, 2, 3) are, respectively, the values of 
the corresponding functions for f=¢,. For this system to have 
a unique solution for any initial conditions it is necessary and 
sufficient that the determinant 


Xy Yy 2 
Xo Yo 2 
X3 Ys 2s 


be nonzero for all the values of f=/,. As before, any collection 
of three particular solutions satisfying this condition will be 
called a fundamental system of solutions. Expressions (**) in this 
case describe the general solution of the system. 

Proceeding to the nonhomogeneous system 


x=a, (t)x+, (y+, ()2+e (4) 

y= a, (t) +6, (t)y +0, (1) 2+8,(2) (***) 

Z = as (t) x +5, (8) y +, (t) 2+ gs (E) 
we state that the gere:al solution of the nonhomogeneous system 
(***) is the sum of the general solution of the corresponding homo- 
geneous system (*) and a particular solution of the nonhomogeneous 
system. 

The proof of this assertion is similar to the proof of the ana- 

logous theorem for a single linear equation (See Sec. 169, II), 
and we leave it to the reader. 


WV = 
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sional phase space Oxyz. Their geometrical study is of course 
more complicated than in the case of the plane. For n>3 the 
visual geometric representation is no longer possible. But we 
generalize the geometrical terminology and speak of an n-dimen- 
sional phase space. 

Now let us discuss a hydrodynamical interpretation of solutions 
of a system of differential equations. Consider a stationary velo- 
city field of a flow of liquid V= {v,, v,, u,}, and let v, =f, (x, y, 2), 
v,=f,(x, y, z) and v,=f,(x, y, 2). T e differential equations of 
the family of stream lines (fiow lines; see Sec. 151) are written 
in the form 


eee eee =e eee © ee 


Introducing a parameter ¢ and equating each of the above ratios 
i dt we arrive at the autonomous system of differential equa- 
ions 


Tah 2 Pahley. 2), 
e = fa(x, Y; 2) 


The solutions x(f), y(t), 2(¢) of this system give us equations of 
the stream lines. These stream lines are independent of time, 
and the particles moving along different stream fines do not mix 
since the stream lines do not intersect. For a nonstationary mo- 
tion of the liquid the structure of the flow becomes more com- 
plicated. 

178. Systems of Linear Differential Equations. In applications 
we most often deal with systems of linear differential equations. 
For the sake of ie dobanee we shall confine ourselves to conside- 
ring a system of three equations with three unknown functions 
x(t), y(t) and z(t). We shall take the system in its normal form 
ae begin with studying the properties of the homogeneous 
system 


x =a, (t)x+5, (thy +e, (Az 
y =a, (f)x +6, (t)y+e,(t)z (*) 
2= a5 (t)x-+b,(t)y+cy(f)z 


The functions a;(f), 5;(2), ¢;(f) (é=1, 2, 3) are supposed to be 
continuous. 
Let the reader prove the following simple properties of this system: 
(1) Jf a@ particular solution x,(t), y,(t), 2,(t) of system of 
equations (*) is known the functions Cx, (t), Cy, (t), Cz, (t) where C 
is an arbitrary constant also form a solution. 
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(2) /f we know two solutions x,, y,, 2, and x,, y,, 2, the fun- 
clions X,+-X., Y¥;+-Y4., 2, +2, are also a solution. 

It follows that if we know three particular solutions (x,, 4,, 2Z,), 
(Xs, Yo, 2p) and (x5, ¥5, Z;) then the functions 


x=C,x,+C,x,+C5%5 
y=CyYi, +Cy,+ Coys (**) 
z= C42, +Cy2,-+ C32 


represent a solution for any constants C,, C, and C;. Let us find 
out when it is possible to obtain from this three-parameter family of 
solutions a particular solution satisfying any given initial condi- 
tions. If the initial conditions are 


X [tety =Xos Yy |1=t, = Yor 2 [i=t, = 2 


the system of equations for determining the constants C,, C, and 
C, has the form 

CX 0+ CoXe9 + CyX a9 = Xp 

C19 + CoYa0 + CaYa0 == Yo 

Cy2y9 + C4299 + Ca2a0 = 25 


where Xj, Yio and 2;o (i= 1, 2, 3) are, respectively, the values of 
the corresponding functions for ¢=#,. For this system to have 
a unique solution for any initial conditions it is necessary ard 
sufficient that the determinant 

xy yy 2 
Xs» Y, 2, 
Xs Ys 23 
be nonzero for all the values of {=1f,. As before, any collection 
of three particular solutions satisfying this condition will be 
called a fundamental system of solutions. Expressions (**) in this 


case describe the general solution of the system. 
Proceeding to the nonhomogeneous system 


x= a, (t)x+b, (thy +e, (t)z+¢, (f) 
y = a(t) x-+b, (t) y+, (t) 2+ 84 (f) (***) 
z= a; (t)x+6,(t)y+cys (f) 2+; (2) 
we state that the gereral solution of the nonhomogeneous system 
(***) is the sum of the general solution of the corresponding homo- 


geneous system (*) and a particular solution of the nonhomogeneous 
system. 

a The proof of this assertion is similar to the proof of the ana- 
jogous theorem for a single linear equation (see Sec. 169, 11), 
and we leave it to the reader, 


V= 
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Generally speaking, the problem of solving a system of linear 
differential equations is equivalent to that of solving one linear 
equation of the corresponding order? (in our case a third-order 
equation). Indeed, as was indicated, to reduce system (*) or (***) 
to a single third-order equation we should differentiate one of 
the equations of the system, for instance, the first. Replacing 
each time the derivatives of the unknown functions in the right- 
hand side by their expressions we see that all the consecutively 
computed derivatives of the function x are expressed linearly in 
terms of the functions x, y and z. Therefore, conversely, the 
functions y and z can be represented as linear expressions in x, 
x and x. Hence, the resultant differential equation is linear. It is 
obvious that if the original system of equations is homogencous 
the resultant equation is also homogeneous while a nonhomoge- 
neous system may lead to a nonhomogeneous or a homogeneous 
equation. The latter possibility is illustrated by the system 


raxtyt5 , y==x—t which reduces to the equation x—x—x=0. 


We did not dwell on solving differential equations with variable 
coefficients, and therefore we shall not discuss the methods of 
solving systems of such equations and shall proceed to systems 
of linear equations with constant coefficients. 

179. Systems of Linear Differential Equations with Constant 
Coefficients*. Consider a homogeneous system of the form 


x= a,x+by+¢C,2 
y = 0,%+ bay +042 (*) 
z= a,x-+ b,y +52 


where a,;, 6, and c; (i=1, 2, 3) are constant. As was mentioned 
at the end of the foregoing section, this system is reducible {o 
a single homogeneous linear equation of the third order. It is 
clear that, as in the example on p. 637, this always leads to an 
equation with constant coefficients. Since the structure of the 
solutions of such an equation has been already studied, in prac- 
tical work it is advisable to look directly for particular solutions 
of the form 


X= ker, y — kert, Z2= ker! (* *) 


(where k,, &,, &, and r are undetermined constants to be found) 
instead of reducing the system to one equation. 


1 The example on p. 638 shows that sometimes there may appear several 
higher-order equations; in this example each of the equations contains only one 
unknown: function. 

2 The reader is advised to recall the properties of homogencous linear 
algebraic equations before studying this section. 
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On differentiating the functions x, y and z and substituting 
the results into system (*) we obtain 


kre’ =a,k,e"' +5, ke +-c,R,e"* 
k,re™ = a,hk,e™-+-b,k,e"' +c,k,e"! 
kyre™' = a,k,e" +-6,h,e"' + c,k,e"! 


Cancelling by e’' and transposing all the terms to one side we 
arrive at the system of homogeneous linear algebraic equations 
in k,, Rk, and R,: 

(a,—r)k,+0,k, + Ck, =0 


a,k, +-(b,—r) ke+ 6,5 =0 ee) 
a,k,+0;k, +(¢,—r) 2, =0 


For this system of homogeneous linear equations to possess a 
nonzero (nontrivial) solutions (of course, we are only interested 
in such solutions) it is necessary and sufficient that its determi- 
nant be equal to zero: 


a, —T— 5, C; 
a, b—r  c, |=0 
a, bs C,—T 








On writing this determinant explicitly we obtain an algebraic 
equation of the third degree with respect to r which is called the 
characteristic equation of system (*). 

Thus, a solution of form (**) exists if and only if the number r 
is a root of the characteristic equation. 

Let us first suppose that all the roots of the characteristic equa- 
tion are real and simple (i.e. not multiple). If r, is one of the 
roots its substitution into system of equations (***) results in 

(a,—r,)k,+ 6h, + ck, =0 
ak, +(6,—7,)k,.+ ck, =0 
ak, + 6k, + (c3—r,)&,=0 
By the hypothesis, the determinant of the latter system is equal 
to zero. Assume without proof that if 7, is a simple root of the 
characteristic equation (we only confine ourselves to such roots 
now), at least one of the minors of the second order of the de- 
terminant is different from zero. Then one of the equations is a 
consequence of the other two equations, and the system reduces 
to two equations in three unknowns. The general solution of such 
a system depends on one arbitrary parameter. If, for instance, 
the system reduces to the first two equations, the numbers 


b,—r, C, a, b—r, 


€, Q,—Tl, 
CG, 4a, 


() 


’ 2 





Lb © eee qa) 
ky) = ’ ks a 
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Generally speaking, the problem of solving a system of linear 
differential equations is equivalent to that of solving one linear 
equation of the corresponding order? (in our case a third-order 
equation). Indeed, as was indicated, to reduce system (*) or (***) 
to a single third-order equation we should differentiate one of 
the equations of the system, for instance, the first. Replacing 
each time the derivatives of the unknown functions in the right- 
hand side by their expressions we see that all the consecutively 
computed derivatives of the function x are expressed linearly in 
terms of the functions x, y and z. Therefore, conversely, the 
functions y and z can be represented as linear expressions in x, 
x and x. Hence, the resultant differential equation is linear. It is 
obvious that if the original system of equations is homogeneous 
the resultant equation is also homogeneous while a nonhomoge- 
neous system may lead to a nonhomogeneous or a homogeneous 
equation. The latter possibility is illustrated by the system 


kexty+ , Y==-x—t which reduces to the equation x—x—x=0. 


We did not dwell on solving differential equations with variable 
coefficients, and therefore we shall not discuss the methods of 
solving systems of such equations and shall proceed to systems 
of linear equations with constant coefficients. 

179. Systems of Linear Differential Equations with Constant 
Coefficients*. Consider a homogeneous system of the form 


%= 4,x+b,y+c,2 
y = a,% + b,y +042 (*) 
z= a,x-+ b,y-+c,2 


where a;, b, and c; (i=1, 2, 3) are constant. As was mentioned 
at the end of the foregoing section, this system is reducible to 
a single homogeneous linear equation of the third order. It is 
clear that, as in the example on p. 637, this always leads to an 
equation with constant coefficients. Since the structure of the 
solutions of such an equation has been already studied, in prac- 
tical work it is advisable to look directly for particular solutions 
of the form 

x=ket, yoke’, z=kgert (**) 


(where k,, &,, &, and r are undetermined constants to be found) 
instead of reducing the system to one equation. 


1 The example on p. 638 shows that sometimes there may appear several 
higher-order equations; in this example each of the equations contains only one 
unknown: function. 

2 The reader is advised to recall the properties of homogeneous liner 
algebraic equations before studying this section. 
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On differentiating the functions x, y and z and Substituting 
the results into system (*) we obtain 


k,ret' =a,k,e"' +b, ke"! + c,kye"* 
krett _— a,k,e" —+ b,k,e"! + c,k,er' 
k,re"' = a,k,e + b,k,e"' +-c,k,e"! 


Cancelling by et and transposing all the terms to one side we 
arrive at the system of homogeneous linear algebraic equations 
in ky, k, and R,: 


(a,—r) &,+05,k, + ¢,R, = 
a,k, + (6,— r)k,+c,k, =0 (eo) 
ak, + Dgk, “+ (Cs—r) ky =0 


For this system of homogeneous linear equations to possess a 
nonzero (nontrivial) solutions (of course, we are only interested 
in such solutions) if is necessary and sufficient that its determi- 
nant be equal to zero: 


a, b,—r Cy =) 








On writing this determinant explicitly we obtain an algebraic 
equation of the third degree with respect to r which is called the 
characteristic equation of system (*). 

Thus, a solution of form (**) exists if and only if the number r 
is a root of the characteristic equation. 

Let us first suppose that all the roots of the characteristic equa- 
tion are real and simple (i.e. not multiple). If r, is one of the 
roots its substitution into system of equations (***) results in 

(a,;—r,) Ry+ bk, + C,k, =0 

a,k, +(b,—1;)Rkp+ ¢€,8, =0 

ask, + bk, + (Cs—r,) k= 
By the hypothesis, the determinant of the latter system is equal 
to zero. Assume without proof that if r, is a simple root of the 
characteristic equation (we only confine ourselves to such roots 
now), at least one of the minors of the second order of the de- 
terminant is different from zero. Then one of the equations is a 
consequence of the other two equations, and the system reduces 
to two equations in three unknowns. The general! solution of such 
a system depends on one arbitrary parameter. If, for instance, 
the system reduces to the first two equations, the numbers 


bh fy a—l, 5, 


C,; a;—Tl, 
G& a, 


GQ) a) — 
? ra ’ RS _— 
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form one of the solutions. (These formulas are readily oblzine 
if we transpose the terms with &, to the right-hand side en 
solve the resultant system of nonhomogeneous equations.) All th: 
other solutions are found by multiplying the numbers &!, £2 
and kf? by one and the same arbitrary constant. Operating in th 
same marner on al! the roots of the characteristic equation se 
determine three systems of functions each of which is a solution 
to system (*). 
These systems of functions are 
AWerst, pert fMer,t 
kMerst pert, Rrerst 
Rireret bert, R&derat 
Here we do not present the proof of the fact that these functiors 
constitute a fundamental system of solutions. The general solution 
of system (*) is written in the form 
t= C, Rider + Ck@erst a CR Mert 
y= CRM ent + C Rest + Cie! 
a= CRM ert + CiR@erst +. Ck erst 


Examples. (1) Let us solve the system 


yA Z 
y= —4x—y—4z 
z= —Y 
In this case the system of equations (***) has the form 
—rk, + k,=0 
—4k,—(l+r)k,—4k, =0 
— eo 3 


Write down the characteristic equation: 








—fL QO | 
—4 —(l+r) —4)=—Pr?—7?5+4r+4=(4—7') (r+ l=0 
0 —j{ —Pf? 
Its roots are r;,=—l, r,=—2 and r,=2. Here it is more con- 


venient to use the first and the third equations of the system Sor 
determining &,, #, and &,. 
For r,==—1 we obtain 
RO Ry? =(Q, — AW 1 pa) — 0) 


As solutions we can take, for example, the numbers Y=], 
kw =—] and kM =—], 
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Consequently, the solution corresponding to 7,=1 is 
=e". YS —e|; 24—e' 
For r,=—2 we have 
QR? 1. R=, —k® + 2ko —0 
Here we can put R= 1, kf’ =—4 and k= —2, then 


— of 


x,=e7*!, yy=—4dem*!, 2, = —2e7?! 
Finally, for r, = 2 we write 
— 2k +R — 0, —RO—2RO=0 
Taking Rk =1, RO =—4 and k&’=—2 we receive 
Xy=e7!, yy=—4e7!, 2 = Qe?! 
Now, the general solution is written in the form 


x= Cye~'-+ Cye~2! + Ce?! 
y = — C,e-'— 4C,e-2! — 4C,e** 
z= — Cie~'— 2C,e-*! + 2C ec" 


Let the reader check that particular solutions we have found form 
a fundamental system of solutions. 

If among the simple roots of the characteristic equation there 
are complex ones the solution is also obtained in the form of 
complex functions of a real variable. In this case to find a real 
solution one should resort to the following property completely 
analogous to the one proved on page'610: if complex functions 
xX, +ix,, ¥,t+iy,, 2,-+2, are solutions of system (*) with real coef- 
ficients their real parts (x,, ¥,, 2,) and imaginary parts (x,, 
Vy, 2,) are themselves solutions of the system. In this situation to 
conjugate complex roots of the characteristic equation there cor- 
respond the same real solutions. 

For the sake of brevity we shall demonstrate this case by the 
example of a system of two equations. 

(2) Consider the system 


x=—7x+y 

y= —2x— dy 
Its characteristic equation is 
—7—r l 

—~2 cee eee 


whence r,,=—6+i. Here the system of equations for determi- 
ning &, and &, reduces to one equation with complex coefficients; 


J =r. J2r+37=0 
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for the root r,=—6-+i this equation is written as 
(—1—i)k, +k, =0 


(Let the reader check once again that the second equation of 
this algebraic system is a consequence of the first one.) 

We can put k,=1 and k,=1-+i; then the complex expression 
of the solution of the given system of differential equations is 


x= el-et Nt esl eos t+ ies sin? 
y = (1+ i) ef-8t+ 9 t = e- 8 (cos f—sin ¢) + ie~* (cost +sin?) 


On separating the real and the imaginary parts we obtain two 
real solutions: 


x,=e7* cost, y,=e-* (cos¢—sin?) 
x,=e7*sint, y,=‘e7* (cost +sint) 


As has been mentioned, the same operations on the conjugate 
complex root r,-=—6—i lead to the same real solutions. 

It is readily verified that the solutions we have found consti- 
tute a fundamental system, and therefore the general solution to 
the system is 


x=e-*(C, cost -+C, sin ?) 
y=e-*[C, (cos?—sin?)-+C, (cos? +sint)] 


A particular solution of a system of nonhomogeneous equations 
can be found by reducing the system to one equation of a higher 
order and applying the techniques elaborated in Sec, 174 but we 
shall not dwell on this question in more detail. 

Systems of linear differential equations with constant coeffi. 
cients can also be solved by means of the methods of the opera- 
tional calculus (mentioned at the end of Sec. 174); they are par- 
ticularly convenient when it is required to determine a particular 
solution satisfying given initial conditions. 

In conclusion we consider an electrotechnical problem leading 
to a system of linear equations with constant coefficients. 

Let there be two circuits, their resistances, inductances and 
capacitances being, respectively, R,, L,, C, and R,, L,, C,. Sup- 
pose that there is an electromagnetic coupling between the cir- 
cuits; this means that a change of the electric current in one of 
the circuits induces an electromotive force in the other and vice 
versa. 

As is known from physics, under certain conditions, the indu- 


ced electromotive force in the first circuit is equal to — Me and 


in the second circuit to —Mo where M is a constant coefficient 
of mutual inductance and i, =i, (¢) and i, =i, (¢) are, respectively, 
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the current intensities in the first and in the second circuit. The 
coefficient M is positive if the directions of the electromotive 
forces of mutual inductance and self-inductance coincide and ne- 
gative if otherwise. 

Furthermore, suppose that there are no external sources of 
electric power in the circuits. Then the current flows in the 
circuits are described by the following system of differential equa- 
tions (see Sec. 175, IV): 


Lit Rito i,dt + Miz=0 

Litt Rei t qe | dt + Mij=0 

On differentiating with respect to ¢ we receive 
Lig +Riit + eit Mig =0 
List Risto i, + Miz=0 


which is a system of two differential equations of the second 
order. It can be solved without the reduction to the normal 
form. Putting i,=4,e ana i,=,e"' we directly arrive at a sy- 
stem of homogeneous linear algebraic equations in &, and &,. 
Nontrivial (nonzero) solutions to the system exist if and only if 
the determinant of the system is equal to Zero: 


LetRyr te Mr? 


Me Lyte Ry tl 
2 
that is 
| 34 L, L, 9 
(L,L,—M?)r +(LR,+L,R,) 7 +(G+ZtRR Ot 
Ry , Rs i 
H(+H) r+oee =0 


In many practical cases it turns out that the latter equation pos- 
‘sesses two pairs of conjugate complex roots, which means that 
the oscillations of the currents in the circuits are superpositions 
of two harmonic vibrations. A thorough analysis of all the pos- 
sible cases can be found in courses of electrical engineering. In 
conclusion we note that if the capacitances. of the circuits are 
neglected the current flow is described by a system of equations 
of the first order and there are no vibration processes. 

180*. Multiple Roots of the Characteristic Equation. If the cha- 
racteristic equation possesses multiple roots the structure of the 
solution of the system becomes substantially more complicated. 
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In the case of a single higher-order differential equation we cz: 
immediately write down a fundamental system of solutions pro- 
vided that the multiplicities of the roots of the characteristic 
equation are known (see Sec. 174) while in the case of a sysiex 
the situation is more complicated. Without going into particulars 
we shall illustrate what has been said by two examples. 

(1) Let us solve the system 


x=2x+y—z 


y=xt2y—z2 
z= 3x-+ 3y—2z 
Tis characteristic equation 
2—r 1 —I] 
l 2—r —] J=—r(r?—2r+1)=0 
3 3 —2—r 





has the roots r,=0 and r, ,=1. For the simple root r,=0 we 
can put AU = AM =], A —3. The corresponding solution can be 
taken as three constanis x,=1, y,=1 and z,=3 which of cours 
can be multiplied by an arbitrary constant C,. 

For the multiple root r=1 the system of equations 


ki +k,—h,=0, &, +h,—k, = 0, 3k, +3h,—34,=0 


for 2,, R,, Rk, reduces to a single equation &,-+£,—2£,=0 (in con- 
trast to fhe case of the simple root when we obtain two inde- 
pendent equations). Here we can choose arbitrarily the values of 
two quantities; for instance, we can put k,=C, and k,=C,. This 
results in 2;=C,+C,, and hence we arrive at a family of parti- 
cular solutions dependent on two arbitrary constants: 


x=Cy,e', y=Cyet, z=(C,+C,)e 


It is clearly seen that it is a linear combination of the two parti- 
cular solutions x,=e', y,=0, z,=e' and x,=0, y,=e', z,=4. 

Combining the three solutions obtained we receive a system of 
solutions which is fundamental since the determinant 


I 1] 3 
et 0 et es ert 
0 e ef 








is nonzero. Finally, the general solution of the system is 


%=C,+Cye, y=C,+Cel, z=3C,+(C,+C,)e 
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(2) Consider the system 








fexr-y 
y=4x—y+ 22 
z= Qy+z 
The roots of the characteristic equation 
l—r —1 0 
4 —l-—r 2 j=—(l—r)?{1+r)=0 
0 2 l—r 
are r,;,=—Il and r,,=1. To the first simple root there corres- 
ponds the solution x,=e-', y,=2e-', z,=—2e-?. 


Let us write down the system of equations for &,, Rk, and A, 
corresponding to the multiple root r,,=1: 


—k,=0, 4k,—2k,+2k,=0, 2k,=0 


We see that in this case it reduces to two equations, which give 
us only one particular solution; for instance, we can take x, =e’, 
y¥,=0 and z,—=—2et. A third solution of the same structure 
which is not a linear combination of the two former solutions 
does not exist. It turns out that in this oase it is possible to 
find a solution of the form 


x=(a,+B fe, y=(a,+f,f)e’, z=(a,+f, ft) ef 


The constants a,;, 6; (é=1, 2,3) are found with the aid of the 
method of undetermined coefficients. Indeed, on differentiating x, 
y and z with respect to ¢, substituting the results into the equa- 
tions and cancelJing by e' we get the identities 


@,+B,f+6,=a,+ 6,f—a,—B,t 
Cet B,/-+ Bs =4 (a+ B,2)—@,—B, f+ 2 (@,-+ Bs?) 
Os+ Bat +B; = 2 (&,+Byt) +0 +Bst 

Now it only remains to equate in each identity the constant 


terms (this results in the equations written below on the left) 
and the coefficients in ¢ (equations on the right): 


(1) B, +a,=0 (4) B,=0 
(2) —4a,+2e,+6,—2a,=0 (5) —4B,+28,—28,—0 
(3) B,—2c, =0 (6) —2B, =0 


Here the sixth equation is equivalent to the fourth one and 
the fifth is a consequence of the first, third and fourth equations. 
Thus, we arrive at the remaining four independent equations 
containing six unknowns. Setting the values of two of the un- 
knowns, for instance @,=C, and a,=C, (where C, and C, are 
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of linear differential equations and their solutions in matrix form 
which is widely used in modern engineering literature. 

Let there be given a homogeneous linear system of differential 
equations in normal form 


X= 3%, $OyxX, +... +4,,%, 
Xq == Ag XT 1g gXg-p 2. + Ag yXp (*) 
Xn == Any %y FAngXet ... + OnnX, 


The coefficients ay of the system may depend (continuously) on ¢ 
or, in a parficular case, be constant. Let us write down the so- 
called coefficient matrix of the system 


Any ans oe Qnn 


and also the column matrix X(t) whose elements are the func- 
tions x,(t) (i =1, 2, ...,) and the derivative X (¢): 


x; (f) x, (t) 
xn (2) i, (1) 


The column matrix X(t) is also termed a vector function of the 
scalar argument f, the functions x, (f), x,(t), ..., %,(¢) being its 
coordinates. In what follows we shall simply speak of the column 
matrix X(t) as a vector and sometimes briefly denote it as X. 

The product of the matrix A by the vector X is understood 
as a new vector specified by the relation 


As, Qy_ 200 App x, Oy %y Oy eX qo + nt, 
AX= Qs, Qq2 «++ Aan ys | Og yXy-F Ong hg Toe e TH Aan ky 
Qn an so e¢ ann xn Ay Xy + A,2%s + eee +a, Xp 


The elements of this vector written on the right exactly coincide 
with the right-hand sides of the system of equations (*) which 
therefore can be briefly written as one matrix differential equ- 
ation: 


K = AX (**) 


Particular solutions of such an equation are vector functions 
(or, briefly, vectors) X;(¢) with coordinates x,,(f), %2;(f), ..-s 7 (t} 


654 Ch. X. Differential Equations 


Equation (**) apparently always possesses the zero (trivial) solu- 
tion X,=0. 
The rules of operations on matrices readily imply that any li- 
near combination of particular solutions 
C,X, (t)+C,X, (t)-+ ... +C,X,, (t) 
where all C;’s are arbitrary constants is also a solution. 
Let us state the definition of linear independence of a system 


of vector functions. A system of vector functions ts said {o be {i- 
nearly independent if the identity? 

AsXy (t) A,X, (f) +... +A Xq (f) = 0 (***) 
is only possible for constant };, i=1, 2, ...,m, whend,=3,=... 
...2=h,,=0. If otherwise, that is if this identity can hold when 
not all Ajs are equal to zero, the system is spoken of as linearly 
dependent. 

In other words, a system of vector functions is Jinearly inde- 
pendent if none of the functions is representable as a linear com- 
bination of the others and is linearly dependent if otherwise. We 
also note that one vector identity (***) is equivalent to the n 
scalar identities 


Ask, (L) + Agx,, (L) +... BAH (4) = 0 

AiXor (L) +g %e5 (LE) +... +A Xam (4) = 0 

AiXn1 (L) 4A Xn (Z) -+ oe 4-1, Xm (t) == 0 
containing the coordinates of the vectors. It is of course assumed 
that all the functions x,,(/) are defined and continuous in the 
same interval of variation of 7. 

Now let vector functions X, (¢), X, (4), ..., X,(t) be solutions 
to the matrix differential equation (**) or, which is the same, to 
system (*). For these solutions to be linearly independent it is ne- 
cessary and sufficient that the determinant 


Xi (LE), Xya (2), 0s Xun (4) 
Xo (f), Xo2(f), +01 Xan (Et) 


s ee e6© @ @  @® @ @® @®  @ 


Xnj (f), Xn (4), oes Ann (f) wi 


V= 





be unequal to zero for all the values of g"& fo the 
interval in whir'--the coefficients a,,(t) of " are con- 
tinuous, In p* ‘|, if we deal with a‘ h conrtest, 
coefficients t/ . tion should hold fi we 
present the ‘is theorem. 

1 In this )’s are any vector f ") 


of system ( 
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Every linearly independent system of n solutions is called a 
fundamental system, and the determinant W is the Wronskian of 
that system. If a fundamental system of solutions X, (¢), X,(¢), 
..., X,(¢) is known the general solution is a linear combination 
of the constituent functions of the fundamental system: 


X (t) =C,X, (4) + CX, (4) +... +CnX, (2) 


Let the reader write down the general solution in coordinate 
form involving n equalities containing the functions x;,(t). 

As was indicated in Sec. 179, particular solutions of system (*) 
with constant coefficients are looked for in the form x,=—&,e", 


“,=Re', ..., %,=h,e". In this case the vector functions X (?) 
and X(f) are expressed as 
(k,ert k, R, 
ker! k, k, 
X (#)= |" =etl" |, X(t) =rert |’ 
(eet) (Ba) ‘Pal 


Let us denote the number vector with coordinates k,, &,, ...; 


k, as K and substitute the above expressions of X and X into 
the matrix differential equation (**): 


Aert*K — retK 
On cancelling the scalar factor e’' we obtain the matrix algebraic 
equation 
AK =rK (#*#*) 


Now it is necessary to find a nonzero vector K (since if K is a 
zero vector we obtain the trivial solution we are not interested 
in) such that the multiplication of the matrix A by this vector 
yields a vector rK collinear with K. In the matrix calculus the 
numbers r for which there exist nonzero solutions of equation (****) 
are termed eigenvalues of the matrix A and the vectors K 
themselves are called its eigenvectors. 

Note that if K is an eigenvector corresponding to the eigenva- 
lue r then any vector AK collinear with it is also an eigenvector 
belonging to the same eigenvalue. For equation (****) implies 
that AAK =AAK =ArK =rikK. 

In terms of the solutions of a system of differential equations 
this means that the multiplication of any solution by a scalar 
factor again results in a solution. 

On writing the matrix equation for &; in the coordinate form 
and transposing all the members to the left we obtain the homo- 
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10. Describe Euler’s graphical method for constructing an integ- 
ral curve of a differential equation of the first order. 

11. Describe Euler’s method of approximate numerical integra- 
tion of an equation of the first order. 

12*. What is a singular point of a differential equation of the 
first order? Describe various types of singular points and give 
iNustrative examples. 

13*. What solution of a differential equation is said to be sin- 
gular? How is it found? 

14. State the definition of a differential equation of the second 
order. 

15. Explain the geometrical meaning of initial conditions for a 
differential equation of the second order. 

16. State the theorem on the existence and uniqueness of the 
solution of an equation of the second order. 

17. How is a second-order equation y”’ =f (x, y, y’) reduced to an 
equation of the first order when its right-hand side does not con- 
tain (1) y and y’ or (2) y or (3) x? 

18. Formulate the definition of a differential equation of the 
nth order and of its general solution. How are initial conditions 
set for an equation of the nth order? 

19. What is a linear differential equation of the second order? 

20. State and prove the theorem on the structure of the gene- 
ral solution of a homogeneous linear differential equation. 

21. State and prove the theorem on the structure of the gene- 
tal solution of a nonhomogeneous linear equation. 

22. Describe how a homogeneous linear equation of the second 
order with constant coefficients is solved. What is the characte- 
ristic equation? How is it formed? 

23. Describe the structure of the general solution of a homoge- 
neous linear differential equation of the second order with cons- 
tant coefficients in the case of real and distinct roots of the cha- 
racteristic equation and in the case of coinciding roots. 

24. Prove that if a complex function is a solution to a linear 
differential equation with real coefficients its real and imaginary 
parts are also solutions. 

25. What is the form of the solution in the case of complex 
roots of the characteristic equation? 

26. What is the rule for determining a particular solution of a 
nonhomogeneous equation whose right-hand side is 


f (x) =eP* [P, (x) cos qx-+ P, (x) sin gz} 
where P,(x) and P,(x) are polynomials? Give examples. 
27*. What is the idea of the method of complex amplitudes? 


28. How can the solution of a nonhomogeneous equation be found 
when the right-hand side of the eanation is a sumof several functions? 
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geneous linear system of algebraic equations 


(2,,—r)k, +4,,k, + ...+4;,2, = 0 
an Ry +(a,..—r)k, +...+4,,8, = (0 


(2,,F, = An Rk» + eee ~{- (Qan——T) k,, = () 


For this system to possess nonzero solutions, i.e. for r to be an 
eigenvalue, it is necessary and sufficient that the determinant of 
the system be equal to zero: 


Qy—T Ay asp, 
Qos Qyg—F as, 
=( 
% e e © © « 
any Qn oe Qnp ——* r 


On writing this determinant explicitly we get for r an algebraic 
equation of the nth degree which is the characteristic equation of 
the given system of differential equations. If all the roots of the 
characteristic equation are simple then we have n different eigen- 
values to which there correspond n different eigenvectors (deter- 
mined to within arbitrary nonzero constant scalar factors), and 
hence we obtain exactly n linearly independent solutions of equa- 
tion (**). Some difficulties arising in the case of multiple cha- 
racteristic roots were indicated in Sec. 180. 


QUESTIONS 


1. What is a differential equation of the first order? 

2. State the definition of a particular solution. How an initial 
condition for an equation of the first order is introduced? 

3. State the theorem on the existence and uniqueness of the 
solution of a first-order differential equation. 

4, What is the general solution of a differential equation of 
the first order? 

5. Give the geometrical interpretation of a particular and of 
the general solutions of a differential equation of the first order. 

6. State the definition of a differential equation with variables 
separable and describe the methods of its solution. 

7. What differential equation of the first order is called homo- 
geneous? How is it solved? 

8. What is a linear differential equation of the first order? 
Describe the method for solving such an equation. 

9. What kind of a first-order differential equation is known as 
an exact differential equation? Describe the methods for its solu- 


§ 4. Systems of Differential Equations 657 


10. Describe Euler’s graphical method for constructing an integ- 
ral curve of a differential equation of the first order. 

Il, Describe Euler’s method of approximate numerical integra- 
tion of an equation of the first order. 

12*, What is a singular point of a differential equation of the 
first order? Describe various types of singular points and give 
illustrative examples. 

13*, What solution of a differential equation is said to be sin- 
gular? How is it found? 

te State the definition of a differential equation of the second 
order. 

15. Explain the geometrical meaning of initial conditions for a 
differential equation of the second order. 

16. State the theorem on the existence and uniqueness of the 
solution of an equation of the second order. 

17, How is a second-order equation y” =f (x, y, y’) reduced to an 
equation of the first order when its right-hand side does not con- 
tain (1) y and y’ or (2) y or (8) x? 

18. Formulate the definition of a differential equation of the 
nth order and of its general solution. How are initial conditions 
set for an equation of the nth order? 

19, What is a linear differential equation of the second order? 

20. State and prove the theorem on the structure of the gene- 
ral solution of a homogeneous linear differential equation. 

21, State and prove the theorem on the structure of the gene- 
tal solution of a nonhomogeneous linear equation. 

22. Describe how a homogeneous linear equation of the second 
order with constant coefficients is solved. What is the characte- 
ristic equation? How is it formed? 

23. Describe the structure of the general solution of a homoge- 
neous linear differential equation of the second order with cons- 
tant coefficients in the case of real and distinct roots of the cha- 
racteristic equation and in the case of coinciding roots. 

24, Prove that if a complex function is a solution to a linear 
differential equation with real coefficients its real and imaginary 
parts are also solutions. 

25. What is the form of the solution in the case of complex 
roots of the characteristic equation? 

26. What is the rule for determining a particular solution of a 
nonhomogeneous equation whose right-hand side is 


f (x) =e" [P, (x) cos qx-+ P, (x) sin qx} 
where P, (x) and P,(x) are polynomials? Give examples. 
27*, What is the idea of the method of complex amplitudes? 


28. How can the solution of a nonhomogeneous equation be found 
when the right-hand side of the equation is a sum of several functions? 
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a Describe Lagrange’s method of variation of arbitrary cons- 
ants. 

30. State the definition of a linearly independent system of 
functions. When is a system of functions said to be linearly de- 
pendent? 

31. What condition is necessary and sufficient for a family of 
particular solutions of a linear differential equation of the nth 
order to be linearly independent? 

32. Prove the theorem on the structure of the general solution 
for a homogeneous linear differential equation of the nth order 
and for a nonhomogeneous one. 

33. How can the general solution of a homogeneous equation of 
the nth order with constant coefficients be formed depending on 
the roots of the characteristic equation? 

34, What is a syslem of differential equations? Give the def- 
nition of a solution of such a system. 
se What is the normal form of a system of differential equa- 
ions 

36. Describe the methods for reducing a differential equation of 
a higher order to a normal system of equations. How can the 
reverse transformation be performed? Is it always possible? 

37. What is the structure of the general solution of a normal 
system of differential equations? State the existence and unique- 
ness theorem for the solution of such a system. 

38*. Describe the geometrical interpretation of the solutions of 
a system of two differential equations as trajectories in the phase 
plane. 

39*. Describe the properties of the solutions of an autonomous 
system of differential equations. 

40. Enumerate the properties of the solutions of a system of 
linear differential equations. 

41. Describe the method of solving a system of linear differen- 
tial equations with constant coefficients with the aid of the cha- 
racteristic equation. Consider the case of simple (real or complex) 
characteristic roots. 

42*, What can be said about the structure of the solution in 
the case of multiple roots of the characteristic equation? 

43*, Describe the matrix form of a system of linear differential 
equations. State the definition of a linearly independent system 
of vector functions and describe the structure of the general so- 
lution of the system. 

44*, Establish the relationship between the problem of solving 
a homogeneous linear system of differential equations with constant 
coefficients and the problem of finding the eigenvalues and the 
eigenvectors of the coefficient matrix of the system. 
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182. Series. Definition of the Sum of a Series. Consider an 
infinite sequence of numbers u,, u,, ..., Uns -0- 
Definition. An expression 


Uy, ++... fa t+... 


is called a (numerical) series, and the numbers u,, u,,... are 
called the terms of the series. 
A series is briefly written as 


© 
Dy Un 
n=l 


and u, is called the nth term or the general term (general ele- 
ment) of the series.. 

A series is completely specified if there is a rule according to 
which for any number n the corresponding term of the series can 
be written: u, =f (n). ) 

lf a formula u,=f(n) is given we can immediately write any 
term of the series. For instance, if n= aes the series has the 


form 
l | | 
Ce Rar a vee bot eee 
If u, = the series is written as 
I ] ] 
Lear apt eae 


A series is sometimes specified with the aid of a recurrence for- 
mula connecting its nth term with preceding ones. In this case 


1 The reader is advised to reread Secs. 26 and 31 before proceeding to study 
§ 1 of this chapter. 


42* 
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we are given the first several terms of the series and a formula 
by which the other terms are found. For instance, let u,=1 and 
Us =s, the recurrence formula heing iby =F pm te lane Using 
this formula we successively find 


and thus obtain the series 
-  l4eteptat... 
Let us consider a series 
U,ptu,t...fu,t+... 
and designate the sum of its first n terms by s,: 
S,= Uy unt... FU, 


This sum is called the nth partial sum of the series. 
Making n take on the values 1, 2, ... we obtain the sequence 
of partial sums of the series: 


Cr ee ee ee) 


ee @O@ @ @®@ @ @®  @® oe  @® @ 


As n increases indefinitely a greater and still greater number 
of terms of the series is involved in the sum s,. Thus we natu- 
rally come to the following definition: 

Definition. If the sequence of partial sums of the given serles 
has a definite limit as n- o, i.e. 


lim S,==S 
the series is said to be convergent and the number s {s called 
the sum of the series. 
In this case we write 


Sau, fut... tut... 


If the sequence s, does not tend to any limit, the serles Is 
said to be divergent. 

It should be stressed that a series can be divergent in the 
following two cases: (1) when the sequence s, tends to infinity, 

cee ae ee ene ane infinite limit. 
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As a simple example, let us consider an infinite geometrical 
Series: 
a-+-ag-+-aq?-+ ...--ag"-'4+-... (a0) (*) 
The sum of the first n terms of the series is 
qh—1 
g—l 
If ]qg|<1 then lim g"=0, and therefore 
ni © 





S,=a 


, : — | a 
lim s,=a lim 27% 
nro : nwo a4 I—q 
Consequently, an infinite geometric series with |q|< 1 is conver- 
gent and its sum is given by 
a 


~T=9 


S 


If |g|>1 then lim q"=oo, and hence, lim s,= oo, that is, the 
nr oO nor © 


series is divergent. 
Now, let g=J. The series 


ata+a+...ftat... (a0) 


has the nth partial sum s,—na which tends to infinity together 
with n: lim s,=o0. 


li g=—1 we obtain the series 
a—a-+a—a-+t... 


Its partial sums take on the values s,=a, s,=0, s,=a, s,=0, 
etc., that is, s, does not tend to any limit. According to the 
definition, this series is divergent. 

Thus, an infinite geometric series is convergent for |qg|<i1 
and divergent for |q|> 1. 

In this example we find out whether the series is convergent 
or divergent by using the definition of convergence and the known 
formula for the nth partial sum. 

However, in many cases this approach proves inapplicable be- 
cause it is very difficult and sometimes even impossible to derive 
a formula for s, and to determine the limit of s, as n—+0oo. 
Therefore the convergence of a series is usually investigated 
without finding its sum by using certain sufficient conditions 
(tests) for convergence which will be established later. Before pro- 
ceeding to these sufficient conditions we shall explain why it is so 
important to know whether the series is convergent or divergent 
even when we cannot find ifs sum. 
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Let us consider a convergent series 
s=u,+tu,+...+tu,+... 


The difference between the sum of the series and its nth partial 
sum is called the remainder after n terms (or the nth remainder), 
The nth remainder of a convergent series u,--u,+...+4u,+.., 
is the sum of the infinite series u,.,+U,4,+...2; we designale 
it by r,. We have 


Pn =S—S, = Ung  tUnset e+. 


The original series is assumed to be convergent, that is 
lim s,=s. Consequently, the absolute value of the remainder 


n-> © 


[rn {=[s—s,| 


becomes arbitrarily small when the number n is sufficiently large. 
Thus, it is always possible to compute an approximation to the 
sum of a convergent series by taking a sufficiently large number 
of its first terms. However, in the general case it is extremely 
difficult to determine the error of such an approximation. Later 
on we shall present some examples showing how in certain cases 
the error can be estimated and how the number!of terms of the 
series required for obtaining its sum with a given accuracy can 
be determined. It should be stressed once again that a divergent 
series has no sum. 

Let us enumerate the simplest properties of convergent series, 


1. If a series 
U,f-u,t... fut... 


is convergent, its sum being s, the series 


Mt, Att, oe. btn fb ... 


composed of the products of the terms of the former series by an 
arbitrary number 4 is also convergent and its sum is equal to 4s. 

To prove this assertion we designate the nth partial sum of 
the former series by s, and that of the latter by o,. Then 


6, =Au,tAu,t+t...+Au,=As, 
Consequently, 
lim o, = lim (As,)=Alim s, =As 
wt @ ur © 


nr @ 


The property has been proved. 


1 Its convergence will be proved later (see Property 3). It should be noted 
that the term “remainder” is sometimes used both for the series Upay + 
+ Unget... and for its sum. It would be more precise to call upa;+Ungst--> 
“the remainder series” and the sum of this series “the remainder” (or “the 


remainder term"). 
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2. if 
S'=U,+u,+... +a... 


s°=90,+9,4...-4+0,+... 


are two convergent series the series formed of the sums of the 
corresponding terms of the given series is also convergent and its 
sum is equal to s’ +s”: 


(2, -+9,) + (42+ 92) + +++ (tn + On) + +e S'S" 


The proof of this property is also very simple; it is based on 
the theorem on the limit of a sum. Let s, and s? be the nth 
partial sums of the two given series, and let o, be the nth par- 
tial sum of the resultant series. Then 


6, = (U, +0.) + cee ++ (Ug + Un) = Sat Sp 


and 


whence 
fim o, = lim (sg-+s3) = lim s,-+ lim s;=s’+s” 
n—-> © i> © i> @ nw © 


which is what we wanted to prove. 

On multiplying the terms of the second series by —1 (by Pro- 
perty 1, the sum of the new series is then equal to —s’) and 
eee them to the corresponding terms of the first series we see 
hat 


(4, —¥,) + (4, — 92) Foe (a — On) fo SSS 


3. If a series is convergent the series obtained by adding or 
deleting a finite number of terms is also convergent. 

Suppose that we have deleted a finite number of terms of a 
convergent series 


utu,+...+u,+... 


For instance let these terms be u,, u,, u,, and u,,. To retain the 
indices of the remaining terms let us agree that the deleted terms 
have been replaced by zeros. Then, for n> 15 the partial sums 
of both series will differ from each other in the constant summand 
U,+uU,+uU, >+u,,. Therefore, if one of these partial sums has a 
limit fhe other sum also tends to a limit, their difference being 
equal to the same constant summand. ’ 

Analogous considerations apply to the case when some new terms 
are added to the given series. 

A consequence of this property is that if a series is convergent 
its any remainder series is also convergent and vice versa. 


1 1f the sum of the deleted terms is equal to zero the sums of both series 
coincide. 
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183. Necessary Condition for Convergence of a Series. Harmonic 
Series. As was mentioned, the problem of prime importance in 
the investigation of 2 series is to find out whether it is convergent 
or divergent. Therefore, our aim is to establish some conditions 
(tests) which enable us to judge upon the convergence or divergerce 
of aseries by inspecting its general term. 

Necessary Condition for Convergence of a Series. If a series is 
convergent its mth ferm fends to zero as 1 -> o0. 

Proof. We have 


S,= Uy tut ee Uy Uy, = Spy + Uy 
If the series is convergent we have 


lim s,_,=s and lim s,=s 


LR-> © +e 
Sirice 
Jim u,= lim (s,—s,-_,;)= lim s,— lim s,_, 
Nor 0 he =) > = hrs 
we obtain 


lim u,=s—s=0 
The necessary condition we have proved implies the following 
sujficient fest jor divergence of a series: 
If 2, does not fend fo zero as m—+co the series cannot be 
convergent, that is, if must be divergent. 
As an example, let us take the series 





BE at an ee ee eee 
101 * 201° 301 | “70071 * 
This series is divergent because its general term le =I 


tends to a as n—»-oo and hence does not tend to zero. 


It should be stressed that the fact that the mth term of a series 
tends fo zero as m-~>co is not sufficient for the convergence of 
the series. 

To elucidate what has been said Jet us consider the so-called 
harmonic sertes: 


Le ee eS 
4 Mg Be ge ee 


‘ . ] Sie <3 ‘ 
Here we have lim u,—= lim —=0O but the series is divergent. 
nw = 


I> ee 
Indeed, as will be proved, in this case lim s,—-+ o. 


To prove the divergence we shall replace some terms oj the 
series by smaller mumbers and then show that the sum of the 
smaller summands tends to infinity. On grouping the terms oi 


§ 1. Numerical Series 665 


harmonic series we can write it as 
] l l l | I I 
tot(sta)t(stetete)t(gte tip)te: 


ach bracket we now replace all the summands by the last one 
h remains unchanged. This results in 


l I 1 {1 } | l 
t+at(gta)+(gt- +y)+( get. +Aig)to. 
2 4 8 
ww each bracket we have written the number of summands 
mtains), It is obvious that this operation decreases the sum 
1e terms in each bracket and reduces it to > Since we can 


an arbitrary number of such brackets their sum tends to 
ity. 

follows that the nth partial sum of the harmonic series 
‘ases indefinitely as n—+oo and, consequently, the series is 


ent. 
is aa easier 0 prove the divergence of the series 
1 

Ve you va whose nth term also tends to 


. Here we have 

see ee ee eee ee ie ee ea 
V2 eee Vn a Yn eee Vn Vn 

equently, lim s, = 00. 

4, Positive Series. Sufficient Conditions for Convergence. 


Comparison tests. Let us consider the so-called positive series 
se all terms are positive: 


Uy tug... bug ft... (uy, > 0) 


1e investigation of such series is facilitated by the following 
Ne proposition. 
‘mma. If the partial sums of a positive series are bounded 


'e, that is 
8,<M, M=const 


series is convergent ?. 


‘oof. Since all the terms of the series are positive, its nth 
ial sum increases together with the number a: 


Be So ng Se ace 


This condition does not imply the convergence of a series with arbitrary 
3; For instance, as was shown, the series a—a-+-a—a-+... (a > 0) whose 
attial sums do not exceed the number a is divergent. 
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But if a monotone increasing sequence is bounded above by a 
constant number it has a limit (see Sec. 31) which does not exceed 
that number either. Hence, 

lim s,=s<iM 


fix = 


Conversely, 

If a positive series is convergent its partial sums are less than 
the sum of the series: s, <s. 

It should also be noted that if a positive series is divergent 
its partial sums tend to infinity: lim s,—-t oo. In this case we 


r—-> @ 
write >) u,=-+ oo and say that the series is divergent fo +o. 


n=1 
The lemma we have proved directly implies the following com- 
parison tests for positive series. 
Comparison Tests. Consider two positive series 


Z t,t, +u,+...+u,+... (t,>>0) (1) 


and 
ZU=AtAHT...+%+... (2, > 0) (2) 


satisfying the condition that each term of series (1) does not 
exceed the corresponding term of series (2), i.e. 


Uy, =U; (k=1, 23 fea) (*) 
Then: 
(1) If series (2) is convergent series (1) is also convergent. 
(2) If series (1) is divergent series (2) is also divergent. 
Proof. We shall begin with the first part of the proposition. 
Let us put 


n n 
Sn = 2 Up, Of,>= p32 Uy 


By the hypothesis, series (2) is convergent and therefore o, <o 
where o is the sum of the second series. It follows from condi- 
tion (*) that 

S,<0,<0 


which means that the partial sums of series (1) are bounded 
above. But then the Jemma we have proved implies that series 
(1) is convergent. 

To prove the second part of the proposition we make use of 
the fact that if series (1) is divergent its partial sums increase 
indefinitely: 
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Since o, >s, we also have o,—+oo. Consequently, series (2) is 
also divergent, which is what we had to prove. 

Comparison tests are also applicable when the terms of the 
series satisfy condition (*) not for all n but only beginning with 
a certain number n=WN. This is implied by the third property of 
convergent series (see Sec. 182). 

As an instance, let us prove that the series 


J J 
yg vt So a 
is divergent. To this end it is sufficient to compare the given 


series with the harmonic series 


lt edi. bob... 


Since ea re for n> 1 and the harmonic series is divergent 
Vn~ 2 


the given series is also divergent. (On page 665 we demonstrated 
another proof of the divergence of this series.) 
It is also easy to prove the convergence of the series 


I I l I 
gtrmtypt + Tag t se 


whose terms are smaller than the corresponding terms of the 
convergent geometric series 


l 1 I ] 
gtotost-- boat... 

In practice comparison tests can be conveniently used in the 
limiting form: if the limit of the ratio of u, to vu, exists and is 
not equal to zero, t.e. 

lim ==A>0 


series (1) and (2) are simultaneously convergent or divergent. 
Let us prove this proposition. From the definition of a limit 
it follows that, given any e>0, there is a number WN such that 


for all n> WN the inequality <A <e holds or, equivalently, 





A-—e<=<A+e 


where e is assumed to be so small that A—e> 0. 

Let us suppose that series (2) is convergent; then, by Property 4 
stated in Sec. 182, the series with general term (A-+-e)0, is con- 
vergent and, by the comparison test, series (1) is also convergent 
because u,< (A-+e)v, for all n>N. 
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But if a monotone increasing sequence is bounded above by a 
constant number it has a limit (see Sec. 31) which does not exceed 
that number either. Hence, 
lims,=s<M 

Conversely, " 

If a positive series is convergent ifs partial sums are less than 
the sum of the series: s, <s. 

It should also be noted that if a positive series is divergent 
its partial sums tend to infinity: lim s,—-- oo. In this case we 

s+ @ 


write D2 u,=-+ oo and say that the series is divergent to +0. 


The lemma we have proved directly implies the following com- 
parison tests for positive series. 
Comparison Tests. Consider two positive series 


2 pap. bt... (14, > 0) (1) 


and 
2 %=1+9, +... +O +.. (0, > 0) (2) 


satisfying the condition that each term of series (1) does not 
exceed the corresponding term of series (2), i.e. 


Uu,<= 9, (k= I, 2 cee) (*) 
Then: 
(1) If series (2) is convergent series (1) is also convergent. 
(2) 1f series (1) is divergent series (2) is also divergent. 
Proof. We shall begin with the first part of the proposition. 
Let us pul 


a nt 
Sa Dy tps Tn= 2 Up 
k=] k=] 


By the hypothesis, series (2) is convergent and therefore o, <6 
where o is the sum of the second series. It follows from condi- 
tion (*) that 

8,50, <9 


which means that the partial sums of series (1) are bounded 
above. But then the lemma we have proved implies that series 
(1) is convergent. 

To prove the second part of the proposition we make use of 
the fact that if series (1) is divergent its partial sums increase 
indefinitely: 


5, > 0O 
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Since o, >s, we also have o,—+co. Consequently, series (2) is 
also divergent, which is what we had to prove. 

Comparison tests are also applicable when the terms of the 
serjes satisfy condition (*) not for aJl m but only beginning with 
a certain number n=N. This is implied by the third property of 
convergent series (see Sec. 182). 

As an instance, let us prove that the series 


l I 
ltyet...t pet... 
is divergent. To this end it is sufficient to compare the given 


series with the harmonic series 


en ee oe ee 


Since a= > for n> 1 and the harmonic series is divergent 
ft 


the given series is also divergent. (On page 665 we demonstrated 
another proof of the divergence of this series.) 
It is also easy to prove the convergence of the series 


I ! I j 
gtagtgat--- tpg t:-: 


whose terms are smaller than the corresponding terms of the 
convergent geometric series 


1,1 I 1 
gtotot---tut-- 
In practice comparison tests can be conveniently used in the 


limiting form: ¢f the limit of the ratio of u, to vu, exists and ts 
not equal to zero, i.e. 
lim ~=A>0 


fier am “Nn 


Series (1) and (2) are simultaneously convergent or divergent. 
Let us prove this proposition. From the definition of a limit 
it follows that, given any e>0, there is a number N such that 


for all n> WN the inequality = — Al <e holds or, equivalently, 





A—e<4<A+te 


where e is assumed to be so small that A—e>0. 

Let us suppose that series (2) is convergent; then, by Property 4 
stated in Sec. 182, the series with general term (A-+e)v, is con- 
vergent and, by the comparison test, series (1) is also convergent 
because u, <(A-+e)v, for all n> WN. 


668 Ch. XI. Series 


Conversely, if series (2) is divergent, the inequality u, > (A—e)v, 
implies that series (1) is divergent as well. 


For instance, the series with the general term Uy) = is 


divergent because the limit of the ratio of u, to = is equal tox. 


A difficulty in applying the comparison tests is that for the 
given series if is necessary to construct another series with which 
the former can be compared. The harmonic series is often taken 
as a “standard” divergent series, whereas as a “standard” conver- 
gent series we usually take a convergent geometric series or the 
series 

ee es 
2a i= FY a gies ee ieee Wo cia re Re 

The convergence of the latter series can be proved in the fol- 
lowing way: its terms are combined into groups containing !, 2, 
4, 8, ... successive terms of the series, and in each group, be- 
ginning with the second, all the summands are replaced by the 
largest one, that is by the first term of the group. This leads to 
the obvious inequalities 

J } j i i 1 l i | l 1 J 
wta<ptgr? etRtate<t a=7-a 

1 J 1 1 I 
ar eon + TB < 8-=s= oF etc. 


It follows that the partial sums of the series 5 are bounded 


nol 
they do not exceed the sum of the terins of the geometric series 


lt 545+ — =2) and hence the series is convergent. As will 


be shown in Sec. 202, the sum of this series is equal to ee 1.6449, 


As an instance, with the aid of the latter series we can easily 
prove the convergence of the series with the general term Una 
Indeed, the limit of the ratio of u, to “ is equal to ]. 


Now we proceed to consider a test which is in many cases appli- 
cable to proving the convergence of a series using solely the 
expression of its general term. 

II. D’Alembert’s? Test. Suppose we are given a positive series 


thy thy bene fetin ee ose (n> 0) (*) 


1 p’Alembert, J. (1717-1783) a French mathematician and philosopher. 
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If, for 7+ co, there exists a limit p of the ratio of two conse- 
cutive terms of the series, that is 
lim —2+2 

%s—- @ 3 

then the series is convergent for p<¢1 and divergent for p>1.2 

For p=1 D’Alembert’s test is inapplicable (i.e. there are both 
convergent and divergent positive series with p= 1). 

Proof. Let p< 1. By the definition of a limit, it is always pos- 
sible to choose a number N such that for all n2>WN there holds 
the inequality 





=p 


“att <p--e=p, 
where e > 0 is chosen sufficiently small so that p, —p-e is smaller 
than 1. Then 


UN +1 UN+3 UN +3 
uy <P» UN + < Py LUNs < Pi etc. 








We have 
Uneasy < DP, Ap; 
Uns < Piliyasr < Pilly 
Unis < Piller < Pilly 
It follows that the terms of the series 
Uyey tunes tunist ..- 


representing the remainder after the Nth term of the given series 
are smaller than the corresponding terms of the convergent geo- 
metric series 
Pily+ DiUyt Pilly ... 

(its common ratio p, is smaller than 1). Consequently, the re- 
mainder after the Nth term is convergent, and therefore the given 
series itself is also convergent. 

Now let p> 1 (in particular, there can be p= oo). Then there 
is a number N such that for all n>WN the inequalities 


Unt ° 


hold. This means that every term of the series is greater than 
the preceding one and, since they are all positive, the necessary 
condition for convergence (requiring that the general term must 
tend to zero) is violated. Hence, the series is divergent. 


1 The series is also divergent if =nti to for n—» 0; in this case we 
say that p=, . 
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Thus, if the divergence of series (*) is established with the aid 
of D’Alembert’s test (i.e. p> 1) this means that u, does not tend 
to zero as N—+0oo. 

In the case when the limit p is equal to unity D’Alembert’s 
test is inapplicable: there exist both convergent and divergent 
series for which p= 1. 


Examples. (1) Let us consider the series Er Here we have 





nel 
a-+l 
] " n+. 
Un = Fn and Uner = Bot - Therefore p= lim : = = lim et. 
Qn 


Consequently, the series is convergent. 
(2) Let us take the series > - (called the p series). In this case 
n=l 


Fo, ene (ty) for m—+oo irrespective of the expo- 


nent p. For p=1 we obtain the harmonic series which, as was 
proved, is divergent. For p=2 we obtain the convergent series 


p> “= We see that when p=1 it is impossible to judge upon the 
n+ 

convergence or divergence of this series by D’Alembert's test. 
In this case the series should be investigated with the aid of some 
other tests. 

Iii, Cauchy’s root test. Here we shall state without proof another 
sufficient test (known as Cauchy’s root test) for convergence of 
positive series (*). 

Suppose that the limit 


lim V a,>= l 


lheor WD 


(finite or infinite) exists. Then, if [<1 the series is convergent and 
if |>1 the series is divergent. 

In the case !=1 this test does not allow us to judge upon the 
convergence of the series. | 

; ! 
As an example, consider the series Tapa tina tt: -- + i 4 
= lim oes eye, 

i Ine(nt+l) op in(antl)” ° 

It should be noted that there exist some more sophisticated 
sufficient tests which sometimes enable us to prove the convergence 
or divergence of a series when the tests considered here fail. 

185. Cauchy’s Integral Test. The reader must have already no- 
ticed a close analogy between the definitions of the convergence 





n 
+...; it is convergent because lim 
—> ~@ 
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of a series and of the convergence of an improper integral with 
infinite upper limit (see Sec. 97). The tests for convergence of po- 
sitive series and for convergence of integrals with positive integrands 
also have very much in common. In this section we shall present 
a test enabling us to reduce, in some cases, the problem of con- 
vergence of a series to the problem of convergence of an improper 
integral, which may prove simpler. 
Cauchy's Integral Test. Consider a series 


Ua... fut... (i, > 0) 
whose terms are the values of a continuous positive monotone 
increasing function f(x) defined in the interval [1, co] which are 
assumed for the integral values of the argument x: 


ure fCl), u,.=f (2), ..6, Un==f (mn), ... 


Then the given series and the improper integral ( Ff (x) dx are si- 
1 


multaneously convergent or divergent. 





1235 4 Alona nel ant2 = 
Fig. 246 


Proof. Let us consider the curvilinear trapezoid bounded by 
the line y=/f(x), with the segment [1, nm] of the x-axis as base, 
where n is an arbitrary positive integer (Fig. 246). Its area is 
equal to the integral 


I= Sf (a)as 


Let us construct the ordinates of the function y =f (x) at the points 
x=1, x=2, ..., x=a—1, x=n and consider the two step figures 
shown in Fig. 246: one of them, contained within the trapezoid, 
has the area equal to f(2)+-/(8)+...+/(a2)=s,—u, and the other 
(enveloping the trapezoid) has the area f (1)+-/(2)+...+/f(a—I)= 
= S,-—-Uu, Where Ss,=u,+u,+...-+-u,. The area of the former 
figure is smaller than the area of the curvilinear trapezoid and 





This leads to the two inequalities 

5n~< 1,44, or 
and 

£,>1,+4u, em. 


The function f(x) being positive, the integrel J. increzsc t+ 

4 o ° 

gether with n; there are two possible cases here: 

(1) The improper integral is convergent, thet is J=Jim/, exists 
z 


t 

9 
ph 
e 

om 


then J, <J, and inequality (*}) indicztes thet 


Sq Uy l 
for any n. Consequently, the partial sums ¢, are bounded e-7, 
by the Jemma in Sec. 184, the series is convergent. 

(2) The integral is divergent; then [,—+00 fcr n+, 277 
conclude, by inequality (**), that s, also incresse: indetnitely, 
je. the series is divergent. 

We shall demonstrate by the exemple of the p sevies 


that the integral test can give us the requires answer when 
D’Alembert’s test is inapplicable. As was shown, lor this s<ies 
we have —tt 1; Jet us apply to it the integral test. It is obviccs 
iss 
J 





that as f(x) we can take the function g- The integral 
cna ' are 
a ae 1 ‘ 
—dx= = ——lim (x-Pt7—] 
\z pat “ip 
is convergent if p> 1 because in i 72 lim x-F+t = end 
. ee 
(dz 1 a 
zx Ps ° of a. 
B= poo 9<1 the integral is pe" im the [at 
4 ae © - 
ter case’? lim x7? +2 = 6 “is aly 
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For p=1 we obtain the harmonic series, which once again pro- 
@ 


ves its divergence. For p=2 we obtain the series >; “y whose 
n=l 
convergence was already established. 

The geometrical idea of the proof of Cauchy’s integral test can 
be applied to estimate the error appearing in an approximation 
to the sum of a series whose convergence has been proved with 
the aid of this test. As was indicated on p. 662, to estimate the 
error we should find an estimation for the difference s—s,, i.e. 
for the remainder 


Po=Untr tUnse t.. 


a we deal with positive series the difference s—s, is positive 
or any 7.) 

Fig. 246 indicates that the remainder is equal to the sum of 
the areas of the rectangles “infinitely receding to the right” (they 
are shown in dotted line); this sum is less than the area of the 
curvilinear figure (bounded by the line y=f(x)) enclosing these 
rectangles, and therefore 


ra <S F(x) dx 
Let us apply this formula to estimate the remainder of the p 
Series > = for p> 1: 
n=l 


[so] 

dx KoP +1 
nx B= 
"i 


Hence, given an arbitrary number e>0, for the remainder to be 
not greater than e, the number n can be put equal to the least 
integer satisfying the inequality 


© l 


n (p—1)nP-3 





! 
p—iynP=iS° 


For instance, let p=2 and e=0.001. Then the inequality 
“<0.001 is fulfilled for n=1000. This estimation shows that, 


as we say, the series in question is slowly convergent: to find its 
sum with an error not exceeding 0.001 we should compute the 
sum of its first 1000 terms! Besides, to guarantee the accuracy of 
the result to the required number of correct decimal digits we 
should compute the terms of the series with a very high precision. 
Such calculations have of course no practical value. 


43—2980 
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the area of the latter is greater than the area of the trapezoid: 
Sy— Uy S In <5, —Uy 
This leads to the two inequalities 
Sn < lat uy (*) 
S, > 1 ptu, (**) 


The function f(x) being positive, the integral /, increases to- 
gether with n; there are two possible cases here: 
(1) The improper integral is convergent, that is /=lim /, exists; 


then /,< J, and inequality (*) indicates that a 
S,< ut! 


for any n. Consequently, the partial sums s, are bounded and, 
by the lemma in Sec. 184, the series is convergent. 

(2) The integral is divergent; then J,—+0o jor n—+.oo, and we 
conclude, by inequality (**), that s, also increases indefinitely, 
i.e. the series is divergent. 

We shall demonstrate by the example of the p series 


and 


~ Y 1 
Liga itgt gt. tate. 


that the integral test can give us the required answer when 
D’Alembert’s test is inapplicable. As was shown, for this series 


we have ree 1; let us apply to it the — test. If is obvious 








that as Fs) we can take the function =. The integral 
ro x~PHl Lop 
—dr= =i ~ptl 
\ == pei ~raplim er) 
is convergent if p> 1 because in this case lim x-?t!=0 and 
> ee’) 
(e =F ; if p<1 the integral is divergent because in the lat- 


j 
ter case we have lim x-Ptt1—oo. For p=1 the integral is also 


r>@ 
foo) 
‘ dx eo : , 
divergent: \ Sain x| = oo. Therefore the series is convergent 
] 


for p> 1 and divergent for p<_l. 
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By the hypothesis, the expression in each bracket is positive; 
since the number of these brackets increases together with m the 
sequence S,,, is increasing. On the contrary, we similarly show 
that the sequence of partial sums s,,,, with odd indices is de- 
creasing since 


Som+1 — u,—[(u,— Us) + (Uy—4U;) aes + (Usm—Usmer)] 


and the sum in the square brackets increases together with m, 
which is clear from the above argument. 

Thus, 

Sy Sy < So ou ANG S; Sy Sy Sain 

It is readily seen that any sum with even number is less than 

any sum with odd number: 
Som < Sor+1 

Indeed, if m< k then 


Som < Sop = Soggy — opty < Sones 
and if m>k (or m=) then 


Som = Sem+1— bomt1 S Somer S Sok ti 
In Fig. 247 the sequence of partial sums is represented geomet- 
rically. The sequence of sums with even indices is increasing and 
bounded above; hence, it possesses a limit lims,,—=s. 


itt —> © 


We also have 5$,.41=Sem + Yemer and u,,,,—+0 for m—- oo; 
therefore. 


lim S,_¢1 == lim $,,=8 
m—> @ M-> © 


that is the sums with odd numbers (forming a decreasing sequence) 
tend to the same limit s. 


Ss 


a ee ee ee ee 
a S2 % Ss 55 Sz 584, 
Fig. 247 


Fig. 247 also clearly indicates that the partial sums approach 
their limit s so that those with even numbers are less than s while 
those with odd numbers are greater than s; in particular, the 
sum s of the series is less than u, (since we have s,—4,). 

If the whole series (*) is taken with the minus sign we should 
ale the reflection of Fig. 247 about the origin; in this case 
S| <4. 

The remainder 

Fae Unser — Usa t---) 


674 Ch. XI. Series 


The greater the number p, the more rapidly the p series con- 
verges. For example, if p=3 we have tn <5 and the same 
accuracy of e=0.001 is achieved for n= 24. If p=4 thenrs,< . 


3nd! 
and the same precision is obtained for n=7. 

Thus, we see that the faster the terms of the series tend to 
zero, the more rapid the convergence of the series, 

In special courses on approximate calculations the reader can 
find various methods for accelerating the convergence of a series. 
These techniques make it sometimes possible to find an accurate 
approximation to the sum of a slowly convergent series with a 
comparatively small amount of calculations. By the way, some of 


these techniques make use of the fact that by wae 1.645 (see 
n=] 


Sec. 201). 
We also note that for the time being it is not known whether 


the sum of the series >. - is a rational or irrational number; its 


n=] 
approximate value is 1.202. For p=4 the sum of the p series is 
= [a0 
known: a ai 90 ~ 1.082. 


n= 

186. Series with Arbitrary Terms. Absolute Convergence. 

I]. Alternating series. We now proceed to investigate series with 
terms, of arbitrary signs and begin with the so-called (alternating 
series’ Whose terms are alternately positive and negative. Such a 
series can be written as 

+ (u,—u,-+u,—...) (*) 
where u,, U,, U3, ... are positive numbers) We shall prove a simple 
Sufficient test for convergence of an alternating series: 

Theorem (Leibniz’ Test). If the absolute values of the terms of 
an alternating series form a monotone decreasing sequence ten- 
ding to zero, that is, if the terms of series (*) satisfy the in- 
equalities u,>u,> ... and the general term u, tends {o zero, 
the series is convergent; the absolute value of its sum {Is less 
than u,, and the absolute value of the remainder r, of the 
series is less than that of the first discarded term: |r,|<u,,,- 

Proof. For definiteness, let us take the whole expression (*) with 
the plus sign: 

Uy — Ug Ug 0 Ug EU gg oe 

Consider the sequence of partial sums s,,, of the series with even 

indices n=2m. Such a sum can be written as 


Sgymq = (Uy — Ug) + (Ug— Uy) +. FE (Um—-1— Ua) 
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By the hypothesis, the expression in each bracket is positive; 
since the number of these brackets increases together with m the 
sequence S,,, is increasing. On the contrary, we similarly show 
that the sequence of partial sums s,.,, with odd indices is de- 
creasing since 


Som+1 = Uy—[(U,— Us) + (Ug —U,) +... + (Ugg —Uamsr)] 


and the sum in the square brackets increases together with m, 
which is clear from the above argument. 
Thus, 
S.< Sy <Se<... and 5, >5,>5,>.. 
It is readily seen that any sum with even number is less than 
any sum with odd number: 
Som < Sok+1 


Indeed, if m<k then 


Som < Sok = Sones — Yong < Songs 
and if m>k (or m=) then 
Som == Som41— Yama “ Somes < Sons 


In Fig. 247 the sequence of partial sums is represented geomet- 
rically. The sequence of sums with even indices is increasing and 
bounded above; hence, it possesses a limit lims,.—=s. 

Tl =» 


We also have S,.41=Sem + Uemt1 and u,,,,—~0 for m—oo; 
therefore. 
lim s..4,= lims, =s 
1 —-> @ MM —-> © 
that is the sums with odd numbers (forming a decreasing sequence) 
tend to the same limit s. 
Ss 


ep ie ee 
0 S2 54 Sg Ss S; S,"U, 
Fig. 247 


Fig. 247 also clearly indicates that the partial sums approach 
their limit s so that those with even numbers are less than s while 
those with odd numbers are greater than s; in particular, the 
sum s of the series is less than u, (since we have s,=u,). 

If the whole series (*) is taken with the minus sign we should 
take the reflection of Fig. 247 about the origin; in this case 
Is] < w,. 

The remainder 

f= (Ungi—Uneat--+) 
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of series (*) is a series satisfying all the conditions of Leltbniz’ 
test. Therefore, the sum r, of this series is less, in its absolute 
value, than the first term in the parentheses, i.e. |r,|<u,,,, 
which is what we had to prove. The proof of Leibniz’ theorem 
has been completed. 

Leibniz’ test, when applicable, not only makes it possible to 
investigate the convergence of the series but also to estimate the 
error appearing when the sum of the series is replaced by its par- 
tial sum with given number n. 

For instance, Leibniz’ test immediately shows that the series 


1,?t J (—1)r+t 
=o a a ast oe 


is convergent; as will be shown in Sec. 194, its sum is equal to 
In2. According to the above, the limiting absolute error of the 


approximate equality In2~ I—s4+5— ve +o is equal to 





= which indicates that the series is slowly convergent. 


II. Absolute convergence. Now we proceed to series whose terms 
can have arbitrary signs. We shall confine ourselves to the fol- 
lowing important test: 

Sufficient Test for Convergence. If the series whose terms are 
the absolute values of the terms of a given series is convergent 
the latter series is also convergent. 

Proof. Denote by s, the sum of the first n terms of the given 
series 


Ujfuat.,. +u,+... 


and by si and sj, respectively, the sums of the absolute values of 
all positive and all negative summands among these n terms. Then 


S,=S,—Sh and o, =si-+-sc 


6,=|4,|+]u.[+...-+] Hy] 


Since, by the hypothesis, o,, possesses a limit (denote it 9), 
and st and s,; are positive increasing functions of n satisfying 
the conditions si} <0, <0 and sy<a, <9, these functions also 
have limits. It follows that s,—st—sz also tends to a limit as 
n-»oo, which is what we set out to prove. 

This test does not provide a necessary condition for convergence: 


where 


a series >) u, may be convergent when the series 5) |u,| is di- 
_ =1 


n=1 fn 
vergent. For instance, as has been shown, the series 


ft 1 4 (—1)"+2 
l—s4ty—gte fot... 
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is convergent while, as we know, the (harmonic) series 
l ] | 1 
brat gor gr ee To... 

formed of the absolute values of the terms of the former series 
is divergent. 

Definition. A series for which the absolute values of its terms 
form a convergent series is said to be absolutely convergent. 

If a given series is convergent whereas the series composed of 


the absolute values of ifs terms is divergent the given series is 
said to be conditionally convergent. 


An instance of a conditionally convergent series is l—p +5 — 
a} )27+1 
—7+... fre. 

The distinction between absolute and conditional (not absolute) 
convergence is extremely important. It turns out that some pro- 
perties of finite sums can only be extended to absolutely conver- 
gent series whereas conditionally convergent series do not possess 
these properties. 

We shall not treat these questions in detail and only confine 
ourselves to the remark that absolutely convergent series, like 
ordinary sums of finite number of summands, possess the commu- 
tativity property: any rearrangement of the terms of an absolutely 
convergent series does not affect its sum, that is the new series 
remains convergent and has the same sum as before. Conditio- 
nally convergent series do not possess this property: it can be 
shown that, given any number, it is always possible to rearrange 
an (inffnite) number of terms-of a given conditionally convergent 
series so that its sum becomes equal to the given number (mo- 
reover, it is also possible to make the partial sums of the series 
tend to --co or —oo by rearranging its terms in an appropriate 
manner). 

As an example, let us take the conditionally convergent series 


} 1 ] ] ] ] I 
I~ +3—gtEe-Eet7—st 
and show (without rigorous proof) that its sum can be changed 
by rearranging its terms. To this end, let us rearrange the terms 


in such a way that every positive term is followed by exactly 
two negative terms: 


On adding together every positive ferm and the next negative 
term we obtain 


= Ded od 
2 Ete-gt 
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The terms of the resultant series are half the corresponding 
terms of the original series. By Property 1, Sec. 182, it follows 
that the latter series is also convergent and its sum is half the 
sum of the former series. We see that the sum of the series 
became half as great after a mere change of the order of its terms! 

Another important property of absolutely convergent series is 
related to the operation of multiplication. 

The (Cauchy) product of two convergent series 


S=u,+tu,t...+u,+... (1) 
s"=0,+0,+...-+0,+... (2) 


is the series formed of all possible pairwise products of the terms 
of the given series arranged as 


(,0,) + (4,0,-+ U,0,) + (4,03 -+ U,0, + U30,) +... 
vee (UU, + U0g-y to. . fu y,-10,+ U,0,) +... (3) 
To understand the structure of this series note that each group 
of terms taken into parentheses has a constant sum of the num- 
bers of the factors: for the first group this sum is equal to 2, 
for the second to 3, for the third to 4, ..., for the nth to n+], etc. 
The following theorem which we state without proof describes 
the multiplication property of absolutely convergent series: 
If series (1) and (2) are absolutely convergent their product is 
also an absolutely convergent series and its sum Is equal to 
the product of the sums of series (1) and (2): 


and 


S=s’-s’ 


§ 2. Functional Series 


187. General Definitions. In § 2 we shall study series whose 
terms are not numbers but functions: 


(uy (x) +4, (4) +... Fn (Xe. (*) 


An expression of type (*) is termed a functional series. The 
functions u,(x) are supposed to be defined and continuous in one 
and the same interval (finite or infinite).4 

Series (*) may converge for some values of x and diverge for 
the other values. A point x=.x, for which the number series 


Uy (Xo) + Uy (Xo) + oe. Fun (Xo) +... 


is convergent is called a point of convergence of series (*). The 
set of al] the points of convergence is the domain of convergence 
of the series, we also say that the series is convergent in this do- 
main. As a rule, the domain of convergence of a functional series 
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is an interval of the Ox-axis. For example, the series 


Ptxtx?t tet, 


is convergent in the interval (—1, 1) since for any value x=x, 
belonging to this interval the corresponding number series is a 
convergent geometric series with common ratio x, (|x,|< 1). For 
|x|2>1 this series is divergent. In the general case the determi- 
nation of the domain of convergence of a given functional series 
is an extremely difficult problem. ° 

The sum of a functional series is a function of the variable x 
are in the domain of convergence of the series; we denote 
I x): 


S (x) =u, (x) + Ug (x) +... +4, (+... 

For instance, in the above example the sum of the series is 
equal to —: this function is of course the sum of the series 
only within the interval (—1, !) serving as the domain of con- 
vergence of the series although the function — itself is defined 


|— 
for all x=€1. 
Let us denote by s,,(x) the sum of the first n terms of series (*) 
(the nth partial sum) and by r,,(x) the remainder after n terms. 
If the series is convergent for a given value of x then 


lim s,(x)=S(x) and lim r, (x) =0 


As is well known, the sum of a finite number of continuous 
functions is again a continuous function, and the integral of the 
sum of functions is equal to the sum of the integrals of the cons- 
tituent functions. Similarly, the derivative of the sum of a finite 
number of differentiable functions is equal to the sum of the 
derivatives of the summands. Therefore, in the theory of func- 
tional series it is naturally to pose the question as to whether 
these properties are extended to sums of an infinite number of sum- 
mands, that is to functional series. The example below demon- 
strates that in the general case an arbitrary functional series does 
not necessarily possess these properties. 

Let us take the series 


x? x? x? 
Tee tae Papa 


All the terms and the sum of the series turn into zero for x=0. 
For x3£0 we obtain a convergent geometric series since the coim- 


non ratio sq =a <1. For x0 the sum of the series is 
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x? 
(ste) 


1 


equal to 


ae ae 
1-++-x? 


We see that the sum S(x) of the series is a discontinuous 
function with a jump discontinuity at the point x=0: 


S(x)=1 if x40 and S(0)=0 


To find out what conditions guarantee the possibility of exten- 
ding the properties of finite sums of functions to functional series 
we need the following definition. 

Definition. A functional series 


2, (x) +, (x) +... ba, (x) +... (*) 


is said to be regularly convergent in a domain D belonging 
to the domain of convergence if for all the points of the domain 
D the absolute values of the terms of series (*) do not exceed 
the corresponding terms of a convergent positive numerical series. 

(Compare this definition with the definition of a regularly con- 
oe eee integral dependent on a parameter stated in 

ec: 137, 

The definition means that for all the points of the domain D 
the inequalities |u,(x)|<M,, n=1, 2, ..., must hold where M, 
is the ath term of a convergent positive numerical series 
M,+M,+...4+M,+...; the latter series is spoken of as a do- 
minant series of series (*) and series (*) is referred to as the do- 
minated series. 

For instance, the series 


sin 2x sin 3x Sin nx 


SINX + at tee bot... 


is regularly convergent in any interval of the x-axis since 











lida and the series 2 8 is convergent. 

I= 
Let us briefly discuss a more general notion of a uniformly 
convergent series. Suppose that functional series (*) is convergent 
at a point x,. This means that limr,(x,)=0; therefore, given 





ir @ 
an arbitrary number e > 0, there is a number N, such that the 
inequality |r, (x,)|<e is fulfilled for all n>WN,. Let us take 
another point x, belonging to the domain of convergence of the 
series; for this point we also have limr,(x,)=0. If we take the 


same number e the inequality Ir, (%) | <e is of course fulfilled 
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for the values of nm exceeding a certain number N,, but it may 
turn out that N, >WN,. That is why the numbers N, and N, are 
supplied with different subscripts. 

If the domain of convergence consisted of only two points we 
could replace N, and N, by one number N equal to the greatest 
of the two numbers N, and N,: ifn > WN thenn>WN, andn>N,, 
and both inequalities [Pn (x,)]<e and |r, (x,)]|<e hold simulta- 
neously. The same of course applies to the case of the domain 
of convergerice consisting of an arbitrary finite number of points. 

But if the domain of convergence is an interval including an 
infinitude of points then, although for every point x there is a 
number N (e, x) (we write N(e, x) to stress that this number 
may depend both on e and on x) such that for n>MN(e, x) the 
remainder satisfies the inequality |r, (x)|< e, a number N (N = N (e) 
does not depend on x) common for all the points of the domain 
of convergence does not necessarily exist. In this connection the 
meaning of the following definition becomes clear: 

Definition. Functional series (*) is said to be uniformly con- 
vergent in a domain D belonging to its domain of convergence 
if, given any number e>0, there is a number N(e) dependent 
solely on e and independent of x such that for 2> WN (e) the in- 
equality |r, (x)|<Ce is fulfilled for all the points of the domain D. 

It can easily be shown that if a functional series is regularly 
convergent in a domain D it is also uniformly convergent. In fact, 
the definition of regular convergence implies that for any x be- 
longing to the domain D we have 


Ir, (x)| = [Una (X)4+ vee ff tar (I+... Mag it... =r 


where r, is the remainder of the convergent numerical series 
M,4+M,+...+M,+... . The value of r, is independent of x 
and is less than any number ¢ >0 provided that n> WN where N 
is dependent solely on e. Then, for the same values of n, we 
have |r, (x)|< ©, which shows that the functional series is uni- 
formly convergent. But it is possible to construct examples (we 
do not present them here) showing that there are uniformly con- 
vergent functional series possessing no (convergent) dominant 
Series; such uniformly convergent series are thus not regularly 
convergent. 

For the sake of simplicity, we shall speak of regularly 
convergent series although all the theorems stated in Sec. 188 
hold for uniformly convergent series as well. 

188. Properties of Regularly Convergent Functional Series. In 
this section we shall state without proof some fundamental theo- 
rems on regularly convergent functional series which elucidate 
the question posed in Sec. 187 (on the possibility of extending 
the properties of sums of a finite number of functions to func- 
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tional series). In all the theorems below we assume that the do- 
main of regular convergence of the series in question is an inter- 
val of the axis Ox. 

Theorem I]. If a series formed of continuous functions is regu- 
larly convergent in a domain D its sum is also a continuous 
function in that domain. 

sin 2x sin nx 


As was shown, the series sinx+— 3+ fs ee ae 


regularly convergent in any interval; hence, its sum S(x) is a 
continuous function throughout Ox. 

Practical determination of this function is an essentially more 
difficult problem; it is even unknown whether this function is 
elementary or not. But we can always find an approximation to 
the value of this function for any point of the domain of con- 
vergence by taking the sum of a sufficiently large finite number 
of terms of the series, that is by computingS, (x) for a sufficien- 
tly large n. It should be stressed that, because of the regular 
convergence, the limiting absolute error appearing in such an 
approximation is one and the same for all the values of x since 





__ [sin (n+ 1) x {sin (n-+-1)x| ! a 
[rn (*) |= ap tee: Say te Sapp eh 


where r, is the remainder of the series with the general term 
at dependent solely on n and independent of x. The same 


considerations of course apply to any regularly convergent series. 
(The reader is advised to try to extend this remark to uniformly 
convergent series; see Sec. 187.) 

Thus, the theorem says that the sum of a regularly convergent 
series whose terms are continuous functions is a continuous func- 
tion in the domain of regular convergence. In theorem II we shall 
extend the simplest property of the integral to such series: the 
definite integral of a sum of a finite number of continuous func- 
tions is equal to the sum of the integrals of the summands, this 
property applying to regularly convergent series as wel]. We shall 
assume (without further stipulations) that the interval 
of integration |a, b] always belongs to the domain of regular 
convergence of the series in question. 

Theorem II. lf a series composed of continuous functions Is 
regularly convergent the integral of the sum of the series is equal to 
thesum of the series whose terms are the integrals of these functions: 


b 6 b & 
| S(x)dx=\ a, (x) dx+§ u(x) det... 45 a, (xdet... 
In other words, briefly: 
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A regularly convergent series can be integrated term-by-term. 

The fact that the numerical series formed of the integrals of 
the terms of the given series is convergent is proved quite sim- 
ply. The definition of regular convergence implies that for the 
terms of the given series we have |u, (x)|<<M, where M,>0 is 
the nth term of a convergent numerical series. By the theorem on 
the estimation of the definite integral (see Sec. 90), we have 


6 
<f|u, (x) |de<M, (6—2) 





b 
\ u,, (x) dx 





Since, according to Property 1 stated in Sec. 182, the series with 
general term M,(b—a) is convergent, the application of the re- 
sults of Sec. 186, II indicates that the series formed of the in- 
tegrals is convergent (even absolutely convergent). The proof of 
the second part of the theorem, that is of the fact that the left- 
foe and the right-hand sides of formula (*) are equal is omitted 
ere. 

Theorem If also applies to integrals with variable upper li- 
mit of integration: 


Silica bidet La Ohled.. 44 aes een 


where a<cx<.b. The expression on the right is a functional se- 
ries; using again the theorem on the estimation of the integral 





x 

(i.e, the jnequality (|S (x)dx|< M, (x—a) <M, (o—2)) we 
readily see that this series, like the given series, is regularly con- 
vergent. 

The theorem on termwise differentiation of a functional series 
is more complicated and involves some additional requirements. 

Theorem III. If a series u,(x)--u, (x)... +4, (x) +... 
formed of functions possessing continuous derivatives converges in 
a domain D, its sum being S(x), and if the series composed of 
the derivatives uw, (x) is regularly convergent in this domain, the 
derivative S'(x) of the sum is equal to the sum of the series of 
the derivatives: 


S! (%) = 4; (X) Fg (4) ee ein (4%) eee 


In other words, briefly: 

If the series composed of the derivatives of the terms of a con- 
vergent functional series is regularly convergent the given func- 
tional series can be differentiated term-by-term. 
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Note that the regular convergence of the given series and also 
the differentiability of its sum are not assumed in the statement 
of this theorem but are established in the course of the proof. 
But the condition that the series composed of the derivatives is 
regularly convergent is essential and must necessarily be checked; 
if this condition is violated the theorem may fail. For instance, 


‘ : sin 2°x sin n®x : 
the series sin et eee oe ee a +... is regularly convergent 





& 
e « * e I o 
(2 jis dominant series we can take the series Sa) and its 


n=} 

sum is a continuous function. At the same time the series 
cosx+2cos2?x-+- ...--+-ncosn*x+...formed of the derivatives is 
divergent since, as n—+oo, its general term does not tend fo zero 
for any value of x. Consequently, the theorem proves inapplicable. 

In this course we shall limit ourselves to studying only two 
important classes of functional series: the so-called power series 
and trigonometric series. 
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189. Abel’s Theorem. Interval of Convergence and Radius of 
Convergence. We begin with the definition of a power series. 
Definition. A power series is a functional series of the form 


A+ a, (¥—%,) + 2, (* — X,)? +... ba, (4 —F,)'+... 


whose terms are the products of constant factors a,, a,, a,, .-. 
wees Gp, oe» by integral powers of the difference x—-x,. 

The constants a,, @,, G,, ...,; @,, ... are called the coefficients 
of the power series. Unless otherwise stated, the coefficients will 
be assumed to be real. 

In particular, if x,=0 the power series is arranged in ascending 
powers of x: 

O,+G,%+a,xe+ ow. tax". 

We shall confine ourselves to studying series of the fatter type 
because any power series can be brought to this type with the 
aid of the substitution x—zx,=~’. 

For the sake of convenience, we shall call a,x” the nth term of 
the power series a,ta,x+a,?+...ta,x"+... (although it oc- 
cupies the (n+-1)th place). The constant term a, of the series will 
be referred fo as its zeroth term. 

Power series possess a number of specific properties which we 
shall study here. 

For series 


Qntax-axver+t,...ta rt... (*) 
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we shall prove the following fundamental theorem on which the 
whole theory of power series is based: 

Abel’s Theorem. If power series (*) converges at a point +,=+0 
it is absolutely convergent in the interval (—|+,|, [+,|), i.e. for 
every value of x satisfying the condition |x| <|-+x)|. 


Proof. The series >) a,x% being convergent, its general term 
=0 


tends to zero: a,x% aie Q; therefore the set of values of these terms 
is bounded, that is there exists a positive number M such that 
{a,x%9|< M for any n. Let us write down series (*) as 


2 "nt 
Ay + A,Xp (=) + a,x3 (=) +... 4+4,%6 (=) a ee 
and form the series of the absolute values of its terms: 
2 n 
(a, [+[4,%6 | + | a,x5| +...+[4,%6| +... 
By the inequality proved, every term of the latter series is less 
than the corresponding term of the geometric series with ratio 


x], 
Xo {- 
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Xo 


x 12 x in 
+m |= +...+M[=] Toes 
For |x|<|x,| we have |—|< 1, and the geometric series is con- 


0 

vergent; therefore the series of the absolute values of the terms 
of the given power series is also convergent, and hence series (*) 
is itself absolutely convergent. The theorem has been proved. 

Note that the inequality |a,x"|<|a,xj| does not enable us to 
use directly the comparison test since the conditions of the the- 
orem do not indicate that the given series is absolutely convergent 
at the point x, itself. 

Corollary. /f power series (*) diverges for x=x, it also diverges 
for any x exceeding x, in its absolute value, that is bogie | Xj. 

If the series were convergent for such a value of x, Abel’s the- 
orem would imply its convergence for the values of the argument 
smaller than |x| in their absolute values and, in particular, for 
x=x,, which contradicts the hypothesis. 

Let us proceed to investigate the domain of convergence of se- 
ries (*). There are three possible cases here: 

(1) The domain of convergence consists of one point x =0; in other 
words, the series is divergent for all the points except «=O. 

Such a case can be demonstrated by the example of the series 


Lex 22%x?+ ... nxt... 
Indeed, for any fixed x=540 we have |nx|> 1 beginning with a 
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sufficiently large value of n whence follows the inequality |n"x"|> 1 
indicating that the general term of the series does not tend to zero. 
(2) The domain of convergence consists of all the points of the 
x-axis, that is the series is convergent for all x's (such a series 
is said to be permanently convergent). 
An example of such a series is 


lett. $24... 


Indeed, for any x we have Fa <1 beginning with a sufficiently 
large n. Since 


ntl 
9 


n+l n+2 


n+2 
, etc. 


x 
n 


x x 
n-+-] n-+-2 
the absolute values of the terms of the series become, beginning 
with the number n, less than the terms of the convergent geometric 


series with common ratio =| <1. Consequently, the given series 


is convergent for any x. 

(3) The domain of convergence consists of more than one point, 
and there are points of the axis Ox not belonging to the domain of 
convergence. 

For instance, the series 


L-+x4-x?+ ... 4x" 4+... 


(the geometric series with common ratio x) is convergent for |x|< | 
and divergent for |x]>1. 

In the latter case the Ox axis contains both points of conver- 
gence and points of divergence of the series. 

Abel’s theorem and its corollary imply that all the points of 
convergence are not farther from the origin than any point of diver- 
gence. It is also clear that the points of convergence entirely 
cover a whole interval with centre at the origin. 

Thus, we can say that for every power series possessing both 
points of convergence and points of divergence there ts a positive 
number R such that for all x’s whose absolute values are less than 
R(|x|<R) the series converges absolutely and for all x's exceeding 
R in their absolute values (|x| > R) it diverges. 

As for the values x=R and x=—R of the argument, there 
can be various possibilities in these cases: the series may converge 
at both points or at one of them or at neither. Moreover, the con- 
vergence at these points may be absolute or conditional. Later 
on we shall consider examples illustrating these possibilities. 

Definition. The number A such that power series (*) is conver- 
gent for all x satisfying the condition |x|<(R and divergent for 




















x 
n 
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all x satisfying the inequality |x|>R is called the radius of 
conver gence of the power series. The interval (—R, R) is referred 
to as the interval of convergence. 

Let us agree that R=O for the series divergent for all the 
values of x except x=0 and that R=-+ oo (or, simply, R= oo) 
for the permanently convergent series (i.e. for the series conver- 
gent for all the x’s). 

All that has been said also applies to power series of the gene- 
ral form 

Ay +A, (X—X_) +a, (X—%X)? +... +a, (X¥—X_)"? +... 
with the only distinction that in the general case the centre of 
the interval of convergence is not at the point x=0 but at the 
point x=x,, the interval of convergence being (x,—R, x,+R). 

We shall present a method for determining the radius of con- 
vergence of a power series. To this end, note that it is sufficient 
to find the radius of convergence for the series 


lao |+La,| [+ ...+]a,[[*i"+... (**) 


composed of the absolute values of the terms of series (*) since 
the intervals of convergence of series (*) and (**) coincide. 

Let us apply D’Alembert’s test to the positive series (**). 
Suppose that the limit of the ratio of two successive terms of 
this series exists and that this limit has been found. In contrast 
to the case of a numerical series, this limit may depend on |x|. 
Then, for the values of |x| for which this limit is less than 1 the 
series is convergent and for the values of |x| for which the limit 
exceeds | it is divergent. It follows that the value of |x| for which 
this limit is equal to unity specifies the radius of convergence of 
power series {*). 

It may turn out that this limit is equal to zero for all x=<0. 
This means that series (*) converges for all the values of x and 
its radius of convergence is equal to infinity (R= oo). 

On the contrary, if the limit is equal to infinity for all +340 
the series is everywhere divergent (except at the point x0) and 
its radius of convergence is equal to zero. 

Let us demonstrate what has been said by coficrete examples, 
Nigel oni (1) Let us determine the radius of convergence of 

e series 


lpaxtgextt oe xt 4 re 
We have 


_ [xtra |x| 


—_ eee 


(n+ I ikl! afl 


for any value of x. Hence, the series is convergent for all x's, 
that is R=oo. 


Unt 
Uy, 


0 
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sufficiently large value of n whence follows the inequality |n"x"|> 1 
indicating that the general term of the series does not tend to zero. 
(2) The domain of convergence consists of all the points of the 
x-axis, that is the series is convergent for all x’s (such a Series 
is said to be permanently convergent). 
An example of such a series is 


beet S+.. FS4... 


Indeed, for any x we have l=|< 1 beginning with a sufficiently 
large n. Since 


n+1 
’ 


n+l n+2 


n+2 
, etc. 


x 
n 


x 


a 


n 


x x 
n-+} n-+-2 
the absolute values of the terms of the series become, beginning 
with the number n, less than the terms of the convergent geometric 


series with common ratio =| < J. Consequently, the given series 


is couvergent for any x. 
(3) The domain i convergence consists of more than one point, 
and there are points of the axis Ox not belonging to the domain of 
convergence. 
For instance, the series 


T+x-+ x? +... 4x74... 


(the geometric series with common ratio x) is convergent for |x|< } 
and divergent for |x|>1. 

In the latter case the Ox axis contains both points of conver- 
gence and points of divergence of the series. 

Abel’s theorem and its corollary imply that all the points of 
convergence are not farther irom the origin than any point of diver- 
gence. It is also clear that the points of convergence entirely 
cover a whole interval with centre at the origin. 

Thus, we can say that for every power series possessing both 
points of convergence and points of divergence there is a positive 
number R such that for all x’s whose absolute values are less than 
R(\|x|<.R) the series converges absolutely and for all x's exceeding 
R in their absolute values ({x|> R) it diverges. 

As for the values x=R and x=—R of the argument, there 
can be various possibilities in these cases: the series may converge 
at both points or at one of them or at neither. Moreover, the con- 
vergence at these points may be absolute or conditional. Later 
on we shall consider examples illustrating these possibilities. 

Definition. The number R such that power series (*) Is conver- 
gent for all x satisfying the condition [x|<<R and divergent for 
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all x satisfying the inequality |x|>R is called the radius of 
convergence of the power series. The interval (—R, R) is referred 
to as the interval of convergence. 

Let us agree that R=0O for the series divergent for all the 
values of x except x=0 and thai R=+oo (or, simply, R=oo) 
for the permanently convergent series (i.e. for the series conver- 
gent for all the x’s). 

a that has been said also applies to power series of the gene- 
ral form 


Ay +a, (X—X) +4, (Xx—%,)? +... +4, (x—%o)" +... 
with the only distinction that in the general case the centre of 
the interval of convergence is not at the point x=0O but at the 
point x=x,, the interval of convergence being (x,—R, x,-+ R). 
We shall present a method for determining the radius of con- 
vergence of a power series. To this end, note that it is sufficient 
to find the radius of convergence for the series 


[ao] lard eJ+..-+]an|le"+--- (**) 


composed of the absolute values of the terms of series (*) since 
the intervals of convergence of series (*) and (**) coincide. 

Let us apply D’Alembert’s test to the positive series (**). 
Suppose that the limit of the ratio of two successive terms of 
this series exists and that this limit has been found. In contrast 
to the case of a numerical series, this limit may depend on |x|. 
Then, for the values of |x| for which this limit is less than 1 the 
series is convergent and for the values of |x| for which the limit 
exceeds 1 it is divergent. It follows that the value of |x| for which 
this limit is equal to unity specifies the radius of convergence of 
power series (*). 

t may turn out that this limit is equal to zero for all x0. 
This means that series (*) converges for all the values of x and 
its radius of convergence is equal to infinity (R00). 

On the contrary, if the limit is equal to infinity for all x40 
the series is everywhere divergent (except at the point x=0) and 
its radius of convergence is equal to zero. 

Let us demonstrate what has been said by coficrete examples, 
asia (1) Let us determine the radius of convergetice of 

e series 


| 
lea + sis fox aie 
We have 





Host | — Ue = 0 
Un (at lpi lx]? att ¢ 


for any value of x. Hence, the series is convergent for alf 
that is R=oo. 
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According to the necessary condition for convergence, the general 
term of this series tends to zero, that is 


_ wt 
lim ~=—0 
Aso! 


for any fixed value of x. This fact will be used in what follows. 
(2) Let us take the series 


lt+et+ 54.424... 


In this case we have 


gn n 
(an 1)x" n+l |—+1. 


Consequently, by D’Alembert’'s test, the series converges if |x] < } 
and diverges if |x|>1. Hence, R=]. 

In this example it is easy to investigate the behaviour of the 
series at the end points of its interval af convergence. For x=1 


we obtain the divergent series I+14 tot... te. and 


for x =—1 the conditionally convergent series 1—1 +5-4 

If should be noted that D’Alembert’s fest is inapplicable to the 
end points of the interval of convergence (the corresponding limit 
is equal to unity for these points), and therefore some other means 
should be used for testing the series for convergence. 


(3) Let us investigate the series 


Unt, 
Uy 
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Here we obtain 





Unt+1 
Un 

















xn +1 (9n —1)? on—1\3 
opiraet| 1+? (apt) HP 
Hence, the radius of convergence is equal to 1; for |x| <1 the 
series is convergent and for |x| > 1 divergent. Let the reader show 
that it is absolutely convergent at both end points of the interval 
of convergence. 

(4) Let us determine the interval of convergence of the series 


Ta tp tp tb gets 


To this end we form the ratio 


Unsr{ [xB [8410-20 
uy, | (Fly 2**2[x—1]7 
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and find its limit as n—+oo: 


_ fx—1] ; n Jx—1] 
= lim 


pes as as 2 
According to the results obtained, the series is convergent if 


etl <1, that is if —2<x—1<2. Therefore the interval of 


convergence of this series is the interval (—1, 3) with centre at 
the point x=1. Let the reader check that the behaviour of the 
series at the end points of the interval of convergence is the 
same as in Example 2. 

190. Properties of Power Series. Let us consider a power series 


Ag +Q,X+ a +... - a,x +... (*) 


with radius of convergence R where R can assume any nonnega- 
tive value (including -+-00). The sum of this series (denote it 
S(x)) is a function defined within the interval of convergence 
and also at those end points of the interval where the series 
coriverges. 

To apply the results of Sec. 188 to power series we begin with 
proving the following lemmas?. 


Unty 
Uy 
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Fig. 248 


Lemma I. Power series (*) is regularly convergent in any closed 
rag {— 5, 6] lying entirely inside its interval of convergence 
—R, R). 

Proof. Let us choose a point x, such that 6< x, < R (Fig. 248); 
this point belongs to the interval of convergence, and Abel’s 
theorem implies that the numerical series 


[a,{[+la x [+...+]axg{[+... 


is convergent. For any point xE(—6, 6] we have |[x|< x, and, 
consequently, |a,x"| < Ja,x%|. It follows from the latter inequality 
that series (*) is regularly convergent in the interval {—6, b}, 
which we wanted to prove. 

Lemma II. The power series formed of the derivatives of the 
terms of series (*) has the same radius of convergence as the given 
Series. 


1 If Sec. 188 was skipped the reader should proceed directly to the properties 
of power series stated below. 
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Proof. The series composed of the derivatives has the form 
a, +2a,x+ 2... na" + (n+ Nasxtt... | (*) 
For the sake of simplicity, let us suppose that the limit of the 
ratio att} exists! as n—+oo; then the radii of convergence of 


series (*) and (**) can be found with the aid of D’Alembert’s 
test: 





xn. 
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which indicates the equality of the limits of the ratios of two 
successive terms for both series. Hence, their radii of convergence 
coincide. We also note that series (**) may be divergent at an 
end point of the interval of convergence even when series (*) is 
convergent at that end point; the reader can check such a pos- 


sibility by examining the series ltet+S+ 434... , 


If we now form the power series of the derivatives of the terms 
of series (**) the resultant series has the same radius of conver- 
gence as the original series and so on. Consequently, all the power 
series obtained from series (*) by successive differentiafions have 
the same radius of convergence and, according to Lemma |, are 
regularly convergent in any interval lying entirely within the interval 
of convergence. 

These lemmas and the general properties of regularly conver- 
gent series imply the following properties of power series: 

1. The sum of a power series is a continuous function In the 
inferval of convergence of the series, i.e. the function 


S (x) =a, taxtax+t...tax?+t... (—R<x< R) 


is continuous. Moreover, it can be proved that if a power series 
is convergent at an end point of its interval of convergence its 
sum S(x) is continuous as x approaches that end point remaining 
inside the interval of convergence. 

It should also be noted that the analytical expression of the 
sum of a power series may specify a function whose domain of 
definition is wider than the interval of convergence of the series. 
This fact was already mentioned in Sec. 187 in connection with 


1 The lemma also remains true when this limit dces not exist but the proo! 
becomes more complicated, and we do not present ff here. 
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the function = which is the sum of the geometric series 
lt-xete+t. ext"... 

convergent to this function for |x|< 1. The function — is de- 
fined and continuous everywhere except at the point x=1 but it 
only serves as the sum of the series for |x]< 1; for [x|2>1 the 
series is divergent, and it is senseless to speak of its sum. 

2. A power series can be integrated termwise within its interval 
of convergence: 


» 


( S(x)dx=\a,dx+\axdx+\axrtdx+...4 


eS agit” dx fe. Oye Et Beh fp oe mtb, 
(—R<*¥<R) 


The new (integrated) series possesses the same radius of con- 
vergence as the original series. 

3. A power series can be differentiated termwise in its interval 
of convergence: 


S' (x) =a, 4+ 2a,4-4-... 4 7a,c" 1... (— ROK KR) 
On differentiating repeatedly we obtain, in succession, 
S" (x) = 2a, +3-2a,x+...+n(n— I)a,xP-?+... 
S” (x) =3-2a,-+...-+n(na— 1)(n—2) a,x8-F +... 
and so on. Thus, 
every power series is infinifely termwise differentiable inside its 


interval of convergence. The radii of convergence of the differen- 
tiated series remain the same as that of the original series. 
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191. Taylor’s! Series. As was shown, the sum of a power series 
is acontinuous and infinitely differentiable function in the interval 
of convergence (see Sec. 190). In this section we shall discuss the 
reverse problem: 

Given a function f(x), what conditions guarantee that it can be 
represented as the sum of a power series? 

The properties of power series indicate that if a function f (x) 
is the sum of a power series it must be infinitely differentiable. 
But, as will be shown, this condition is not sufficient. 


1 Taylor, B. (1685-1731), an English ma hematician. 
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Our aim is to find out what functions and in what intervals 
can be represented as sums of power series. 

If a function f(x) can be represented as the sum of a power 
series we say that it is expanded into the power Series. 

The existence of such an expansion is extremely important 
since if makes it possible to replace, approximately, the given func- 
tion by the sum of the first several terms of the power series, i.c. 
by a polynomial. The computation of the values of this function 
then reduces to the computation of the values of the polynomial, 
which can be achieved with the aid of the simplest arithmetical 
operations. The fact that the accuracy of such an approximation 
will be estimated is also extremely important for practice. 

We remind the reader that in Sec. 53 we already dealt with a 
particular case of polynomial approximation of functions when 
the differential was used for approximate calculations. Namely, 
we replaced a function in the vicinity of a given point by a 
polynomial of the first degree, that is by a linear function. But 
the theoretical and practical significance of this result was 
limited since we did not estimate the accuracy of the approxi- 
mation and the interval within which the approximation was 
applicable. 

The replacement of a function by a simple expression of the 
type of a polynomial proves extremely convenient in various 
problems of mathematical analysis such as evaluating integrals, 
solving differential equations and the like. 

Thus, we shall assume that the given function f (x) is infinitely 
differentiable in a neighbourhood of a point x,. Suppose that it 
is representable as the sum of a power series convergent within 
an interval containing the point x,: 


f (x) = Ay A, (X — Xp) ay (X—Xp)*?* +... a, (4—X)" +... (*) 


where do, a,, @,, ..., G,, ... are constant coefficients. 

We shall show that the general properties of power series make 
it possible to find a, @,, ad,, ..., considered as undetermined 
coefficients, by using the known values of the function f(x) and 
of its derivatives at the point x,. 

Let us put x=x, in equality (*). This yields 


f (Xo) =a 


Now, let us differentiate the power series and substitute x=x, 
into the differentiated series 


f’ (x) =a, + 2a, (X—X) +... dy (X¥—%)" I+... 


This results in 
f" (X%) =a, 
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The repeated differentiation gives us 
f" (x) =2a,+...-+n(n—1)a, (x—x,)"7?+... 
whence, on substituting x=x,, we obtain 
fi (x) = 2a, ie. a,—L Go 
(to unify the notation in the expressions obtained we write 2! 
instead of 2). Proceeding in this way we obtain, after the nth 


differentiation, 
f'(xj=nlat... 


where the terms indicated by dots involve the factor (r—x,) and 

hence turn into zero for x= x,. Hence, putting x=x,, we receive 
f™(x,)= nl a,. ie. a, =o) 

We thus consecutively determine the coefficients a,, @,, a,, ... 

of expansion (*): - 

=H), aah), = cee 


f (x0) 
2! nt? °° 


jt Ree. Bees 
On substituting the expressions found into equality (*) we arrive 
at the series 


f () =F (%) EP" (0) (#0) + EO (xa)? 
ae Ee) pate, (**) 


called the Taylor series of the function f (x). 

Definition. Given a function f(x), its Taylor series in a neigh- 
bourhood of a point +, is power series (**) whose coefficients a,, 
Q,, By, +0) Any ... are expressed in terms of the function f (+) 
and its derivatives by the formulas 


Q,==f(x,), @, =f’ (Xo), a, = 0 , bibs ME 





— 5°”) (Xo) 
oh 
These coefficients are termed the Taylor coefficients of the 

function f(x) at X., paftial sums of this series being called 

Taylor's polynomials. 

Thus, the result we have established is that 

if a function f(x) can be expanded into a series in powers of the 
difference (x—.x,). this series is uniquely determined and necessarily 
coincides with the Taylor series of this function. 

It should be stressed that all our conclusions have been drawn 
under the assumption that the function f(x) admits of the expan- 
sion into a power series. 

If this assumption is not made and it is only supposed that 
the function f(x) is infinitely differentiable, its Taylor series exists 
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and can be constructed explicitly but the question as to whether 
it is convergent for any value of x different {rom x, remains open. 
Moreover, strange as if may seem, there are cases when the 
Taylor series constructed for a function f(x) is convergent but 
not to that function, i.e. its sum is different from f (x). 
An example of this kind is the function 


! 
fajm fe for x>£0 
0 for x=0 


This function is infinitely differentiable throughout Ox and all 
its derivatives are equal to zero at the point x=0. Indeed, we 


have f' (x)=5e* for x5£0 and f’ (0)=0 since 


eer 
e 





F(A)—FO) _ ee — lim ~~ =0 
h h—>0O 22> © ez" 


lim 
A> 0 


( we have put qa): Furthermore, ["(0)=0 since 


ht 
hA—>0 h z+a@ e 





lim 

h-+»0 

etc. Consequently, all the Taylor coefficients of the function f (x) 

at x=0 are equal to zero, and the corresponding Taylor series 

consists of terms identically equal to zero and thus converges to 

the function identically equal to zero but not to the function f(x). 

192. Key Condition for Expanding a Function into Taylor's 

Series. In this section we shall discuss the conditions under which 
the Taylor series 


F (0) +P (0) (#4) AYE (xa) .. FEE eat os. 


formed for a given infinitely differentiable function f(x) converges 
within an interval, and its sum is exactly equal to [(x) in that 
interval. 

Let 7,,(x) denote Taylor's polynomial of the nth degree equal 
to the nth partial sum of Taylor's series: 


Ty (X) =F (te) EF (xa) (x— x) +... +P (e— x, 
Putting R,, (x) =f (x) —7,, (x) we can write Taylor's formula 
f(x) =T,, (x) + Ry (x) 


for the function f(x), R,, (x) being the remainder after n terms in 
Taylor's formula. 


f’ (A)—F’ (0) 
h 
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The convergence of the Taylor series to the function f(x) at a 
point x is equivalent to the condition 


lim 7, (x)=/ () 


or, which is the same, to the relation 
lim [f (x) —T, (x)]= lim R, (x) =0 


The value of R,,(x) is exactly equal to the error appearing when 
the function f(x) is replaced by Taylor’s polynomial 7, (x). 

Before proceeding to the estimation of the remainder we shall 
discuss a special case. Let us suppose that the function f (x) itself 
is a polynomial of the n th degree. Then the successive differentia- 
tions of the function f(x) each time reduce the degree of the 
polynomial by unity, and hence, after the nth differentiation we 
obtain a constant, all the subsequent derivatives being identically 
equal to zero. Hence, the Taylor series of the polynomial f (x) 
only contains n+-1 nonzero terms and thus is again a polynomial 
af degree x coinciding with /{x) identically. This result can of 
course be obtained purely algebraically if we simply arrange the 
given polynomial in ascending power of the difference x—x,. 

Thus, we obtain the identity 


' (n) 
(x) =F) +P (%o) (43%) +... +E (x—x,)" 
which is Taylor’s formula for the polynomial f (x). 
Example. Let us arrange the polynomial f (x) =—3 + x—x?+ 2x3 
in ascending powers of the difference x—1. Here we have x, =1 and 
iQ) = —l, P (1) = (1 — 2x +- 6x?),_, =5, 
f’ (1) = (—2+ 12x), = 10 and f'’’ (1)=12 
Hence, 
—3 + x— x? -+2x3 = —1+5(x—1)+5(x—1)? 42 (x—1)3 


On opening the parentheses on the right-hand side and combining 
similar terms we readily check the correctness of the identity 
obtained. 

193. Taylor’s Formula. Lagrange’s Form of the Remainder in 
Taylor’s Formula. Let f(x) be an infinitely differentiable function 
for which we want to find out whether it can be expanded into 
Taylor’s series in a neighbourhood of a point x,. Representing 
the function in the form (see Sec. 192) 


F(X) =Ta (0) + Ra) = 
= F(X) EF (x) (x—*) +. FA t R(x) (4) 


we obtain Taylor's formula for f(x) with the remainder R,, (x). 
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The theorem below elucidates the structure of the remainder 
R,, (x) and makes it possible to answer the question on whether 
or not R,(x) tends to zero as n increases indefinitely, that is 
whether or not the function f(x) can be expanded into Taylor's 
Series, 

Lagrange’s theorem (On the Remainder after n Terms in Tay- 
lor’s Formula). If the function f(x) possesses the (2-+-1)th deri- 
vative f'"*) (x) at all the points of an interval containing the 
point x, the remainder R, (x) is representable in the form 

= n+1 
R, (x) =f (§) See 
for every point x of this interval where & is a number lying bet- 
ween x, and x. 

The latter formula expresses the remainder after n terms in 
Taylor’s formula in Lagrange’s form. 

Proof. Let us write down the remainder R, (x) in the form 

(X— 2%)" +1 
R, () + Dass ern 
analogous to that of the general term of series (*) where D,.; 


is an undetermined magnitude and find the expression of D,,4; 
satisfying the equality 


f= FH) AF (xe) (8— 4.) + 22 (x— 2)? 


(n) — ¥,)2+1 
on +! <0) (x—X,)” +Drss ee 
for every x from the irtterval indicated in the statement of the 
theorem. 
Let us fix a value x, of the variable x; then D,,, can be writ- 
ten as 





fF Ge) —F' (40) (4-29) —-.. ED (a, ayy 
nti (X;— Xp)" +1 
(n-E)i 
Our aim is to show that D,,, can be represented in the form in- 
dicated in the theorem, that is can be written as f+!(€) where 


EE (x, x,). To this end, note that for n=0 this follows from 
Lagrange’s formula of finite increments (Sec. 57): 


D, = dT) — 7 (8) where EE (te 2%) 


To prove the theorem for any n we construct, like in the proof 
of Lagrange’s theorem on finite increments, an auxiliary function 
F(x) satisfying the conditions of Rolle’s theorem. In this case the 
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function F (x) has a more complicated expression: 
' fr 
F(x) =F (x) -F()—P @) (y— 9) — ae 2)". 

f&™ (x) (x, x) + 
Al (n-+-1)! 

This expression shows directly that F(x,)=0. Putting «=x, 
and replacing D,,, by its value we see that F(x,)=0. 

Now we find the derivative F’ (x): 


PF’ (x)=— Ff (x)—P (x) 1 — 2) +6 (x) — 


—L® (x, — a EP (X) (m2)... 


(+2) (7) — r)" 
“at aw = (x) (4, — x)" ee a (x,—x)"2+4D,,, (x; = *) 
The derivative F’ (x) exists at all the points of the interval since, 
by the conditions of the theorem, the derivative f'**” (x) exists 
and hence all the derivatives of lower order also exist. In this 
expression of F’ (x) all the terms mutually cancel out except the 
two printed in bold face’; on taking the common factor outside 
the brackets we obtain 
PY (x) = SAP port (x) + Daa] 


n| 





(x, —x)"—Dass 








We have thus verified that the function F (x) satisfies all the con- 
ditions of Rolle’s theorem and have found its derivative. By 
Rolle’s theorem, there exists a value x=£§€(x,, x,) such that 
F’(&)=0. Taking this value x=€ (if there are several such va- 
lues & we take one of them) and substituting it into F’ (x) we 
obtain 
F' (8) __ (%1 8 (— fin+9 (E)4- Di. J=0 

The first factor on the right is different from zero since E5<4x,; 

hence, there must be D,,,=/"*»(&) whence 
Xy—Xp)A +2 


Ry () = Fert? (8) SBE where BE (x, %) 


Since x, is an arbitrary point the theorem has been proved. 
The expression for the remainder found in this theorem makes 
it possible to rewrite equality (*) as 
FX) =F (%0) EF (%0) (2-24) + 2 (x— x,t +... 
[&) (Xo) 


(n+) 
oe 7 aay (x—x,)” + fae ‘i (x—X_)"F2 (**) 


2 Let the reader take a concrete value of n, say, n=4, and carry out all 
the calculations in full. This will clarify the argument, concerning an arbitrary 
value of n, given in the proof. 
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This is Taylor’s formula with the nth remainder in Lagrange’s 
form. The only distinction between the last term of this formula 
(the remainder) and the genera! term of Taylor's series is that 
in this term the value of the corresponding derivative is taken not 
te point x, but at an intermediate point — lying between x, 
and x. 

In the derivation of Taylor’s formula (**) we only supposed 
that the function f(x) possessed the derivatives up to the order 
n-+-1 inclusive where n is a given number. The derivatives of 
order higher than n-+1 do not necessarily exist. Thus, Taylor's 
formula can be written for a function differentiable several times 
even when the whole Taylor series (involving infinitely many de- 
rivatives) does not exist. 

Let us indicate some particular cases of this formula. 

(1) Let #=0. Then we obtain Lagrange's formula 


f(x) =F (x0) +f" (8) (x4) 


which thus is a special case of Taylor’s formula. 
(2) Let n=1. Then 


f(x) =F %0) FF (Xe) (x) + ® (x— x, 


If we discard the rdmainder in this formula we arrive at the 
approximation to the value of the function f(x) at the point x 
obtained in Sec. 53 (where the first differential was applied to 
approximate calculations): 


f (x) & F (Xo) +f (Xo) (X— 0) 


In this case the function f(x) is replaced by a linear function. 

Lagrange’s form of the remainder R,, (x) cannot be used for the 
exact computation of the value of R, (x) since the exact location 
of the point — at which the n-+-1 derivative is taken is unknown. 
Therefore formula (**) is usually applied to estimate the remain- 
der R,(x) and the error introduced when it is discarded. Such an 
estimation is based on the following property: 

Let the derivative f'\"* (x) satisfy the condition 


FFD (xX) I< Maas 


(where M,,, is a positive number) in the Interval for which Tay- 
lor’s formula is valid. Then, for any value of x from this inter- 
val, the remainder R,, (+) satisfies the inequality 


— Xo n+1 
IR, (2)1< M, Ree ‘a 
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Indeed, by the theorem proved above, we have 


as n+1 | 
[Ro (2) =| P08 (8) ares |= geal P< 
| x— Xp \n+1 
S Masi pip 


194. Expanding Functions into Taylor’s and Maclaurin’s! Se- 
ries. The expansion of a given function f (x) into Taylor’s series 
in the vicinity of a point x, reduces to the following two stages: 

(1) Under the assumption that the function f(x) is infinitely 
differentiable the values of f(x) and of its derivatives at the 
point x, are computed and the Taylor series for the function f (x) 
is formed. 

(2) The interval in which the constructed Taylor series conver- 
ges to the function /(x) is determined, that is the range of the 
values of x for which the remainder R, (x) in Taylor’s formula 
tends to zero, as n-+oo, is found. For this purpose the follo- 
wing theorem is often of use. 

Theorem. If the absolute values of all the derivatives of the 
function f(x) have a common upper bound for an interval con- 
taining the point x, the function f(x) can be expanded into Tay- 
lor’s series in this interval. 

Proof. By the hypothesis, 


Phe" I< M 
for all the points of the interval in question where M is a con- 
stant independent of 2. We must prove that the remainder R, (x) 


tends to zero as n—~+oo for all the points of this interval. 
By virtue of inequality (***) of Sec. 193, we have 


= na 
IR, (x) |< Mee 
Since the ratio tends to zero for n—+ oo (see Sec. 189, 
Example 1) it follows that 


lim R, (x)=0 


i> @ 


|x—Xo |” 


for all the points x of the interval, which is what we had to prove. 

The expansion of a function in powers of x is most frequently 
used. In this case we put x,=0 in Taylor's series to obtain the 
series 


Fx)=FO)+F Oe + Org 4 OO yn 


A series of this type which is a particular case of Taylor's series 


1 Matlaurin, C. (1698-1746), a Scotch mathematician, 
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is traditionally called Maclaurin’s series although this is histori. 
cally incorrect. 

Let us consider the expansions of elementary functions in po- 
wer series. 

I. The exponential function e*. Let us expand the function 


f (x) =e* 


into Maclaurin’s series. All the derivatives of e* coincide with e 
and take on the value 1 at the point x0. Therefore Maclaurin's 
series takes the form 


bee or apf ese a ee , and thus 
2 3 nt 
ea lteta tat... tata (*) 


Let us consider an interval [—N, N] where WN is an arbitrary 
fixed number. For all the values of x from this interval we have 
e* << eN=M. Consequently, the absolute values of the derivatives 
of the function f(x)=e* have the common upper bound M =e’, 
and the theorem proved at the beginning of this section implies 
that lim R,({x)=0. The number N being chosen quite arbitrarily, 


lr @ 
we conclude that the function e* can be expanded into Maclaurin's 
ahs for all the values of x, i.e. throughout the Ox axis. 
Thus, 


e=ifepe e+... fZ 4... (-0o<r<e) (1) 


The fact that the radius of convergence of series (I) is equal 
to infinity was proved earlier (see Sec. 189, Example 1). The result 
established here additionally states that the sum of this series is 
equal to e* for any x. 


@ 

e ri} eo e ] 

In particular, tor x=1 we obtain the numerical series Dy “i 
n=O 


convergent to the number e: 
] I J 
ae se eh ee ae 


If. Trigonometric functions sinx and cosx. Let us expand the 
function sin x into Maclaurin’s series. To this end, we consecutively 
find the values of its derivatives at the point +=0: 


f (0) = (sin x),..=0, f' (0) =(cosx),20=! 
P’ (0) =(—sinx),_,=0 
i (0) =(—cos x),_,=—l, fi¥ (0) = (sin X),2o= 0, etc, 
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We see that the values of the derivatives form the periodic sequence 
0, 1, 0, —!I, 0, 1, 0, —l, ... 


Any derivative of the function sinx (if is equal to -+-cosx orto 
+sinx) does not exceed unify in its absolute value. Consequently, 
the Maclaurin series of the function sinx converges to this function 
throughout the x-axis. 


Thus 
; Coe any Seat 
sin ttm a Bm ee FHI) ‘Gani (2) 
(—w<x<~) 


The expansion of the function cosx into Maclaurin’s series is 
found quite analogously (this series also converges to cos x 
throughout Ox): 


coset —F+o—...f(—1 s+... (3) 
(— 0 <*¥< om) 


Note that the Maclaurin series of the odd function sin only 
involves odd powers of x and that of the even function cosx only 
even powers of x. 

The possibility of expanding the functions e*, sinx and cosx 
into Maclaurin’s series has been easily proved since all the deri- 
vatives of these functions can readily be computed. They all turn 
out to be bounded within any fixed interval of the axis Ox, and 
therefore the series obtained are convergent to the corresponding 
functions throughout Ox. 

When the remainder is of a more complex structure and 1t is 
difficult to investigate its behaviour (in particular, when the theo- 
rem proved above is inapplicable) the convergence of Taylor's 
series to the given function can be tested in the following way. 
We first form the Taylor series of the given function f(x) and 
determine its interval of convergence and then try to prove that 
the remainder in Taylor’s formula tends to zero for the values 
of x belonging to the interval of convergence. There is no need 
in investigating the remainder for the values of x lying outside 
the interval of convergence since it cannot tend to zero for these 
Values. 

Usually we deal with functions f(x) whose Taylor series con- 
verge to them throughout the interval of convergence. An example 
of a function for which this is not the case was discussed on p. 694. 

Ilf. The binomial series. Let us expand into Maclaurin’s series 
the function 


f (x)= (1 +)” 
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where m is an arbitrary real number?. In this case we have 


ih a@=am(l+xet, P(x) =m (m— 1) (14+ 4)773, 0 0, f= 
= m({m—})...(m—n+l)(l14+x)"-", ... 


Therefore, f(0)=1, f’'()=m, f’'(0)=m(m—l), ..., f'™(0)= 
=m(m—1!)...(m—n-+1). Hence, Maclaurin’s series is written as 
(apie onl Ea i ihaead 0 dara (NY MED yt 4. aoe 
The latter expression is called the binomial series. Let us begin 
with determining the domain of convergence of this series. To 
this end we find the limit of the absolute value of the ratio of 

its two successive terms: 


. m(m—1l)...(m—n--1)(m—n) _, m(m—I)...(m—natlh) oj \o}_ 
4 eae 5) lamas amma catia 
=|x]lim Fes 


n+ | 


Thus, according to D’Alembert’s test, fhe series is convergent 
for |x| <1 and divergent for |x|> 1}. 

Now we pass to the investigation of the remainder confining 
ourselves to the case O<x<l. For this interval and for all 
n> m—lI we have 








=| 


(1p xyer" t= aoc < | 


and, consequently, 


| FPF) (x) f=] mm (m—1).. .(m—n) + x)? 7-8-1] < 
<|m(m—1l1)...(m—n)| 


The theorem proved at the beginning of the present section is 
inapplicable here since the upper bound we have found és depen- 
dent on n. Let us use inequality (***) established in Sec. 193: 


—1)...(m— 
IR, (x) |< got 
The right member of this inequality is equal to the absolute value 
of the (n+-1)th term of the power series whose convergence for 
|x| < 1 has just been proved. Hence, lim R,(x)=0 for O<xk<l. 


The corresponding proof for the interval (—!, 0) involves some 
more sophisticated considerations which we do not present here. 


1 We take the expansion of (1+-x)” but not of the power function x” since 
if m is not a positive integer or zero then, beginning with a certain order, the 
derivatives of x™ do not exist at the poiat x=0. 
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Thus, the binomial series is convergent to the function (1 +x)" 
in the interval (—1, 1): 


(Ixy? tmx + SED yet, 
coe fp BEE ete (met) (4) 


it 

If m is a positive integer then of course the series on the right- 
hand side of (4) contains only m-+1 nonzero terms and thus turns 
into Newton's binomial formula. Here we do not investigate the 
convergence of series (4) at the end points of the interval (—1, 1) 
and only mention that if m> 0 the series is convergent to the 
function (1-+- x)" throughout the closed interval {—1, 1]. 

Let us write down the binomial series corresponding to the 


exponents m=—l, m=> and m=—> which are frequently 


used (in the parentheses we indicate the intervals within which 
these expansions are valid): 

<= I— xe x?@— xP (tert (lx); 
(the series on the right is the geometric series with ratio —x); 
Vi-x=! thet t tt aes 


13-5...Qn—3 
cee b(t PE et (xs) 





. on 
1 _ | 1-3, 1-3-5, 1-3-5-7 P 
Vi+x = 2 Xb aqt —~3.4.6~ + 54608* a. 


1-3.5...(2n-—] 
..e +(—l)" ep oe (—l <x< 1) 


There are various functions whose expansions into Taylor’s or 
Maclaurin’s series can be found by using the expansions already 
known and the properties of power series. Examples below de- 
monstrate these techniques. 

IV. The functions In (1-{- x) and arc tan x. To expand the function 
f (x) =In(1-++x) into Maciaurin’s series we make use of the formula 
for the sum of the geometric series 


I 


Pag Pet matt (lett... 


(—l<x< 1) (*) 





1 The function y=Inx cannot be expanded into Maclaurin's series at the 
point x=0 since it is discontinuous at that point. 


704 Ch. XI. Series 


Let us apply the theorem on the termwise integration of power 
series. Since 





\;- In(1 +x) = In(1 +x) 
0 


the integration of series (*) from 0 to x results in 
2 3 4 fn 
In(i--x)=x—S45—F4+... 4 (It t+... 
(—l<x* <1) (5) 


Series (5) diverges for |x{> 1 and also at the point «=—I, 
and therefore does not represent the function In(1+.x) for these 
values of x. The series is convergent at the point x=1, and the 
additional remark to the first property of power series made in 
Sec. 190 indicates that its sum is continuous (from the left) at 
the end point x= 1. Therefore expansion (5) remains valid for 
ce 


l l l ] 
In 2 = aaa a aa ear We iaine (eel) eee 


The series on the right converges very slowly and is therefore 
inapplicable in practical computation of In2. Using the estima- 
tion given in Leibniz’ test for alternating series we readily find 
{hat in order to compute In2 to an accuracy of 0.00001 with the 
aid of this series we should take 100,000 terms, which is sense- 
less from the point of view of practice! Later on (see Sec. 195) 
we shall show that an appropriate transformation of this series 
(which accelerates its convergence) makes it possible to achieve 
the desired accuracy in the computation of In 2 with an essential 
reduction of the amount of calculations. 

The expansion of the function arctan x into Maclaurin's series 
is found completely analogously. To this end we substitute x 
for x in the sum of geometric series (*) to obtain 


I 
| -{- x? 


On integrating series (**) from 0 to x (|x| <1) we receive 
3 b 7 tn—1 
arc tans =x —S 44, + (1) = — ee 


(—I<4< 1) (8) 


This series remains convergent at the end points of the interval 
of convergence, and therefore expansion (6) is also valid for 
x=-+1. Substituting the value x=1 into this series we obtain 
the representation of the number x in the form of the numerical 





mtx ptt (Mt. (HD <x cl) 
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series 


Jt 
arctan l= z= l—-4+p—s 


It is advisable to memorize formulas (1)-(6) and the correspon- 
ding intervals of convergence of the expansions since there are 
many other functions whose expansions info power series can be 
found by using these formulas. 

Let us consider several examples. 

Examples. (1) Let us expand into Maclaurin’s series the hyper- 
bolic functions coshx and sinhx. To this end, we take series (1) 
for the function e* and replace x by —vx; this yields 


eta l—xp 5 4 vad +(—1)"=-+ sae 


Now, using the addition and subtraction rules for series we find 
the desired expansions valid for all the values of the argument x: 


_ e-fe-* ae xen 
coshx = 5 =Itgtat---tapt:: 





and 
ex —e-X y2n~l 


‘ xe gb 
sinhx = 5 =*+atat---taopt::: 


(2) Let us expand into Maclaurin’s series the function 





y=e-* 
We again take the expansion of the function y=e* and substi- 
tute —x* for x into it, which results in 
, xt x8 
err = l—-+5-—-+ oss 
This expansion is valid throughout the x-axis. 
(3) Let us take the function 


x 
|] —x? 





y= 


and expand it into Maclaurin's series. In this case we make use 
of the binomial series for m=——, that is, of the expansion of 


the function 





(see the examples above); on replacing x 





VY l-+x 
by —x? in this series we receive 
l ] 1-3 1-3-5 
Via ee ae ae ‘ee (***) 


45—2280 
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t us apply the theorem on the termwise integration of pone 
series. Since 


(de ae | 
\ =i +2), = In (+2) 
5 


the integration of series (*) from 0 to x results in 


iInipaxjex—F4F—F4....4(-1yprZ4... 
(—1< x <1) (9) 


Series (5) diverges jor jx]>1 and also at the point x=—l, 
and therefore does not represent the function In(1~xj fer thes 
yalues oi x. The series is convergent at the point x=1, end the 


aaditional remark to the first property of power series me¢e in 
Sec. 190 indicates that its sum is continuous (from the left} et 
the end point x=1. Therefore expension (5) remains valid fe: 


A= 212 


The series on the right converges very slowly and is therefore 
inapplicable in practical computation of In2. Using the estime- 
tion given in Leibniz’ test for alternating series we readily find 
that in order to compute In2 to an accuracy of 0.09901 with the 
aid of this series we should teke 100,000 terms, which is senze- 
less irom the point of view of practice! Later on (sce Sec. 15) 
we shall show that an appropriate transformation of this serie: 
(which accelerates its convergence) makes it possible to echieve 
the desired accuracy in the computation of In 2 with an essentia! 
reduction of the amount of calculations. 

The expansion of the function arctan x into Maeclaurin’s series 
is jound completely analogously. To this end we substiiute x 
tor x in the sum of geometric series (*) to obtain 


] 


pap latte t... (Nett... (12g 


On integrating series (**) from 0 to x ({x][<1) we receive 


gent 


, ee ee a 2 
are tanz=x—>+2—S+... 4+(—1y A aia 


(—-I1<x< 1) (6) 


This series remains convergent at the end points oi the interval 
of convergence, and therefore expansion (6) is also valid for 
x=]. Substituting the value x=] into this series we oditzin 
the representation of the number a in the jorm of the numerical 
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tive we can try to construct a dominant series with a known 
sum for the remainder of the given series (for this purpose we 
most often use a geometric series). 

In practice the estimation of the terms of the remainder series 
is often more convenient than the investigation of the general 
expression for the remainder term (i.e. for the sum of the remain- 
der series) since the latter requires the knowledge of the deriva- 
tive of the corresponding order of the given function in the whole 
interval in question. A power series expansion of a function can 
sometimes be found by combining series already investigated 
without computing the derivatives. These techniques are illustra- 
ted by the examples below. 

Examples. (1) We have 


2 n 
emlt+xet+ot+...45 


Using this approximate formula for an interval (0, M] where M 
is an arbitrary fixed number and taking into account that the 
greatest value of the derivative f**"(x)=e* attained on this 
interval is equal to e” we can apply the theorem on estimating 
the remainder to obtain 

enti 


Rn) < eh aM 


This estimation is inconvenient since it involves the number e%, 
Moreover, it may prove excessive since e” is the greatest value of 
the derivative f+!) (x) —e* for the whole interval {0, M}. 
For M=1 we obtain’ 
xnt+. ntti 
Rr (x) < ety <3 Oi 
For example, let us estimate the number of terms needed for 
computing the number e to within 0.00001. Here we put x=1 
and obtain 


3 . 
(n-+ 1)! <10- 
tt is readily checked that this inequality holds for n=8. 


T= — <10-°. Taking into account the errors of the arithme- 


tical operations we conclude that to compute the number e with 
the desired accuracy and to avoid the accumulation of rounding 
errors we must evaluate all the terms in the sum 


l l 
emltltotat ... +g © 2.71828 


1 For the sake of simplicity we intentionally increase the right-hand side. 
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The required expansion of the given function is now obtained by 
multiplying both sides of equality (***) by x°: 

x? l 1-3 
aad eek be Xa oe 


V I—x 


; (4) Let us find the expansion in Maclaurin’s series of the func- 
ion 





y=arcsin x 


Since 
x 


=arcsinx 








V I—x? 


x 
dx : 
= arc SInNx 
0 





0 


the expansion of arc sin x is readily found by integrating series (***): 


; 1x3 1-3 x5 | 1.3.5 x? 
arc SINX=X+yatryg se toe TT creed 


The latter expansion is valid for the closed interval {—1, 1]. 
(5) Let us expand into Maclaurin’s series the function 


y=e* sinx 


The Maclaurin series of the functions e* and sinx being absolu- 
tely convergent, the sought-for expansion can be obtained by the 
multiplication of these series according to the rule stated at the 
end of Sec. 186. In this case it is difficult to derive the general 
expression for the nth term of the resultant series and we only 
compute the first several terms: 


Xx of 2, * 
e~sinx=x+x +a 739 ++: 
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195. Approximate Computation of Values of Functions. Suppose 
that the values of a given function f(x) and of its successive 
derivatives at a point x, are known and that we managed to prove 
that the function /(x) can be expanded into Taylor's series in a 
neighbourhood of the point x,. Then the precise value of the func- 
tion f(x) in the vicinity of the point x, can be found by means 
of Taylor’s series and an approximation to this value can be 
obtained if we take a partial sum of the series. The error of such 
an approximation can be estimated on the basis of the general 
theorem on the estimation of the remainder stated in Sec. 194 or, 
if this theorem proves inapplicable, by investigating directly the 
expression of the remainder. For instance, if the resultant series 
is alternating we can use Leibniz’ theorem; if the series is posi- 


§ 5. Some Applications of Taylor's Series 707 


tive we can try to construct a dominant series with a known 
sum for the remainder of the given series (for this purpose we 
most often use a geometric series). 

In practice the estimation of the terms of the remainder series 
is often more convenient than the investigation of the general 
expression for the remainder term (i.e. for the sum of the remain- 
der series) since the latter requires the knowledge of the deriva- 
tive of the corresponding order of the given function in the whole 
interval in question. A power series expansion of a function can 
sometimes be found by combining series already investigated 
without computing the derivatives. These techniques are illustra- 
ted by the examples below. 

Examples. (1) We have 

x ~~ x? xr 
ewl+x+o+...45 
Using this approximate formula for an interval [0, M] where M 
is an arbitrary fixed number and taking into account that the 
greatest value of the derivative f"t!(x)=e* attained on this 
interval is equal to e’! we can apply the theorem on estimating 
the remainder to obtain 


ats 
Rn) <0" GEM 


This estimation is inconvenient since it involves the number e*, 
Moreover, it may prove excessive since e”! is the greatest value of 
the derivative f+!) (x)= e* for the whole interval (0, M]. 

For M=1 we obtain? 

nti n+l 
Ri) <¢ apm <3 @ TT 

For example, let us estimate the number of terms needed for 
computing the number e to within 0.00001. Here we put x=1 
and obtain 


3 2 
(n-+-1)! <10- 
It is readily checked that this inequality holds for n=8. 


a= aaag < 107°. Taking into account the errors of the arithme- 


tical operations we conclude that to compute the number e with 
the desired accuracy and to avoid the accumulation of rounding 
errors we must evaluate all the terms in the sum 


l 
ewltlpotat... tg © 2.71828 


1 For the sake of simplicity we intentionally increase the right-hand side. 
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with an accuracy of 10-*. This results in an approximation to the 
number e correct to six decimal places. 1 

Let the reader verify that in order to compute Ye =e? with 
the same accuracy it is sufficient to take n=6, that is to eva. 
luate seven summands. Generally, the smaller the index of the 
power of e, the smaller the number of terms in the approximate 
formula providing the required accuracy. 

Now we shall show how the whole Taylor series of e* can be 
used for estimating the error R, (1): 


I ] 
Ri) = Gait wap t = 
-aen |! +agrteppecyt- |< 
(n-+ jl n+2 * (n+2)(n+3) 6 °°" 


1 1 l 
<qem + aerteeyt |=a Nan 
n+l 
We have thus found the upper bound — for the absolute er- 


tor which is almost three times as accurate as the value ae 


n+)! 
obtained earlier. a 

Let us compute approximations to the values of the functions 
sinx and cosx with the aid of their power series expansions. In 
this case the approximate formulas are extremely precise and the 
error is easily estimated by means of Leibniz’ theorem. Taking 
partial sums of the Maclaurin series of the function sinx and 
uae that x>0 we obtain, in succession, the approximate 
ormulas 


; Bo 
sinxwx, |R,(x)| <> 
‘ a” 4 
sinxVx—=, IRAQI <TH 
; , x? 
Sin x BL—-— + 95» | R, (x) ] < is 


The first and the third formulas provide major approximations 
to the values of sinx and the second gives a minor approximation. 
Let the reader check that to compute the values of sinx with 
an accuracy of 0.0001 we should use the first formula for 
the interval 0<x< 0.08, the second formula for the interval 
0.08 <x < 0.4 and the third for 0.4<x<0.9.! 


1 Accordingly, in the sexagesimal measure, these Intervals are (0°, 4°39’), 
(4°30", 23°) and (23°, 52°) (the boundaries of the intervals are computed appro- 
ximately), 
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Fig. 249 illustrates the graph of the function y=sinx and the 
graphs of the approximating Taylor polynomials 


pad xs xo 
y=x, Y= X— Se and ¥ =X—~=— +75 


in the vicinity of the point x=0. 





For the function y=cosx we similarly obtain the approximate 
formulas 


x2 
cosx@ 1, [Ro(x)|< > 
2 x4 
cosx vw 1—=, [R2 (x)|<ay 
2 xf x8 
cosxvI—S+a, [Ry (@) | < 755 
The first and the third formulas give major approximations and 
the second gives a minor approximation to the values of cosx. 


Y=f- dz Sad 






y-I-fz 
Fig. 250 


In Fig. 250 we see the graphs of the function y=cosx and of 
the approximating Taylor polynomials 
x? Xe. et 
y=1, y=1—Z and y=1-—3+H 
in the neighbourhood of the origin. 
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(3) Let us take the power series for In(}-+ x) derived earlier: 
In(I+x)=x-3+5-... (—l<x<1) 

The rate of decrease of its coefficients as n—+oo is much lover 
than that of the coefficients of the Maclaurin series of the func. 
tions e*, sinx and cosx, and therefore the convergence of the 
series is much slower. For instance, as was mentioned, Leibniz’ 
test for alternating series shows that to compute In 2 with the 
aid of this series fo an accuracy of 0.00001 it is necessary fo 
take not less than 100,000 terms of the series, which is not reali- 
zable practically. 

Let us show how the convergence of this series can be accele- 
rated. To this end we replace x by —x and write down the «- 
ries for In(1—-x). On subtracting the latter series from the Mac- 
Jaurin series of In(i+x) we obtain 
] + I 


1 
In 1t%— 9 (x+aetget ees (~l <x <) 





This formula enables us to compute the logarithm of any positive 
number. Indeed, if x ranges within the intervel of convergence 
of the series (i.e. xE€(—I1, 1)) the value of the continuous 





function ae runs through the whole interval (0, oo). Let us apply 
this series to compute In 2. If rt =2 then x=—. The nth par- 
tial sum of the series gives us the approximation 
Por Sak, ae I I 
In2w2(sta-get. tery‘ He) 
To estimate the error we use the inequality 
| 1, 
2 (sory ger tae ger ale 
2 ae _ 
S Ga $3)-oF (1 ToT gre >» 


= 2-9 _ i 
— (Qn+-3)-327 43.8 4 (In + 3)-gm-} 


Let us determine the value of a for which the error does not 
exceed 0.00001. We must have the inequality 

4 (2n + 3)-374*1 > 10° 
which is fulfilled beginning with n=4. Thus, 


] 1 31,1 443 
In2~ 2 (s+5 , ats . a7" TZ ar) =~ 0.693144 
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We see that it is sufficient to take only five terms of the new 
series (instead of 100,000 terms of the original series) to compute 
the desired value In 2 with the same accuracy. 

To apply this series to the computation of In (N-+-1) procee- 
ding from the value of InN already found where N isa positive 


integer we should put x= in the series, which leads to the 
formula 





l 
2N +1 


N+1 = 1 ! 
int = In (N+ 1)—InN =2 (sy 54-5: ost 2) 


serving for practical computation with an arbitrary accuracy of 
the logarithms of positive integers. 

196. Integrating Functions. Application of Taylor’s Series to 
Differential Equations. 

I. Integrating functions. Suppose that it is required to find the 
integral 

P 4 
F (x)= f(x)dx 


a 


where the integrand f(x) is a function whose Taylor series is 

known, the limits of integration lying within the interval of con- 

vergence of the series. Then it is allowable to integrate the series 

termwise. This results in the Taylor series of the function F (x) 

whose radius of convergence coincides with that of the series for 
x 


the original function / (x). If the integral | F(x) dx is expressible 


as an elementary function F(x) we thus obtain its expansion into 
Taylor’s series. For instance, this was the case in the examples 
where we found the expansions of the functions In(1-+~), arctan x 


and arcsinx. If the integral F(x) dx’ is inexpressible in terms of 


elementary functions (see Sec. 85) the new series expresses the 
nonelementary function F(x) in terms of basic elementary functions 
(i.e. in terms of power functions) but with the aid of an infinite 
number of elementary operations. 

It should be noted that the application of the theorem on the 
estimation of the definite integral makes it possible to estimate 


the remainder term of the series for the integral F(x) = f (x) dx 


if an estimation for the remainder of the Taylor series of the 
integrand function f(x) is known. 
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(3) Let us take the power series for In(1—+x) derived earlier: 
In(l-x)=x—S45— 0. (-1 <<) 


The rate of decrease of its coefficients as n—+co is much lower 
than that of the coefficients of the Maclaurin series of the func. 
tions e*, sinx and cosx, and therefore the convergence of the 
series is much slower. For instance, as was mentioned, Leibniz’ 
test for alternating series shows that to compute In 2 with the 
aid of this series to an accuracy of 0.00001 it is necessary to 
take not less than 100,000 terms of the series, which is not realj- 
zable practically. 

Let us show how the convergence of this series can be accele- 
rated. To this end we replace x by —x and write down the se. 
ries for In(1—x). On subtracting the latter series from the Mac- 
laurin series of In(1-+-x) we obtain 
ets 
ates 2 (<-+ a Of exe ss ) (—l<x<]) 


1—x 





In 


This formula enables us to compute the logarithm of any positive 
number. Indeed, if x ranges within the intervel of convergence 
of the series (i.e. x€(—1, 1)) the value of the continuous 


function + runs through the whole interval (0, co). Let us apply 


]—x 
+4 


this series to compute In 2. If ste = 2 then x=z. Thenth par- 


tial sum of the series gives us the approximation 
1,1 | ] J 

a ~=—_ o-oo @ paneer! Os e nummy @§ édEcitemeote 

In2 2(3 rz gee Til ee) 


To estimate the error we use the inequality 





i re I 
2 (sr ' Bents T Ona 5 ginte t.J< 
jn | I I { \_ 
(Qnpsy anes) Par tart |= 


a 2-9 
~ (2n-+-3)-329 43.8 — 4 (2n 4 3)-genet 


Let us determine the value of n for which the error does not 
exceed 0.00001. We must have the inequality 


4 (2n-+-3).32"+1 > 103 
which is fulfilled beginning with n=4. Thus, 


wel) Lat, ED PE EN 44 
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We see that it is sufficient to take only five terms of the new 
series (instead of 100,000 terms of the original series) to compute 
the desired value In 2 with the same accuracy. 

To apply this series to the computation of In (N+-1) procee- 
ding from the value of InN already found where N is a positive 


integer we should put x= in the series, which leads to the 
formula 





1 
IN+1 


] 
2N +1 








N+1 ; as Lene 
Int =in(N +1 =2(5 5 +5 oa) 


(2N +1) ry a @e 


serving for practical computation with an arbitrary accuracy of 
the logarithms of positive integers. 

196. Integrating Functions. Application of Taylor’s Series to 
Differential Equations. 

I. Integrating functions. Suppose that it is required to find the 
integral 


F (x)= \ f (x)dx 


where the integrand f(x) is a function whose Taylor series is 
known, the limits of integration lying within the interval of con- 
vergence of the series. Then it is allowable to integrate the series 
termwise. This results in the Taylor series of the function F(x} 
whose radius of convergence coincides with that of the series for 


the original function f(x). If the integral ( f (x) dx is expressible 


as an elementary function F(x) we thus obtain its expansion into 

Taylor’s series. For instance, this was the case in the examples 

where we found the expansions of the functions In(1-+-x), arctan x 
> 4 


and arcsinx. If the integral \ Fe) dx is inexpressible in terms of 


a 
elementary functions (see Sec. 85) the new series expresses the 
nonelementary function F (x) in terms of basic elementary functions 
(i.e. in terms of power functions) but with the aid of an infinite 
number of elementary operations. 
It should be noted that the application of the theorem on the 
estimation of the definite integral makes it possible to estimate 


= 


the remainder term of the series for the integral F (x) =§ f (x) dx 


if an estimation for the remainder of the Taylor series of the 
integrand function f(x) is known. 
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Examples. (1) Consider the integral 


; i 
SIN xX 
(de 
0 
Dividing the Maclaurin series of sinx by x we obtain 


sinx x? x‘ 
po apt pp 





This series, like the series for sinx, is convergent throughout 
the Ox-axis. The integration yields 
x 


sinx x3 x5 
J g k= k— aa tae 


There exists no elementary function to which the latter series con- 

verges, it specifies a new nonelementary function by means of an 

infinite number of arithmetical operations. By the way, this 

junction is used in some divisions of theoretical physics, being 
x 


denoted as Si (x)= SE ay and called the sine integral. There 


are extensive tables of values of the function Si (x) compiled with 
the help of the series obtained here. 


(2) In the theory of probability an important role is played by 
the function 


called Laplace’s function or the probability integral. 
This integral cannot be computed in the finite form since 


(eT ds is inexpressible in terms of elementary functions. Let 


us expand the integrand into a power series; to this end, we 
substitute —> for x into the expansion of e’*: 


= 2 4 
Ca RE 
. lS tara att 


The term-by-term integration now yields the representation of the 
function (x) in the form of the infinite series 


2 x3 x5 x? 
OW)=V5(*—at serait) 
convergent throughout the Ox-axis. It converges particularly 

rapidly for |x|<l. 
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(3) Let us compute the integral 





The indefinite integral { Ta is expressible in elementary fun- 


clions, and it may seem that there is no need in expanding the 
integrand into a power series. But the matter is that the expres- 
sion of this integral is rather complicated and therefore incon- 
venient for practical calculations: 
dx I atxYo2+1 , V2 xV2 
\ree= a 1 a or ee Mor arctan yi tC 


At the same time, the series expansion 


aie 1—x?-+- x8 —x2 4... 


of the integrand immediately gives us 
i 








+ 
dx ] }\s |] 1\°* 1 
repea—(s) sta) a 
If we confine ourselves to the first two terms of the series (the 


corresponding error then does not exceed (=) = = 0.0002 ) we 
obtain the approximation 


] = 


dx 
1+ x! 


II. Solving differential equations. We shall consider the appli- 
cation of power series to solving differential equations. Let there 
be given a differential equation with some initial conditions 
specifying a particular solution?. Suppose that this particular 
solution can be expanded into a power series in the vicinity of 
the point x, for which the initial conditions are set. Such a series 
arranged in ascending powers of the difference x—-, is written’ as 


y=a,+a, (x—x,) +a, (x—x,)? +... 
Regarding a, a,,... as undetermined coefficients we can differen- 
tiate this series as many times as the order of the differential 


oz 0.4938 





eT) 


1 Power series sometimes also enable us to find the general solution of a 
differential equation but we do not treat this question here referring the reader 
to special books, for instance to [12}. 
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Examples. (1) Consider the integral 
(82 ae 
x 
0 
Dividing the Maclaurin series of sinx by x we obtain 


sinx x? x‘ 
g lata: 





This series, like the series for sinx, is convergent throughout 
the Ox-axis. The integration yields 
Zz 


sin x x3 x6 
‘em dx=i1—s bee... 
There exists no elementary function to which the latter series con- 
verges; it specifies a new nonelementary function by means of an 
infinite number of arithmetical operations. By the way, this 
function is used in some divisions of theoretical physics, being 
x 





denoted as Si (x)= ms dx and called the sine integral. There 


0 
are extensive tables of values of the function Si (x) compiled with 
the help of the series obtained here. 


(2) In the theory of probability an important role is played by 
the function 


called Laplace's function or the probability integral. 
This integral cannot be computed in the finite form since 


(eT de is inexpressible in terms of elementary functions. Let 


us expand the integrand into a power series; to this end, we 
2 
substitute — for x into the expansion of e*: 


-— 2 4 6 
RR RE oil as 
e f= l— pte eat 


The term-by-term integration now yields the representation of the 
function @(x) in the form of the infinite series 


2Q x xs x 
D()= Vz («35+ sgen—reeait ae) 
convergent throughout the Ox-axis. It converges particularly 
rapidly for |x|<1. 
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(3) Let us compute the integral 


a 
[+-x 


Oty ba] me 


The indefinite integral (= is expressible in elementary fun- 
clions, and it may seem that there is no need in expanding the 
integrand into a power series. But the matter is that the expres- 
sion Of this integral is rather complicated and therefore incon- 
venient for practical calculations: 
f dx ly itxVY2+1 , V2 
[te ag papas l—zi 
At the same time, the series expansion 
1 


jeg tle see 





oj the integrand immediately gives us 
i 


2 
dx | 1\e 2, /1\8 1 
\ rea=2—(z) -s+(3) ‘ge a 
If we confine ourselves to the first two terms of the series (the 


corresponding error then does not exceed (=) < ~ 0.0002] we 
obtain the approximation 


[- 


_ dee 


irs ~ 0.4938 
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I]. Solving differential equations. We shalif consider the appli- 
cation of power series to solving difierential equations. Let there 
be given a differential equation with some initial conditions 
specifying a particular solution?. Suppose that this particular 
solution can be expanded into a power series in the vicinity of 
the point x, for which the initial conditions are set. Such a series 
atranged in ascending powers of the difference x—- x, is written as 


y=a,+ @, (x—X,_) +4, (x—x,)? +... 
Regarding a,, @,, ... as undetermined coefficients we can differen- 
liate this series as many times as the order of the differential 


1 Power series sometimes also enable us to find the general solution of a 
differential equation but we do not treat this question here referring the reader 
to special books, for instance to [12]. 
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equation. On substituting the series obtained for the unknown 
function and its derivatives into the differential equation we arrive 
at an identity from which the coefficients of the series can be 
found. In this procedure the first coefficients of the series (their 
number is equal to the order of the differential equation) are 
determined not from this identity but from the initial conditions. 
If we manage to prove that the resultant series is convergent it 
is sure to represent the sought-for solution. In many practical 
cases there is no need in such a proof. Taking a sufficient number 
of terms of the series we can obtain an arbitrarily accurate approxi- 
mation for the solution in the form of a polynomial. 

Linear differential equations are particularly convenient for the 
application of series to finding their solutions. 

Let us demonstrate this method by several examples. 

Examples. (1) Let us solve the second-order linear differential 
equation y”—xy=0 with initial conditions y|,_,=0, y'|,_,=1. 

The solution is looked for in the form of a series in powers 
of x: 

y=a,+a,x+a,x? +a,x8+ ...+a,x" +... 
The coefficients a, and a, are found from the initial conditions: 
A =Y\xoo=9, 4 =Y' leer = 1 
On differentiating the series twice we obtain 
y” =2a,4+3-2a,x+...+n(n—l)a,x"-72+... 


The substitution of the series expressing y and y” into the differen- 
tial equation results in the identity 
2a,4-3-2asx+t...-n(n—I)a,x"-?+...= 
= AyX + A,X? 4+- ax +... +a, 5X"? +... 
The comparison of the coefficients in the same powers of x on 
both sides gives the relations 


a,=Q, a,=0, 4-3a,=1,..., n(n—I)a,=a,_, 
Therefore, 


] l 
a= 3.4? a,=0, a,=0, a,=a TF a,= 0, a,=0, 


10 =~" 3-4-6-7-9°10 
and, generally, 


Asm—1 = As, = 0, Agim +1 = 


! 
3°4-6+-7...3m(8m-+ 1) 


Hence, 


1 ys 7 Im+ 
yar tsa TET EGe Tee + 3h6-7...anQmbiy* PT es 
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Using D’Alembert’s test we readily prove that the series obtained 
is convergent throughout Ox and thus represents the desired 
solution for all the values of x. 

It should be noted that this scheme is applicable to any linear 
differential equation irrespective of its order. 

(2) Let us take the equation y’ =xy?+-1 with the initial con- 
dition y|,_, = 0. 

This equation is nonlinear, and therefore the substitution of 
the series 


y=a,+a,(x—1)-+a,(x—1P+.., ) 


for y into the equation would lead to complicated relations for 
determining the coefficients. Therefore it is advisable to use 
another technique. Let us successively differentiate the equation 
several times regarding y as a function of x: 


yf = y? + 2xyy’ 
y"”” = 4yy’ + 2xy"? + 2xyy" 
y = Gy’? + Byy" + bxy'y" + 2xyy” 


Now, putting x=1 in the equation itself and in al] these equa- 


lities and taking into account that y|,.,—=0 we find, in succes- 
sion, 

y' lexi = l, y" ee =Q, y”’ og; y) len = 6 
Since 

| 
a=Y\.-1=9, a=y" Len. = I, 0, =o YW" lear =O, 
Loge l l l 

ag=a 9 lear=3 Q= Gy lei =F 

we have 


= —_. 1}4 
ye (x—1) +25, eoY 


We did not derive the general formuld for the coefficients of 
series (") and therefore cannot test it for convergence. In many 
practical cases a polynomial thus constructed provides a suffi- 
ciently accurate approximation to the sought-for solution in 
a small neighbourhood of the initial point (in our case this is 
the point x=1). The validity of such an approximate solution 
is usually checked by comparing it with experimental data rela- 
ted to the concrete problem leading to the differential equation 
under investigation. 
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§ 6*. Some Further Topics in the Theory 
of Power Series 


197*. Power Series in Complex Argument. Most facts of the 
theory of real series we have studied are extended almost without 
changes to series whose terms are complex numbers. To consider 
this generalization we first of all state the definition of the 
limit of a sequence of complex numbers; the relationship bet- 
ween this definition and the definition of the limit of a real 
sequence is coherent with that between the definition of the 
limit of a complex function of a real argument (see Sec. 73) 
and the definition of the limit of a real function. 

Definition. A complex number Z is called the limit of a se- 
quence of complex numbers 2,, 29, vo«y 2ny oes Uf, given an 
arbitrary positive number e, there is a number AN such that the 
inequality n> WN implies the inequality 


|z,—Z|<e 


If z,=x,+iy, and Z=a+ib then |z,—Z|]=V (x,—a)*+(y,—b), 
whence it follows (like in Sec. 73) that the existence of the 
limit lim z,=Z is equivalent to the existence of the limits 


t-> Om 
of the sequences of real numbers lim x, =a and lim y,=0. 


n—-> @ n> © 
This definition allows us to generalize, without any changes, 
the definition of the convergence of a real series to series with 
complex terms. 
A series 


w+wet...-w,+... (*) 


with complex terms is said to be convergent if there exists the 
limit of the sequence of its partial sums. 

The convergence of series (*) is equivalent to the convergence 
of the two series with real terms 


Ustut...tu,+... and v,+u,+-...+4+4,+... 
where u, and vu, are, respectively, the real and the imaginary 
parts of the nth term of the given complex series: w,=u, +iv,. 

f the series formed of the absolute values of the terms of 
series (*), that is the series 


\w,(4+|w.j+...+]a,|+... 


is convergent the original series is also convergent (in this case 
it is said to be absolutely convergent). This assertion is an im- 
mediate consequence of the inequalities|u, |< |w,| and |v, /<|u,|. 

Now, let z=x-+iy be a complex variable. Since we know (see 
Sec. 72) how a complex number is raised to the power n where a 


§ 6. Some Further Topics in the Theory of Power Series 717 


is any positive integer we can consider the power function 
w= 2" 


(where n is a positive integer) of the complex argument z. 

In contradistinction to complex functions of a real argument, 
in this case both the independent variable and the function assume 
complex values. In our course we shall not present the general 
theory of functions of a complex variable referring the reader 
to special books, for example to [3], [16], [19], and confining 
ourselves to the definitions of the simplest functions of a com- 
plex argument based on power series. 

Consider a power series in the complex argument 2z: 


Ajtaz+a,z?+...+a,27+... (**) 


where the coefficients a,, a,, ..., a,, ... Of the series are arbi- 
trary complex numbers. It turns out that Abel’s theorem (see 
Sec. 189) is readily generalized to series (**): if series (*) is 
convergent at a point z, it is absolutely convergent for ali z's 
whose moduli are less than the modulus of 2z,: fel<[eah From 
Abel’s theorem it follows that there exists a real number R such 
that power series (**) is absolutely convergent for all the values 
of z satisfying the inequality |z]< R and is divergent for all 
z's such that Fe R. The inequality |[z|< R specifies a circle 
of radius R with centre at the origin in the complex z-plane; 
the number R is called the radius of convergence of series (**) and 
the circle |z]< R is its circle of convergence. 

The radius of convergence may be equal to zero; then se- 
ries (**) is only convergent at a single point, that is at the 
origin. A complex power series can also be convergent through- 
out the complex plane; thert we say that its radius of conver- 
gence is equal to infinity. 

The sum of a complex power series represents a function of 
a complex argument within its circle of convergence; such fun- 
ctions are termed analytical. 

The power series 


Lett. to+... (*9*) 


is convergent throughout the complex plane. This follows from 
the fact that it is convergent for any real value z=N and 
hence is also convergent inside any circle with centre at the 
origin. , 

At the points of the real axis, i.e. for z= x, this series rep- 
resents the real exponential function e*: 


e*altetee 454... 
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Now we call, by definition, the sum of series (***) the (com- 
plex) exponential function e?: 
Ht z zn 
e=J+2-+ bees babe. 
This function is defined throughout the complex plane. 
The function e? thus defined satisfies the basic condition 
e%142: — p71¢73 
which is fulfilled for the real exponential function for real z, =x, 
and z,==x,. Indeed, on multiplying the series expressing ¢% and 
e*» according to the rule stated in Sec. 186 we obtain 
219272 — (1 zi zi ] z3 23 
eres =\ labo tay tee. Ji t+atatapt...J= 
bg ms 
= 1+-(2, +22) + oy (21+ 22,22 + 25) ale 
l 
+ op (2 + S2tz, $32,224 2) +0. = 
2 3 
= 1-+ (2,4-22)+ e i +t) +... ets 
In particular, if z,=x and z,=iy we have e*+v= ete”, Using 


the series for e? we can represent the second factor e# as the 
power series 
; iy)? ys ry)s iy)" 
em Lb yea Ear EGE bt 
Since @=—I], S=—i, t=], i®=i, etc. we have 


Regrouping the terms (which is allowable since the series is 
absolutely convergent) we write 


ty_fy #, ¥t yp, y 
ére(1 Bat.) bi(p aL... 
The expressions in the parentheses are, respectively, the power 
series representing cosy and siny, whence 
eY¥=cosy+isiny 


We have thus arrived at Euler’s formula which was derived in 
quite another way in Sec. 74 (see the footnote on p. 242), We 
remind the reader that Euler's formula makes it possible to 
compute the values of the function e? for any exponent z=x-+ iy: 


e? = eX +ly — exell — e* (cosy -+isiny) 
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The trigonometric and hyperbolic functions of a complex variable 
are defined with the aid of the function e?: 
elZ 1. e—iz : _ ef — e—iz 
— —, sinz=—>z 
e7—e—= 
2 


All these functions are defined throughout the complex plane. 
If z takes on a real value x we obtain from these expressions 
the ordinary definitions of the hyperbolic functions of a real 
argument (see Sec. 23) and Euler’s formulas expressing the cosine 
and the sine in terms of the exponential functions with imagi- 
nary exponents (Sec. 74). 

Let the reader use these definifions to write down power series 
expansions of the complex trigonometric and hyperbolic functions 
and to check that they can be obtained from the known expan- 
sions in the real argument x by substituting z for x. 

198*. Taylor's Series and Taylor’s Formula for Functions of Two 
Independent Variables. In this section we shall briefly discuss 
power series expansions for functions of two variables; the main 
emphasis will be laid upon practical calculations, the questions 
of convergence being only limited to some general remarks. 

Definition. A power series in two variables is an expres- 
sion of the form 


By (Ay oX Ay Y) (Bao X? + A, LY Agr?) ..- 
ila (Ano X" 8,-1.1 HY ee + 44,9"). (*) 


The coefficients of this series are numbered with two indices: 
the coefficient in the product x*y' where & and / are arbitrary 
integers is denoted a,,. For the sake of convenience, the terms 
of the series are grouped so that each bracket involves the terms 
with constant value of the sum &-+-/, that is,is a homogeneous 
polynomial in x and y of degree &+/. We can also consider 
series in powers of the differences x—x, and y—y, for arbitrary 
x, and y,; to this end we should replace x by (x—x,) and y by 
(y—y,)} in series (*). 

Series (*) is usually convergent in a domain symmetric about 
the coordinate axes (in particular, it may be convergent through- 
out the plane Oxy) and containing the point (0,0). Jn every 
rectangle lying inside this domain series (*) is regularly convergent 
and iis sum is a continuous function of the variables x and y. 
This function possesses partial derivatives of any order which can 
be found by means of term-by-term differentiation of the Series. 

Now suppose that f(x, y) is a function having the derivatives 
of all orders in a neighbourhood of the origin. Let us assume 
that it can be expanded into a power series of form (*). We 


COS Z = 





coshz = , sinhz= 





e? P= * 
2 
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shall show that its coefficients can be found by means of the 
ie eae a method of undetermined coefficients. 
Thus, le 


f (x, y) = Ayo 1 (Ay oX +g Y) 4 (GagX? +. XY + Ayoy*) + oe 
Putting x=0 and y=0 we find a,,=/(0, 0). 
Let us compute the partial derivatives with respect to x and y: 


0 
Tay, + 2a, ,X4-a,y+... 


0 
Sr = Ay, +A, X+2dy,y +... 
The terms of these series designated by the dots contain variable 
factors of the form x*y! with k+(>2. Putting again x=0 and 
y=0 we obtain the expressions for a,, and a,;: 


oe (Fa my Rob (Hr 


Here and below the subscript “0” indicates that the derivatives 
are taken at the point (0, 0). 
Completely similarly we derive the formulas 
_1 (af _ (2h _ 1 (a 
O10 = Fj Gor a.=(sh),, n= or (Sar) g: etc. 


Thus, the Taylor series of the function of two variables f (x, y) 
has the form 


Fe =F 0,0)+(L) 2+ (2) y+ 


1 fay of af 
zs 2! | (Sez ),* +2 (seay )oty+ (ow - 

I 03 f Of 07 of 
+a (Se) +3 (aeay)o*9+3 (sea) ut (Fav | + 
ae structure of the coefficients in the subsequent terms is quite 
clear. 

Taking the difference between the function f{{x, y) and the par- 
tial sum of its Taylor series.including all the terms up to the 
degree n inclusive we obtain the remainder term of Taylor's se- 
ries. Like in the case of a function of one variable, it can be 
proved that the remainder is obtained if we take the group of 
terms of degree n-+-1 and replace the values of the corresponding 
derivatives taken at the point (0, 0) by their values at an inter- 
mediate point (&, y) lying on the line segment joining the point 
(x, y) to the origin. 

Replacing the remainder term by its expression described above 


we obtain Taylor’s formula with the remainder for the function 
of two variables, Let the reader write down this formula for n=2., 
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It is clear that Taylor’s series converges to the function f (x, y) 
only if the remainder tends to zero as n—+0o. 

If a function f(x, y) is expanded into Taylor’s series in the 
vicinity of a point (x,, y,) the values of the partial derivatives 
are taken at that point and x and y are replaced, respectively, 
by (x—x,) and (y—y,). : . : ; 

In practice, when expanding a function of two variables into 
Taylor’s series we can use the known expansions of functions of 
one variable. 

Examples. (1) Let us expand into Taylor’s series the function 
e*siny in the neighbourhood of the point (0, 0). On replacing e* 
and siny by their expansions and multiplying the series we obtain 


esiny=(l+x+5+...) (y—-$+45- — 
=y-+yt(St—F) +... 


The same result is of course obtained if we use the general for- 
mula. 

(2) Let us expand into a power series the function z=x” in 
the vicinity of the point (1, 1). The computation of the partial 
derivatives yields 


2e=yx, 25=x) Inx 
Zee=Y(y—l) x4, 23, =x? + yxt Inx, 
Zyy = x4 In? x 


On computing. the values of the derivatives at the point (1, 1) 
and substituting them into the general formula we receive 


x¥=14+(x—1)+(x—1) (y—I1)+ ... 
For instance, it follows that (1.04)!-"~1+-0.04+ 0.04-0.03=1.0412. 


QUESTIONS 


1. What do we call a numerical series? What is the general 
term of the series? 

2. State the definition of the sum of a numerical series. State 
the definitions of a convergent and of a divergent series and give 
illustrative examples. 

3. What is the necessary condition for the convergence of a 
an Give an example showing that this condition is not suffi- 
cient, 

4, State the simplest test for the divergence of a series. 

5. State and prove the comparison tests for two positive series. 

6. State and prove D’Alembert’s test. 
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7. State and prove Cauchy’s integral test. Prove that the series 
> | is convergent for p> I. 


8. What is an alternating series? State and prove Leibniz’ fest 
for such a Series. 

9. State the sufficient test for the convergence of a series with 
arbitrary terms. Prove this test. 

10. What is an absolutely convergent series? What do we call 
a conditionally convergent series? Give examples of absolute and 
conditional convergence. 

11. What do we call a functional series? State the definition 
of the domain of convergence of a functional series. 

12. State the definition of a regularly convergent functional 
series. 

13. Enumerate the properties of regularly convergent functional 
series. 

14. What do we call a power series? 

15. State and prove Abel’s theorem. What is the interval of 
convergence of a power series? What is the radius of convergence? 

16. Give examples of power series whose radii of convergence 
are equal (1) to zero, (2) to infinity and (3) to a finite nonzero 
number. 

17. Prove the lemmas on power series and enumerate the 
properties of power series implied by them. 

18. State the problem of expanding a function f (x) into a power 
series. 

19, What do we call the Taylor series of a function f (x)? How 
are Taylor’s coefficients determined? 

20. What is the remainder term of Taylor’s series? 

21. State and prove Lagrange’s theorem on the form of the 
remainder of Taylor’s series. 

22. What is Taylor’s polynomial? Write down Taylor's formula 
with the remainder after the nth term. 

23. What do we call Maclaurin’s series? 

24. Derive the expansions into Maclaurin’s series of the func- 
tions ex, sinx, cosx, (1+ x)", In(i+.x) and arctanx. For what 
intervals are these expansions valid? 

25. Enumerate the techniques used for estimating the remainder 
in the approximate calculation of the value of a function. 

26. How are power series applied to integrating functions? 
Give examples. 

27. How do we use power series for solving differential equa- 
tions? Give examples. 

28*. State the definition of the limit of a sequence of complex 
numbers. What is a convergent series with complex terms? 
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29*, State the definition of the complex exponential function e? 
by means of a power series and prove the basic property of this 
function. 

30*. Apply power series to derive Euler’s formula. 

31*. State the definitions of the trigonometric functions cos z, 
sinz and the hyperbolic functions coshz, sinhz of the complex 
argument 2. 

32*, What is a power series in two variabjes x and y? 

33*, Derive the formula for the expansion of a function of two 
independent variables into Taylor’s series with the aid of the 
method of undetermined coefficients. 
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hold where r, and r, are positive integers. (The number 7 is the 
primitive period, that is the smallest one, if the numbers r, 
and r, are coprime.) It follows that in this case the ratio of the 
frequencies is equal to the ratio of these integers: 

Og 2 

OQ, ry 
Consequently, the frequencies w, and o, are commensurable. li the 
frequencies are incommensurable the resultant vibration is not 
periodic. If the frequencies are commensurable we can put 


O,=1,0, O,=7,0 
and write the superposition of the vibrations as 

s= A, sin (rot +- 9,)-+ A, sin (r,of + 9,) 
This is a periodic function with period 


27 
eae 


Indeed, the function s does not change its value if the incre- 
ment = is added to any value of ¢; if in addition, the integers r, 


: 2. re , 
and r, are coprime the number — is the primitive period. 


For simplicity, Jet us assume that o=1, i.e. T=2za. (The 
case when w is an arbitrary number is reduced to the former if 
we change the scale along the f-axis, that is put wf =1’.) 

The graph of a periodic function of the form 


A, sin (r,t -+ 9,)-+ A, sin (7, + 9,) 


may differ considerably in its shape from the graphs of simple 
harmonics (e.g. see Fig. 29 on p. 64). Generally, a superposition 
of several simple harmonics with commensurable frequencies, i.e. 
an expression of the form 


y=A,sin(r,f+9,) +A, sin(7,t+9,)+...+A,sin(r,¢+9,) 


provides a wide variety of periodic functions for different values 
of the parameters A,, 9, and the integers r, and 2. From the 
point of view of mechanics this means that the superpositions 
of simple harmonic motions form various periodic motions essen- 
tially differing from simple harmonic motions. 

Therefore it} appears natural to pose the reverse problem, that 
is, the question as to whether it is possible to choose the consti- 
tuent simple harmonic motions in such a way that their superpo- 
sition is a given periodic vibration or, in other words, whether it 
is possible to represent any periodic motion as a superposition of 
simple harmonic vibrations. 
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It furns out that, generally speaking, this cannot 
ij we use only finite sums of oe harmonics, Du 
sums, that is series, of simple harmonics e2re allowed then prez 
tically every periodic function can be ry into sim 
harmonics. This is the problem we shail be concerned with in 
this chapter. 

I]. Trigonometric series. 

Definition. A functional series of the form 


Sb ay cos X-+-6,sinx-+a,cos2x-+6,sin2x-+... 
210 +a, Cosnx+b,sinnx+... 


whose terms are constant factors multiplied by sines and cosine: 
of infeger multiples of the values of the argument x is called z 
trigonometric series. 

The constant jactors a; and 6, (i=1, 2, ...) are ie med the 
covfficients of the trigonometric sries. The constant term is writ. 


O% 
fen as = to uniiy the jormulas derived later. 


In the abbreviated notation we shall write 2 trigonometric 
series in the form 


eer O° 
ow 
“ay 
«cy 
a 
ee 
ow 
cw 
x 


ko 
Ttk (a,,cos nx +-b, sin nx) (*) 


Trigonometric series (*) can be represented 2s 2 sum of siriple 
harmonics only involving the sines (or the cosines). To this end 
we combine the summands cosnx and sinnx (n=1, 2, ...} with 
the same frequencies and transiorm the combinations 


a,,cosnx--b,-sin nx 
by putting 4,=A,sing, and 6,=A,cosq,. This resulis in 
a,cos nx — 6, sinnx =A, sin(nx+¢,) 


This form of representation is convenient when i 
to determine the amplitude and the initial phese o 
monics. In this equality 


TE an, 
A, =Vaz-+-b2 and ten 
Series (*) then takes the iorm 


=z 
ae . 
2+) A, sin (nzx+@,) 


n=} 


The nth harmonic can also be written 2s 


a,cosnz +b, sin nx = A,cos (2x—¢,) 
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where the amplitude A, is again equal to /a3-+-62 but the ini- 
tial phase has another expression: tan n=. 


All the terms of trigonometric series (*) are periodic with pe- 
riod T= 2n. Therefore, if this series is convergent in the inter- 
val {—a, x] (of course, the substitution of the values x=—a 
and x= into the trigonometric seriesresulfs in the same numerical 
series), it is also convergent throughout the Ox-axis and its sum 
is a periodic function with period 2x. We have chosen the inter- 
val [— x, xz] for definiteness; it can also be replaced by any other 
interval of length 2n, e.g. by the interval [0, 27]. 

Let us derive some auxiliary relations? which will be applied 
to determining the coefficients a; and 6; (the number & and p in 
the equalities below are arbitrary nonnegative integers): 

rn § 

(1) ( sinkxdx=0O for any &. 
—t 
et 


(2) | coskxdx=0 if k0. 


Tt 


at 
; ! ot ; : 
Indeed, we have { sin kxdx=—zcoskx|" =0 since cosx 1s 
—i7 


at 
an even function (cos &x=cos(—&z)); we also have { cos kx dx = 
—<st 
= =sin kx i =(Q since sinkn=sin(—&z) =0. 
met 


1 


(3) { cos kx sin pxdx=0 for any & and p. 


= <t 


at 
_f 0 if Rp; 
(4) J cos kx cos prdx =) ie = pee! 
ae O if kp, 
(5) | sin kx sin pxdx = ci b= p20: 


at § 
These relations are readily proved with the help of the well- 
known trigonometric formulas 


cos kx sin px=4(sin (k+ p)x-+sin(p—F) x] 
cos kx cos px = + (cos (k + p)x+cos (k—p) x] 


1 In Sec. 205 the role of these relations will be elucidated from a more ge- 
neral point of view. 
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and 
sin kx sin px =+[cos (k—p)x—cos(k+p) x] 


If k=4p the substitution of the right-hand expressions for the 

products of trigonometric functions into integrals (3), (4) and (5) 

splits each of the integrals into two integrals. The latter inte- 

grals are equal to zero by virtue of formulas (1) and (2) because 
k+p and k—p are nonzero integers. 

If =p we have 

1S zt 


: { (1+ cos 2kx) dx = 


Es a 
3 


\ cos? kx dx = 5 


—st 


t 

x =I 
—X 

x 


xX 
(te integral ( cos 2kxdx is equal to zero according to the same 
—% 


formula @)). 


Similarly, 
% % 
\ sin* kxdx=— \ (1 —cos 2kx) dx=n 
= 7 


=I 


Thus, relations (1)-(5) have been completely proved. 

200. Fourier Series. Let f(x) be a function defined in the closed 
interval [—x, x]. Let us suppose that this function can be ex- 
panded into a convergent trigonometric series, i.e. can be repre- 
sented in the form 


F()=3+> (a,cos nx +6, sin nx) (*) 
az 


We shall also suppose that series (*) can be integrated term- 
wise, that is the integral of the sum of the series f(x) is equal 
to the sum of the integrals of the terms of the series. 

a integrating both sides of expansion (*) from —zx to x we 
obtain 


x xt 
\ f (x) dx = | dx = na, 
—x —X 


By virtue of formulas (1) and (2) of Sec. 199 the integrals of 
all the other terms of the series are equal to zero. It follows that 
at 
I 
ay =~ \ f (x) dx (1) 


-I 
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To determine the coefficient a, where & is an arbitrary positive 
integer we multiply both members of equality (*) by cos&x and 
integrate the resultant relation from —z to a (here and hence- 
forth we also suppose that the term-by-term integration is per- 
missible): 

at 4 
‘ f (x) cos kx dx = 2 \ cos kx dx ++ 
-% 


—% 


rr) AS x 
- $(a, { cos nx cos kx dx -+-6, { sin nxcos ke dx 
n=] —1 ~ IT 
All the integrals on the right-hand side except the one with coef- 
ficient a, vanish in accordance with formulas (2), (3) and (4) of 
Sec. 199. The integral with the coefficient a, is equal to x whence 
we find this coefficient: 


rhs x 
( f (x) cos Rx dx = a, { cos? kx dx = na, 
and i ~ 


a,= rs f (x) cos kx dx (2) 


Formula (1) is obtained from formula (2) for k=O. 
In order to find the coefficient 6, we multiply both members 
of equality (*) by sinRx and integrate the result from —zx to a: 


13 wt 
\ f (x) sin kx dx=2 { sin kx dx + 
I ~T 


@ wt ot 

+) (a, { cos nx sin kx dx +5, \ sin nx sin kx dr. 

a=] —It —7 

By formulas (1), (3) and (5) of Sec. 199, all the integrals on the 

right except the one with coefficients 6, are equal to zero. The 
sg 


latter integral is equal to | sin kx sinkxdx=ax, Consequently, 
— mT 


at at 
\ f(x)sinkxdx=ab, and b= | f (x) sin kx dx (3) 


Thus, proceeding from the assumption that the function f (x) 
can be expanded into a trigonometric series (*) we managed to 
determine all its coefficients. 

Now, let f(x) be an arbitrary function defined in the interval 
[—a, «| for which we only suppose that all the integrals below 
exist (this function may have points of discontinuity). 
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Definition. The numbers a, and 6, specified by the formulas 
at aT 
1 i ; 
a, = \ f(x) cosnxdx and 6, == \ f(x) sinnx dx 
~~ —7 


are called the Fourier coefficients of the function f(x). The 
series 


th (a, cosnx +5, sinnx) 


is called the Fourier series of the function f(x). 

We cannot of course assert that the Fourier series of an arbi- 
trary function [(x) is convergent and that its sum (in case it is 
convergent) is equal to the function [ (x). (A similar situation 
arises in the theory of Taylor’s series; see Sec. 191.) 

Before proceeding to the key conditions guaranteeing the con- 
vergence of the Fourier series of a given function f(x) and the 
coincidence of [(x) with the sum of the series (in case it is con- 
vergent) we make some additiona] remarks. 

As was mentioned in Sec. 199, HI, if a trigonometric series is 
convergent its sum is a periodic function with period 22. There. 
fore, when speaking about the expansion of a function f (x) into 


-J7r JIT OG 7 JIT Zz 





Fig. 251 Fig. 252 


Fourier’s series, we shall suppose that this function is originally 
defined in the interval [—a, a] and then periodically extended 
with period 2x to the whole x-axis. This is of course only pos- 
sible if f(a)=f(—zx) (see Fig. 251). If otherwise, i.e. if 
f (x)34f(—x), we can leave the values of the function f[ (x) 
unchanged in the interval [—x, x) and extend it periodically 
with period 2x to the entire Ox-axis. This results in the appear- 
ance of discontinuities at the points n+2kn where k=0, +], 
+2, ... (Fig. 252). 

Let us state the definition of a piecewise smooth function: 

A function f(x) is said to be smooth in a closed interval [a, b} 
if it is continuous in this interval together with its first deriva- 
tive f' (x). 

A function f(x) is said to be piecewise smooth in an interval 
(a, 6) if the latter can be divided into a finite number of closed 
subintervals in each of which the function [ (x) is smooth. 
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The graph of a smooth function is a smooth curve (see Sec. 66); 
there are no corner points and cusps on such a curve. The graph 
of a piecewise smooth function consists of a finite number of 
smooth arcs; such a line is spoken of as a piecewise smooth curve, 

These definitions imply that a piecewise smooth function de- 
fined in an interval [a, 6] can have at most a finite number of 
points of discontinuity of the first kind. 
For instance, the junction whose graph 
is shown in Fig. 253 is piecewise 
smooth in the interval [a, 5]. 

We remind the reader that at a point 
of discontinuity of the first kind the 
function possesses right-hand and left- 
hand limits which we conditionally de- Fig. 253 
note f(x—0O) and f(x+0). 

Now we state without proof the key theorem on the possibi- 
lity of expanding a given function f(x) into Fourier’s series: 

Theorem. If the function f(%) is piecewise smooth in the 
interval |, x] its Fourier series converges to the function f(x) 
at all the interior points of the interval at which the function is 
continuous. 

If x, is a point of discontinuity of the function f(r) (—a< 
<x,<n) the Fourier series of the function converges at that 
point x, to the arithmetic mean of its right-hand and left-hand 
limits, that is to L&o— OES oh) 





At both end points of the interval [—x, x] the sum of the 
series is equal to the arithmetic mean of the right-hand limit at 
the point x==-—a and the left-hand limit at the point =x, 
that is to the number 

f(— x +0) + f(a —9) 
2 


In particular, if f(x) is a smooth function and its values at the 
end points of the interval [—x, x] coincide its Fourter series ts 
convergent to f[ (x) throughout the closed interval [—nx, x]. 

The assertions of the key theorem remain true under the weaker 
condition that the function f(x) has only a finite number of 
maxima and minima in the interval [— ax, x| and is continuous in 
that interval except a finite number of points of discontinuity of 
the first Rind (this is known as Dirichlet’s condition). 

In mathematical analysis and its applications we usually deal 
with piecewise smooth functions or functions satisfying Dirich- 
let's condition which are therefore representable by means of 
their Fourier series. 

It should be noted that the requirements imposed on a func- 
tion when it is expanded into Fourier’s series are essentially 
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weaker than when if is expanded into a power series. Indeed, 
a function representable by Taylor's series is not only conti- 
nuous throughout the interval of convergence but also infinitely 
differentiable while it only suffices that the function should be 
piecewise smooth when it is expanded into Fourier’s series. 

For a function which can be expanded into Fourier’s series 
we can obtain an accurate approximation by taking a sufficient 
number of terms of its Fourier series, that is by replacing the 
function by a partial sum of that series. By analogy with Tay- 
Jor’s series, we call such a finite sum a Fourier polynomial of 
the given function: : 

f(x) = Bt du (a, cosnx 4-6, sin nx) 
In connection with such an approximation it is natural to pose 
the problem of estimating the error of this approximate inequa- 
Jity. But this is a more complicated question compared with 
the analogous problem in the theory of Taylor’s series and we 
shall not dwell on it. 

The theory of Fourier’s series appeared in connection with 
concrete problems of mechanics and physics. Fourier’s series 
have many important applications in various divisions of mathe- 
matics and provide particularly convenient methods for the 
solution of many problems of mathematical physics}. 

201. Expanding Even and Odd Functions into Fourier Series. 
Fourier Series for an Arbitrary Interval. 

I. Expanding even and odd functions. Suppose that a function 
f(x) expanded into Fourier’s series is even. Then the functions 
f(x)sinkx, R=1, 2, ..., are odd, and all the coefficients b, are 
equal to zero as integrals of odd functions over the interval 
[—x, x] symmetric about the origin (see Sec. 94). Consequently, 
the Fourier series of an even function only involves cosines, it has 
the form 


[= o} 
3. +S) a,cos nx 
n=1 
where 


ot 
] 2 
a,=— | f (x) cos nx dx = — 
~—st 
since f(x)cosnx is an even function. 
Now let f(x) be an odd function. Then the functions f (x) cos kx 
are odd, and all the coefficients a, are equal to zero. Consequ- 


f (x) cos nx dx 


ola 


11n particular, trigonometric series play an important role in the study of 
nonsinusoidal periodic electric currents in electrical engineering. 
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ently, the Fourier series of an odd function involves only sines and 
is written as 


m 
> 5, sinnx 
n=] 


where 


ot 
b= | f (x)sinnxdx== f (x) sin nx dx 
-% 


since f(x)sinnx is an even function. 

II. Expanding functions with arbitrary period. Let us consider 
the problem of expanding into Fourier’s series a function f[ (x) 
defined in an interval {—J/, f] where / is an arbitrary positive 
number. 

If, in the interval [—J/, {], the function f(x) satisfies the con- 
ditions of the theorem stated in Sec. 200 its expansion can be 
readily obtained by changing variable according to the formula 


x’= +x. Then we pass to the function f =*), and when 


the variable x runs through the interval [—T, f] the new va- 
riable x’ runs through the interval [—x, a]. The expansion of 
the new function into Fourier’s series has the form 


i (z*') eT tee (a, cos nx' +5, sin nx’) 


Now, returning to the old variable, we arrive at the expansion 
of the given function f (x): 


f (x) =$th (a, cos “™ +6,sin = | 
where 


% [ 
l 
a,=— | (= 2" )cos nx’ dx! => ‘ f (x) cos a= dx 
— I -! 
and 


st { 
bo=a J F( a2" )sinax' de’ =t | f(x) sin Fax 
—% am | 


(in the integrals on the left we have made the substitution 


=x] ; 


The sum of the Fourier series thus constructed is a periodic 
function of x with period 7 =2I. 
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weaker than when it is expanded into a power series. Indeed, 
a function representable by Taylor’s series is not only conti- 
nuous throughout the interval of convergence but also infinitely 
differentiable while it only suffices that the function should be 
piecewise smooth when it is expanded into Fourier’s series. 

For a function which can be expanded into Fourier'’s series 
we can obtain an accurate approximation by taking a sufficient 
number of terms of its Fourier series, that is by replacing the 
function by a partial sum of that series. By analogy with Tay- 
Jor’s series, we call such a finite sum a Fourier polynomial of 
the given function: 


k 
f (x) = 24) (a,cosnx-+6, sin nx) 
nat 


In connection with such an approximation it is natural to pose 
the problem of estimating the error of this approximate inequa- 
lity. But this is a more complicated question compared with 
the analogous problem in the theory of Taylor’s series and we 
shall not dwell on it. 

The theory of Fourier’s series appeared in connection with 
concrete problems of mechanics and physics. Fourier’s series 
have many important applications in various divisions of mathe- 
matics and provide particularly convenient methods for the 
solution of many problems of mathematical physics?. 

201. Expanding Even and Odd Functions into Fourler Series. 
Fourier Series for an Arbitrary Interval. 

I. Expanding even and odd functions. Suppose that a function 
f(x) expanded into Fourier’s series is even. Then the functions 
f(x)sinkx, R=1, 2, ..., are odd, and all the coefficients b, are 
equal to zero as integrals of odd functions over the interval 
{—x, x] symmetric about the origin (see Sec. 94). Consequently, 
the Fourier series of an even function only involves cosines, it has 
the form 


@ 
a 
poe >) a,COS Nx 
n=l 
where 


a 
a, =— \ f (x) cos nx dx = 
~~ 
since [(x)cosnx is an even function. 
Now let f(x) be an odd function. Then the functions f (x) cos kx 
are odd, and all the coefficients a, are equal to zero. Consequ- 


f (x) cos nx dx 


OC a> 4 


1[n particular, trigonometric series play an important role in the study of 
nonsinusoidal periodic electric currents in electrical engineering. 
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Examples. (1) Let us expand into Fourier’s series the 
function f(x) defined in the interval [— 2x, x] by the conditions 


P —|! for —~x<xx<0 
= | for O<x<n 


This function is discontinuous at the point x=0. In Fig. 254 

the graph of this function is shown as extended periodically 

with period 2x to the whole Ox-axis. 

The function clearly satisfies the condi- y 

tions of the key theorem and, since it 

is odd, its all coefficients a, are zero. ——4 
Let us determine the coefficients b,. —4 

By Sec. 201, we have 








Fig. 254 


at 
2 . 
b, == | l-sinaxdx = 
0 


2 x 2 
= — —cosix| = ——(oos nn— 1) 
on 0 suf 


that is 
b= (1 — Cosi), 


Since cosmu=(—1)", we receive, by putting, in succession, 
n=], 2, 3, ..., the numerical values of the coefficients 0,: 


b= —, b,=0, b=, &=0, b=, ete, 
Thus, 
I (x)= (sinx+5sin3x-+Zsin5z+...) 


According to the key theorem, the sum of the series on the 
right is equal to | for O<x<ax and to —! for —xr<x<0. 
At the point x==0 and also at the points +2 the value of the 
sum is equal to zero, which is again coherent with the key 
theorem. The behaviour of the series is quite the same in every 
interval obtained by shifting the original interval [— x, x] to 
the left or to the right by an integral number of periods. 

It is interesting to compare the graphs of trigonometric poly- 
nomials, equal to partial sums of this series, which approximate 
the given function, with the graph of the function f (x). In Fig. 255 
we see the graph of the function f(x) and tne graphs of the first 
and second partial sums shown in continuous line and the graphs 
of the constituent harmonics given in dotted line. 
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The frequencies of the harmonics the series is formed of are 
=) n=1, 2, ..., the lowest frequency being equal to 


__ 
O=T- 


Ij. Expanding functions into half-range Fourier series. Consider 
a function /(x) defined in an interval [0, /] and suppose that it 
is required to expand it into a trigonometric series. Since there 
always exists a change of variable reducing the case of the in- 
terval (0, /] to the standard interval [0, n}] we shall limit our- 
selves to the latter. The given function f(x) (defined, as we 
agreed, in the interval [0, 2]), can be extended in an arbitrary 
fashion to the interval {—zx, 0) so that the new function F(x) 
defined in the interval and coinciding with f(x) in the interval 
[0, 2] satisfies all the requirements of the key theorem in the 
whole interval [—x, x]. On expanding the function F(x) into 
Fourier’s series in the interval (—x, a] we obtain the sought- 
for trigonometric series representing the original function f (x) 
in the interval [0, x]. Since the extension of f(x) to F(x) can 
be performed in an arbitrary manner there exist infinitely many 
such trigonometric series. 

In particular, the function f(x) can be extended to the inter- 
val [—a, 0) as an even function defined in the whole interval 
[—x, x]; the graph of the new function F(x) is then obtained 
if we extend the graph of f(x) symmetrically with respect to 
the Oy-axis. The resulting function F(x) is even, and its Fourier 
series only involves cosines. Similarly, the function f(x) can be 
extended to the interval [—zx, 0) as an odd function defined in 
the interval [—x, x]; then the graph of the function F(x) is 
the extension of the graph of f(x) symmetric with respect to 
the origin, and F(x) is an odd function whose Fourier series 
only involves sines. Such series containing either sin kx or cos hx, 
k=1, 2, ..., are termed, respectively, Fourier's sine series or 
Fourier’s cosine series. We also say in these cases that the given 
function f(x) is expanded into a Aalf-range (or incomplete) Fou- 
rier series. 

Note that if the function f(x) is continuous at the point x=0 
its even extension F(x) is also continuous at this point. If f(x) 
is extended as an odd function the resulting function F(x) is 
continuous af the origin only if f(0)=0; if f (0)€0 the function 
F(x) has a discontinuity of the first kind at the point x=0. 

As was said, if a function [(x) defined in the interval (0, =] 
can be expanded into a trigonometric series there exist an infi- 
nite number of such expansions. /n applications the most impor- 
tant role is played by the expansions into Fourier’s sine and cosine 
series, 
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Examples. (1) Let us expand into Fourier’s series the 
function f(x) defined in the interval [—x, a] by the conditions 


—1 for —xxzr<0 
i(x)= 1 for O< xxix 


This function is discontinuous at the point x=0. In Fig. 254 

the graph of this function is shown as extended periodically 

with period 2x to the whole Ox-axis. 

The function clearly satisfies the condi- y 

tions of the key theorem and, since it 

is odd, its all coefficients a, are zero. ——4 
Let us determine the coefficients 5,. 

By Sec. 201, we have 






Fig. 254 


Pa 4 
b,=— | l-sinnxdx = 
at 
0 


2 m 2 
=— — COSsnx| = —— (cos na— 1) 
ain 0 oth 


that is 
be —cosmn). 
an 


Since cosm#t=(—I1)", we receive, by putting, in succession, 
n=1, 2, 3, ..., the numerical values of the coefficients ),: 


, b=0, 6, ==, ete, 


4 
b=—, b,=0, b= = 


Thus, 
i= (sin x-+2sin 3x-+— sin Ox+.. .) 


According to the key theorem, the sum of the series on the 
right is equal to | for O<x<a and to —1 for ~a<x<", 
At the point x=0 and also at the points +2 the value of the 
sum is equal to zero, which is again coherent with the key 
theorem. The behaviour of the series is quite the same in every 
interval obtained by shifting the original interval [—2, =] to 
the left or to the right by an integral number of periods. 

lt is interesting to compare the graphs of trigonometric poly- 
nomials, equal to partial sums of this series, which approximate 
the given function, with the graph of the function f (x). In Fig. 255 
we see the graph of the function f(x) and the granhs of the first 
and second partial sums shown in continuous. . 1 the graphs 
of the constituent harmonics given in dotte:’ f 
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Proceeding from the expansion of the function f(x) found above 
we can readily write down the expansion of the function 


=| a for —xn<x<0 
Pe) ob for O<xcin 


where a and 6 are arbitrary numbers. To this end we use the 
obvious relationship between the old function f(x) and the new 





function g (x): 








ae relationship means that the graph of p(x) can be obtained 
rom that of Pix) if we translate the origin to the point 


(0, +") and change the scale along Oy.) It follows that 





2 
g (x) =F 4 209) (sin xp Sey es .) 
(2) Let us find the . ansion of the function 
fi =lx|, —x<xe<gn 
into Fourier’s ser: 
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The periodic extension with period 2n of the graph of this 
function is shown in Fig. 256. The function f(x) being even, all 
the coefficients 6, are equal to zero. Using the formulas of Sec. 201, I 
we get 





P14 
2 
a, =— | xcosnx de 
0 





Fig. 256 


The integration by parts leads to 








—_ 2] xsinnx |x eae ie 2 aoe x\" — 1 
=o means F = = COSNX | = =, (cosnn— ) 
0 
whence 
4 4 4 
2 a, =9Q, a3 = — Fin? a,=0, as — sin» etc, 
Thus, 


f (x)= 5 —= (cosx-+39 cos 3x +1 ay = cosox-+.. ‘) 


The approximations to the given function with the partial 


l 4 = cos? x 
g —o_ awass oa. o—_—-, er exe ely eae 
UMS > 1—— cos x and = 7 —— COS X az are shown in 


Fig, 257. 
Putting x=0 in the series obtained we receive an interesting 
Numerical series representing the number zx: 


0=F—F (ltgtat...) 





Whence ; 
2 I 
jultgtayt... 
This formula implies some other useful relations. Let us put 


l t 1 1 1 2 
O=ltatetet. GHlt+gt+at...=F 
and 


1 l 
=oatgtet vee =3(! +ortat “ .) 


47—2980 


738 Ch. X/1, Fourier Series and Fourier Integral 


We have o=o,-+6, and = o=+(0,+0,), that is 


A 7 2 
3o,=0,, which yields o,= 37 


Thus, we obtain 


carr) (as eer x? I J 
Og Toa Gh Gm! get gee get get ee 





Fig. 257 


In Sec. 184 we established the convergence of the series 
La but its sum was written without proof. Now we have found 
=] 
this sum, 

(3) Let us expand into Fourier’s series the function 


f (x) =x, —NoiXSA 


The graph of this function, when extended periodically to the 
whole x-axis, consists of parallel line segments (see Fig. 258). 
The function being odd, it suffices to determine 5,. We have 











Pag bag 
2 : 2 xcos nx [% COS NX 
bam Z| asin ncdcae 2| — 2080 +{ ix] 
i N n 0 n 
0 0 
- 2 See mo] 2 cos sin 
~~ 1 n n2 lol n 
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Putting in succession n= 1, 2,3, ... weobtain 6,—2, b,=— + ; 
ee 
3 3 ’ 

Thus, 


f (x) =2 (sin x—zsin 2x-+—sin 3Xx—.. 


This equality holds for —x<x<a. At the points +x the sum 
of the series turns into zero. 

Note that the functions in Examples 2 and 3 coincide in the 
interval [0, x] (they are equal to x within this interval). But 
since they aré extended in diffe- 
rent ways to the interval [—x, 0) 
(the former as an even function 


y 


IT 0 XK SF 





Fig. 258 Fig. 259 


and the latter as an odd function) their expansions into Fouri- 
er’s series differ. 

(4) Let us find the Fourier series of the function f[ (x)= aaa 
(see Fig. 259). Since the function is even we have 5,=0 tor all 
the values of n. Furthermore, 


1 
2 ; 4 
ayn 5 \ sin dem and 


7% wt 
am | sineosnede =f [sin (n+ 1)x—sin (a—1) x] dx= 
0, if n is odd 
=| aay if n is even 
Consequently, 


4 fi ] 
jsinx|[=>—— (7 cos2x +75 c0s 4x-+... + py 008 2nx-+.. ) 


The translation of the origin turns the function |sin x{ into f(x) = 
=|cos x |: 


|cos.x]=|sin (z+) 
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Therefore, 
2 4 TI rs ] st 
|cos x] === = E cos 2x (x x) igcosde ( x r)t--| 
2,471 | 
=F +5 (4 0082x—jZc08 4x4...) 


(5) Let us expand into Fourier’s series the function defined 2s 
f(x)=x? for —l<x<l. Extending this function periodically 
to the whole Ox-axis we obtain a periodic function with period 
2. Using the formulas of Sec. 201, IJ and taking into account 
that the resultant function is even we obtain 


1 1 
a,=2 | tdem and a,=2\ x cosnardy= 
0 0 


és cos 
0. «xt als 


|= sin snx Es 2xcosmnx 2sin = 
cu 





whence 


f=e—4 (cosax—z, cos Iax+3, cos3ar—...) 

202*. Fourier Series in Complex Form. Using complex numbers 
and Euler’s formulas we can represent the Fourier series of a 
given function /(x) defined in the interval [—a, x] as a series 
with complex terms. This new form of a Fourier series is conve- 
nient for many mathematical and practical applications and can 
be easily memorized. 

Consider a Fourier series 


f (x) => ay+ » (a, cosnx-+-6, sin nx) 
n={ 


Let us replace cosmx and sinnx by their expressions given by 
Euler's formulas: 
efnxt p—inx 


cosnx = ———5-——- , sin nx= 


einx._e-inx 
2 
Then 


sages 
—, 


einx +. p—ing ay} 


foam fact 3 (04 SE 1 ge 


=datd Sle (,—i,) $67" (a, +i) (") 
n=l 


Let us denote the complex number a,—ib, by c,: 


C,= a,— ib, 
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Using the formulas for a, and 5, (see Sec. 200) we can write 
19 at 
C= \ F(x) (cos nx—i sin nx) dx \ F(x) emine dx (*"*) 
~~ —7 


The complex number a,-+-ib, is the complex conjugate of c,: 
a, +-ib, =C, 


The expression of c, is obtained from that of c, by substituting —n 
jor n. In this connection we introduce the notation 


7 
on =C,=— VF (xem dx Ce) 
—-% 


19 
Since a= — \ Fe) dx the expression of a, is obtained from 


—F 
formula (**) if we put n=O; therefore we can write a,=Cp. 
Using the new notation we now write down series (*) in the 
form 


a 
1 I l _ _; 
f(X)=y +5 De one" a Dee 
a 
or, briefly, 


oo at 
I ] er, 
fe=z 2 c,e'"* where Cy = \i@e inx dy 
=— © =—IT 


In the latter formula the index of summation n runs through 
all the integral values from —oo to -++ 00. Since the complex 
number e~/** is the complex conjugate of e’"* the terms of the 
series with indices n and —n are complex expressions of the form 


] 1 ——— 
Z c,ein* and r Cu enw inxs —_— 7°} c,e* 


Their sum 
5 (oyel™* +0279) = Re [(a,—ib,) (cos nx +i sin nx)] = 
=a, cosnx-+-b, sin nx 


is a real function representing the nth harmonic. It can be re- 
written (see pp. 726, 727) as 


a, cosnx-+6, sinnx = A, cos (nx— q,) 
where A, =V a2-+62 =|c,| is the amplitude; since tan On = 22, the 


initial phase is expressed as 9, = argc, =— argc,. 
The sequence of complex numbers c, is called the spectral se- 
quence of the function f(x); the real sequence |c,| is termed the 
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amplitude spectrum of f(x) and the sequence 9,=—dargc, the 
phase spectrum. It is readily seen that |c_,|=|c,] and p_,=—4q,. 

Amplitude and phase spectra play an important role in th 
study of periodic processes when a compound vibration is repre- 
sented as a sum of simple harmonics, especially, in electrical 
engineering. In the general case we deal with a function 
f(x) defined in an interval (—J, 4 for which the Fourier trigo- 
nometric expansion is constructed. In this case Fourier’s series is 
written in complex form as 


w t 
f (x)= > bs c,en where c, =+ j f (x) e~ tnt dx 


and o,= > 
Let the reader derive this formula. 
Using the integration rule for complex functions (see Sec. 93) 
we can apply formula (**) to computing Fourier’s coefficients. 
In these calculations one should take into account that 


efnn — e~tnn — cos nn = (—1)" 
Example. Let us construct the Fourier series of the function 
f (x) =e* considered in the interval [—zx, x]. We have 


IC ic [ et (inin) F 
C,= = | een ink dx = — \ e* U- f) dy = — 75 
=n 





— 
—_—_ 


Consequently, 


efnx 





F (x) ==" (1 


n=—-@O 


As was mentioned, to obtain the ordinary (real) form of the Fourier 
series we should combine the terms with indices n and —n: 


l—in 





inx en ine n eln* ew~inx 1. nf (elnx —p-inx 
(“I S(O) = eee 
= (—1)" 2 cos nx—2n sin nx 
a 1-n? 


This results in 
e*—e~% | | ~ cosnx nesinnx 
fo) 25" | Dy (eta) 


203. Practical Harmonic Analysis. If a function is specified by 
a simple analytical formula its Fourier coefficients can usually be 
found by means of integration, which leads to an explicit expres- 
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sion for its Fourier series. But there are many practical cases 
when the precise computation of the integrals expressing Fourier’s 
coefficients encounters considerable difficulties or is impossible; 
this is also the case when the function is specified by its graph 
or by a table. Experimental data are often compiled into a table 
or are represented graphically by means of a point-by-point plot- 
ting or with the aid of a self-recording apparatus. Then there arises 
the problem of finding an approximate analytical formula for the 
function in question. For this purpose we can use trigonometric 
series provided that it is known that the function admits of a 
sufficiently accurate approximation by the sum of the first several 
terms of its Fourier series. The problem reduces to the computa- 
.tion of Fourier’s coefficients; to solve the problem we can apply 
one of the approximate methods of computation of integrals. 

The division of applied mathematics dealing with trigonometric 
approximations to functions specified graphically or by a table is 
termed practical harmonic or wave (or Fourier) analysis. There are 
various techniques simplifying the computation of Fourier’s coef- 
ficients and providing standard computational schemes which take 
into account the peculiarities of the integrals in question. In this 
sven we shall briefly discuss one of these methods using special 
“stencils”. 

‘Suppose we are given a function y=f(x) defined in the inter- 
val (0, 2x]. Let us assume that, irrespective of the way the func- 
tion is represented originally, its graph is known. We shall also 
suppose that, if necessary, the coordinate system is given a paral- 
lel displacement so that the whole graph of the function lies above 
the Ox-axis as close to it as possible (see Fig. 260). Such a dis- 
placement only affects the value of the constant term a, in the 
Fourier series, which is inessential since the necessary correction 
can easily be introduced; at the same time this makes it possible 
to avoid negative and too large positive values of the function. 

To construct an approximating Fourier polynomial for the given 
function it is necessary to compute the first several Fourier 
coefficients 

on 


a= — Ve (x) cos kx dx 
0 
and 
23 
b= — \F@) sin kx dx 
0 
These integrals are evaluated by means of one of the numerical 


integration formulas; usually we apply the rectangle formula which 
is the simplest. The interval [0, 2x] is divided into n equal parts 
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by means of the equidistant points of division x,=0, x,, x,, ... 
wey Xneys X,= 2a where 4=i , £=0, 1, 2, ..., n, the step of 


the calculations being Axa, The expressions for the Fourier 
coelficients are then approximately written as 


n-1 n-! 
O, zy y, COS Rx, by ay y, sin Rx, (*) 
{=0 {=0 
y 
90 
80 
70 
60 
5 
4 
30 
Q) 
10 
Ly FZ? Ly Ls Ip Ly Ly Ly Gy Ly L, 
OHOr 27 45 6 TEQUMH ext 
Fig. 260 


where y,;=/ (x;). Taking into account the peculiarities of the factors 
coskx, and sinkx, we usually choose n=12 or n=24 or, if a 
higher accuracy is needed, n= 48. In this section we shall take 
n=12,. The reader can easily verify that in this case each of the 
12 values of the function involved in formulas (*) is multiplied 
by one of the numbers 


sb ot « st 
cos0=sin-=1, cos = =sin = = 0.87, 
pa 14 at ot e 
cos = =sin = =0.50, cos + =sin0=0 


taken with + or —. 

We shall discuss a convenient computation schedule known as 
the 12-ordinate scheme. 

The computations begin with compiling a table of 4 columns 
and 12 lines. The first column contains the successive numbers of 
the points of division %o, x,, ..., %,, Of the interval [0, 2a] and 
the second column contains the values of the ordinates correspond- 
ing to these points (if the function is specified grephically the 
ordinates are directly read off from the graph). When filling this 
column we should choose a sufficiently short scale along the y-axis 
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so that the ordinates are conveniently 
expressed by integers. In the third col- 
umn we write the values of the products 
oi ihe corresponding ordinates by cos 30° = 
=(0.87 and in the fourth column their pro- 
ducts by cos60°=0.50 (except the lines 
numbered 0, 3,6 and 9 whose entries are 
crossed out since they correspond tothe 
products of the ordinates by the cosines of 


arcs integer multiple of x or 5] : 


After the table has been compiled (it 
is composed for every given function) we 
proceed to the computation of Fourier’s 
coefficients. The coefficient a, is found 
directly by adding together the numbers 
in the second column and dividing the 
result by 6. To compute thecoefficient a, 
or bh, kR>O, we use a standard stencil 
which is a replica of the table (but without 
numbers) made of a transparent materia] 
for each of the Fourier coefficients a,, 
Dy -dcinay, gs Dp: 


o | 44 ~{- 
1 | 46 [ 40 | 23 


2 | 76 | 66 | 38 


“a fesf—f{—— 
4 | 86 | 75 | 43 
5 | 63 | 55 | 36.5 
6,{2|—| — 


7 | 20 | 17 | 10 


8 | 26 | 22 | 13 
9{4|—| — 
10 | 58 | 50 | 29 
1 | 65 | 51 | 32.5 


The positions corresponding to positive summands in formulas (*) 
and those corresponding to negative summands are marked diffe- 


Ea 
a 
fe 
cae 
et 
lee 
| 


Fig. 26] 





rently so that it is possible to distinguish between them (for in- 
stance, the former can be outlined with paint or heavy line and 


the latter with some other paint or thin line). 
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In Fig. 261 we see the stencils for the first four coefficients a,, 
b,, a, and 6, (for the 12-ordinate scheme). Let the reader examine 
their structure using formulas (*). 

Applying the stencil for the coefficient a, or 5, to the table we 
choose from the table the numbers corresponding to positive and 
negative summands in formulas (*). On computing the sums of 
the numbers in these groups and subtracting the latter sum from 
the former we obtain 6a, or 6b,, and to find a, or b, it only 
remains to divide the result by 6. Carrying out these calculations 
for the table on p. 745 we obtain 


a, = $41 46-+76-+ 88-486 +634 24-+20-+4+264+404+58-+65 _ 636 _ yop 
————— a ee ey SS aes aaa 
g, = (44-+40-+38-4+29-4+51)—(43-4+554+24-+17+13)__ 50g 
Dee et ee eg mee ied . 


pb, = (23-+66-+ 88-475 -+36.5)—(10-+22-440-+50+32.5) 134 on 4 
ere ss 6 Sg eee 


gx (44 +234+36.5-+24 + 10-+32.5)—(38-+ 88-+ 43-+ 13-4 404-29) 81 
Gg, Oi Ge Eg ee Pe eee reir ag 
wy — 135 


__ (40+ 66+ 17 + 22) —(75 +55 -+50-+-51) 86 
b, = ES ee — 143 

Hence, we get the following approximate representation of the 
tabulated function f(x) as a trigonometric polynomial: 


f (x) 53 + (8.3 cos x-+ 22.3 sin x) —(13.5 cos 2x + 14.3 sin 2x) 


For more detail concerning practical harmonic analysis we refer 
the reader to [8] and [13]. 


§ 2. Some Further Topics in the Theory of Fourier 
Series 


204*. Orthogonal Systems of Functions. Here we shall briefly 
discuss a more general problem than that of expanding a function 
into a trigonometric series. Namely, we shall be concerned with the 
problem of expanding functions in series with respect to a given 
orthogonal system of functions. The functions 9g, (x), 9,(x), ..- 
.+ey Q(x), ... we shall deal with are supposed to be defined and 
continuous in an interval [a, 5]. 

Definition. A system of functions @, (x), Po(%), «26, Qa (Xe oer 
is said to be orthogonal in the interval [a@, 5] if the Integ- 
ral of the product of any two different functions of the system 
taken over the interval [@, 3] is equal to zero: 

b 
| gn (#) 9, (x) dx =0, nem 


a 
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Let &, denote the integral of the square of the function 9, (x): 
b 
k, = { Ph (x) dx 


We shall suppose that all the numbers &,, n=1,2, ..., are po- 
sitive, i.e. there are no functions identically equal to zero among 
the functions q,, (x). 


If we multiply each function g, (x) by the factor 


Vin 


the new 





functions 
Wilt) = WP, (x), Y, (x) “Te P23 (x), ieae Dy (x) =p (x), eee 


of course again form an orthogonal system. The integral of the 
square of each new function is equal to unity: 


b b 
[vit de=z_-f ob edr= 1 


The functions *p, (x), .... ,(x), ... thus satisfy the conditions 


b 
| Ye (2) Yn (s)de={ for m=én 


1 for m=n 
A functional system of this kind is termed an orthogonal sys- 
tem of normalized functions or, briefly, an orthonormal system. 
Examples. (1) The system of functions 1, cos x, sinx, ...,cosnx, 
sinnx, ... is an orthogonal system for the interval [—za, a], 
which follows from formulas (1)-(5) of Sec. 199. These formulas 
also imply that the system 


I cos x sin x cosnx sinnx 
Van’ Vu’ Vn’ eons Wawa ee 
is orthonormal. 
(2) The functions sinx, sin2x, ..., sinnx, ... form an ortho- 
gonal system in the interval [0, x). 
Indeed, if ms4n we have 
T Tv 


{ sin mx sin nx dx = Ee. aos al aes) 


0 0 
(see Formula 62 in the table of integrals at the end of the book). 
Since 


(*) 


=0 





4 - re 

men _. {* __ sin 2nx | _ 
{ sin nx dx [ 5a | =5 
} 0 
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this system is normalized if all the functions are divided by 
36 
9 ° 
(3) The system of functions 1, cosx, cos2x, ..., cosnx, ... 
considered in the interval [0, x] is orthogonal. Let the reader 
prove this. 
Let f(x) be a function defined in an interval [a, 6]. Suppose 
that it can be represented in this interval as the sum of a se- 
ries in functions >, (x) (k=1, 2, ...) with constant factors ¢, 


where +p, (x), (x), ..., ),(x), ... is an orthonormal system of 
functions in this interval: 


F (x) =e," (x) + Cathe (%) +... Fentp, (x)... (**) 


To determine the coefficients of the expansion, that is the num- 
bers c,, we multiply, in succession, both sides of equality (**) 
by the functions ~p, (x), p.(x), ,(x), ..., , (x), ... and integ- 
rate the results over the interval fa, b]. We of course assume 
that the term-by-term integration of the series is permissible, 
and thus, by virtue of relations (*), obtain 

b es. 8 

J F(x) Wn (x) de = Be | ba (2), (dx =e, 

a = a 

The coefficients c, specified by these formulas are called the 
(generalized) Fourier coefficients of the function f(x) with respect 
to the given orthonormal system. 

In particular, if the functions ,(x) are the trigonometric fun- 
ctions indicated in Example 1, series (**) is nothing but the 
Fourier (trigonometric) series of the function f (x). 

Expansion of form (**) is called the (generalized) Fourier series 
of the function f(x). Such expansions are widely used in the 
solutions of many important problems of mathematical physics; 
a number of such problems are discussed in [4]. 

205. Mean Square Deviation. Minimizing Property of Fourler 
Coefficients. 

I. In our course we many times dealt with the problem of 
replacing a given function by an approximating function of a 
simpler nature. For instance, if a function can be expanded into 
Taylor’s series in an interval it can be approximated with a 
Taylor polynomial, the accuracy of the approximation usually 
increasing together with the degree n of the polynomial. As was 
mentioned in Sec. 200, Fourier’s polynomials can also be used 
for this purpose. 

If a function /(x) defined in an interval (a, 6] is replaced by 
another function g(x) the absolute value of the error, i.e. the 
quantity |f(x)—@(x)|, may assume different values at different 
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points. For example, this is clearly seen in Fig. 249 (p. 709) 
showing the graphs of the function sinx and of its approximat- 
ing Taylor polynomial or in Fig. 257 (p. 738) where the appro- 
oe of the function |x| with Fourier polynomials is demon- 
strated. 

There are situations when it is convenient to estimate the 
accuracy of an approximation for the whole interval in which 
the function f(x) is considered. Let the function f(x) and the 
approximating function (x) be continuous throughout the closed 
interval [a, 6]. Then, according to the property of continuous 
functions, there exists the greatest value of the modulus of the 
difference of these functions which we denote p {f, g}: 


p{f, @} =e) f (x)—9 (x) | 


The absolute value of the error of the approximation of f (x) 
with (x) satisfies the inequality 


lf(x}—9(x)|<e {f, of 


at each point of the interval [a, 5]. 

The magnitude p{f, p} is called the uniform deviation of the 
function o(x) from the function f (x). 

P.L. Chebyshev? posed and solved the problem of determining, 
among all the polynomials of the nth degree, a polynomial P,, (x) 
such that its deviation from the given function f(x) in the given 
interval [a, b] attains the least possible value. This means that 

off, Pat = nae lf (*)—P.(*)|<e {f, Qat 
where Q(x) is any other polynomial of the nth degree. 

Such polynomials are widely used in various divisions of mathe- 
matics and its applications (e.g. in the theory of mechanisms). 
For further detail on Chebyshev’s polynomials we refer the reader 
to {8} and [13}. 

There are also problems of another kind in which the deviation 
of the function (x) from the function f(x) at separate points 
is inessential and when we are only interested in its characteris- 
tic “in the mean”. As a measure r {f, o} of the deviation of this 
kind the value of the integral of the square of the difference 
between the functions f(x) and p(x) is usually taken: 


b 
r{f, of =) IF()—9(x)Pdx 


2 P.L. Chebyshev (1821-1894), a prominent Russian mathematician. His 
studies affected greatly the development of mathematics. Their feature was a 
close connection between mathematical questions and problems of natural and 
engineering sciences. 
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The magnitude V r{f, p} is called the mean square devi- 


b—a 

ation‘. It should be noted that even for small values of the mag- 
nitude r {f, } the difference between the values of the functions 
f(x) and p(x) can be arbitrarily large at some separate points. 

II. Let us come back to the subject of Sec. 204. Suppose that 
we are given an orthonormal system of functions in an interval 
(a, Bb]: Wy(x), We (x), ..., P(x), ... . Let f(x) be a piecewise 
smooth function defined in the’ same interval [a, b]. Now we fix 
a natural number n and pose the following problem: 

Among all linear combinations 


On (X) = prs (X) + yore (X) +... A vate (X) (*) 


of the first n functions »p,(x) (k=1, 2, ..., n) with arbitrary 
real coefficients y,, it is required to find the one for which the mean 
square deviation of that linear combination from the function f (x) 
achieves the least possible value. 

In other words, the coefficients y, should be chosen so that 
they minimize the integral 


r{f, ob = [Ff (x)—9, (x) Pde 


Let us represent the magnitude r {f, o,} in the form 


b b b 
rif, on} =) P(x) dx—2] F(x) 0, (x)dxt § 03 (x) de 


and replace a,(x) by its expression. When o,(x) is squared the 
integrals of the pairwise products of different functions ‘, (x) 
turn into zero while the integrals of the squares of the functions 
are equal to unity (see formulas (*) in Sec. 204). Since 


VF (x) p, (x)dx=c, is the Fourier coefficient of the function / (a), 


with respect to the given orthonormal system, corresponding to 
the function *p,(x) the expression of r{f, o,} can be rewritten as 


b n n 
rtf, onb= SP (x)dx—2 D vacet+ Dak 


Combining the first two sums and completing the squares by add- 
ing and subtracting the quantities cL (k=1, 2, ..., n) we arrive 


1 The question discussed here is related to one of the most effective methods 
of solution of problems of numerical analysis known as the least square method 
(e.g. see [12], [13]). 
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at the final formula ‘ 
rtf, oof =| P(x)de— Dat Bee)" (**) 


The first two terms on the right-hand side of formula (**) do 
not involve the numbers y,, and therefore the magnitude r {f, o,,} 
attains its minimum value when the last sum on the right turns 
into zero, This is achieved for 
Vr = Cy, Vo Car coer Vn ly 

Thus, among all linear combinations (*), the one coinciding with 
the nth partial sum of the generalized Fourier series of the function 
f(x) gives the magnitude r{f, o,} its least possible value. This is 
the ee minimizing property of Fourier's coefficients. 

Thus, let 


Sn (x) =C,%, (x) +,). (x) asa TOW, (x) 


where c, are the Fourier coefficients of the function f(x). Equa- 
lity (**) implies that 
b 


b n 
Hf, sob= VF @)—s, (x) Pde =F fF (xyde— Dok (we) 
Ga a 7 
Since the integral of the square of a function is always non- 
negative we conclude that for any n there holds the relation 


n 6 
Diag <J fr(xyae 
k=1 a 
known as Bessel’s inequality. It shows that the partial sums 


of the series >) have a common upper bound equal to 
k=1 
b 


the integral ( fe (x)dx; hence, this numerical series is convergent. 


a 
By the way, this means that the numbers c, (the Fourier coef- 
ficients of the function f(x)) tend to zero as R—+oo. 

206. Convergence in the Mean. Parseval’s? Relation. Lyapunov’s ° 
Theorem. Let us come back to formula (***) of Sec. 205. It is 
clear that if the number n is increased, that is the linear com- 
binations are taken with greater number of functions ~p, (x), the 


1F. W. Bessel Saas a German astronomer and mathematician. 
2M. A. Parseval (died 1836), a French mathematician. 
3A, M. Lyapunov (1857-1918), a moted Russian mathematician. He 
founded the theory of stability of solutions of differential equations and also 
contributed many important results to the theory of probability and to the 
fheory of equations of mathematical physics. 
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mean square deviation can only decrease. It is important for 
applications that the minimizing coefficients for a fixed value 
of m remain among the minimizing coefficients for greater values 
of n, and that only new coefficients are added to them. 

In this connection it appears natural to pose the question as 
to whether or not the mean square deviation tends to zero as n 
is increased indefinitely, i.e. whether or not r {f, s,}—+0 for 
the given function f(x). If the answer to the question is affir- 
mative we have : 


lim | [fF (x)—s, (x)? dx =0 


In this case we say that the sequence s, (x) formed of the 
partial sums of Fourier's series is convergent in the mean to the 
function f(x) or that the Fourier series of the function [ (x) 
converges to it in the mean. The convergence in the 


mean implies that the numerical series > is convergent 
k=] 


a 


b 
and that its sum is equal to \ fe (x) dx: 
b 


ive) 


Dd & =) f(x) de 
k=1 a 
The latter equality is called Parseval's relation. 

iI. Applying the general results discussed here to Fourier’s 
series with respect to the trigonometric system we can state the 
following theorem whose rigorous proof was given by A. M. Lya- 
punov: 

Lyapunov’s Theorem. Let the function f(x) be defined and 
piecewise continuous in the interval [—zx, 2]. Then its Fourier 
polynomials 


Sp, (*) = ne 2 (a, cos Rx +- by sin kx) 
k=] 


are convergent in the mean to the function f(x), that is 
wt 


lim { [f (x) —S.(x) dx =0 


<I 


Besides, there holds the formula 


ay zs (at + 3) = + jr (x) dx 
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This theorem shows that any function of this type and, 
in particular, every continuous function, can be approximated 
inthe mean with an arbitrary accuracy by its Fourier polyno- 
mials, Lyapunov’s theorem has many important applications. 
It also applies to a wider class of functions, namely, to functions 
integrable together with their squares over the interval [—x, z] 
(at least in the improper sense). These are the so-called square- 
integrable (square-summable) functions. 


§ 3*. Fourter Integral 
207*. Fourier Integral. As was shown in Sec. 201, II, the ex- 


pansion of a function f(x) defined in an interval [—J/, (] into 
Fourier’s series has the form 


f(xy=Z+ >" (a, COS ©,% +6, Sin @, x) 
n=} 


| Cumery 


1 

a,= + \ f(t)coso,t dt and b= f(t) sino, dt 

~1 1 

(For the sake of convenience we denoted by ?¢ the variable of 

integration in the integrals specifying the coefficients a, and 6,.) 
The substitution of the expressions of a, and 5, into.the Fourier 

series leads to 


i 
I(d=a j f(t) dt + 
ee | 
+7 py Vi (t) [cos w,f cos @,% -F sin o,f sin ©, x] dt = 


l o ! 
=o J FOdt4+7 > | Fcoso, ¢—x) at (*) 
n=] —[ 


-! 


Let us suppose that the function f(x) is defined throughout 
the x-axis and that it is piecewise smooth in any finite interval 
[—i, {] and thus can be expanded into Fourier’s series in every 
such interval. Besides, we shall assume that the improper integral 
of the absolute value of this function taken from —o to +o 
is convergent: 


oO 


| [F()|dt=Q 


-®P 


48—2280 
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where Q is a finite number (such functions are said to be abso- 
lutely integrable or absolutely summable). 

Let us first consider the function f(x) in the interval (—/, 1] 
and expand it into the corresponding Fourier series which we 
write in form (*). Then we make / increase indefinitely and pass 
to the limiting form of formula (*) The first summand tends to 
zero aS [—+0oo: 


] 

= i f(t) dt 
nll 

(Here we use the inequality connecting the absolute value of 


the integral of f(x) and the integral of |f(x)| proved in Sec. 90.) 
Let us introduce the notation 


b 
I Q 
Sor J FO |< 








Ao =0, 4,—0, = + (70, 1,.°2;. 25) 


Then the remaining sum can be rewritten in the form 


a f @ J 
7 ¥ | F@cose,¢—x)dt== $ Ao | Fit)cose, (tx) de 
Be -! 


i n=] 
ra) 


Note that the integral p(w) = ( f (£) cos w (f—x) dt is conver- 


- © 
gent since the absolute value of the integrand does not exceed 
the function [F (t)| which is integrable over (— 00, 00). Moreover, 
as function of the parameter w this integral is regularly conver- 
gent, and hence, if f(x) is a continuous function, the function 
p(@) is continuous as well (see Sec. 137). For sufficiently large 


values of / the integral { f (t) cosa, (t{—x) dt can be regarded as 


—! 
being almost equal to the value of the function p(w) assumed 
for o=o,, that Is, 


| f(t) cosa, (t—x) dt ~ 9(@,) 


The above sum can therefore be rewritten as 


{ @ 
le 
= y: f (£)cos @, (f —x) dt = — > @ (,,) Ao 
nel 5 n=] 


In the sum > p(a,) Aw the quantity bo => tends to zero as 


[—+ co while, ‘in the limit, the variable o, runs through all the 
values of o from 0 to oo. Therefore it is natural to expect that 
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this sum tends to the integral 


2) 


C piakiivnt ie { f(t) cos wm (f —x) dt 
0 0 


—@ 


On substituting the expressions obtained into the formula of 
f (x) we obtain 


f(x) == J do | f (t) cos w (ft —x) di (**) 


The integral on the right is called Fourier’s integral and the 
formula itself is Fourier’s integral formula. 

The above argument is not a rigorous proof; the latter involves 
some more sophisticated considerations which we do not present 
here. We only note that formula (**) holds for all the points 
of continuity of the function f (x). At every point of discontinuity 
x, Fourier’s integral (like the sum of Fourier’s series) assumes 
the value [ton Oot oh) Yor) 


Since cos w (t—x) =cos wf cos ox +-sin wf sin@x formula (**) can 
be rewritten in the form 


f (x) == | cos wx do \ f (t) cos wt dt + 
0 -—@ 


+=(sinoxdo | f()sinot df (tee) 
0 —w 
Denoting the inner integrals A(w) and B(o), i.e. 
A(o)== J f(t) cosatdt and B(o)== | F(t) sin ot df 


we receive the relation 


o 


f (x) = | [A (w) cos ox + B (a) sin wx] do 
0 


For a periodic function with period 2/ we have its Fourier 
expansion consisting of an infinite number of separate 


(discrete) harmonics with frequencies o,="/' differing from each 


other by the constant quantity Ao==. Every such harmonic 


has a definite amplitude. As we say, a periodic function has a 
discrete spectrum (which exactly means that it is representable 
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where Q is a finite number (such functions are said to be « 
lutely integrable or absolutely summable). 

Let us first consider the function f(x) in the interval (— 
and expand it into the corresponding Fourier series whic! 
write in form (*). Then we make / increase indefinitely and 
to the limiting form of formula (*) The first summand ter 
zero aS 1—+00: 


= Lf pena 


(Here we use the inequality eee the absolute *° 
the integral of f(x) and the integral of |f(x)| proved in‘ 
Let us introduce the notation 


i 
! 
<q J Mldt< zo 








AO=On11—-O,=> (n=O, I, 2, ...) io 


Then the remaining sum can be rewritten in the form. 


oe 


LE frowsee—naat $00 fHpeme. 


A= 


ou 


Note that the integral @(«) = a F(t) cos @(t—x)¢ 


gent since the absolute value of the integrand do: * 

the function | which is integrable over (— 0, « 

as function of the parameter o this integral is reg cc 
gent, and hence, if f(x) is a continuous functior = 
@(@) is continuous as well (see Sec. 137). For sr 


values of / the integral Vi (f}cosa, (t{—x)dt can 


=f 
being almost equal to the value of the functir 
for o=o,, that is, 


' f(t) cos w, (f—x) dt = p(a,) 


e 
ye 

~ f 4 
ar ners 
& 


-1 J, 0] ie 

The above sum ras therefore be rewritten as manne: | 
rougham 

a. (Fo cos w, (f—~x) dt aa » ega: 


nxt —[ n= 


da; : 
In the sum 2 p(o,) Aw the quantity ae 


1s co while, "in the limit, the variable « me a, 
values of from 0 to oo. Therefore it is Su. 
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In the former case we have 


@ 1 ro) 
f(x) == (cos onda | cone dt—= | SSES=S de 
0 0 


By the way, this result shows that 
1 for —l<x<l 


bo 9] 
Bf Soh o8 Se ty = + for x=+1 
at @ 


: 0 for x< —I1 and x>1 


In the latter case (the odd extension) we obtain 
f(x)= 2 {snr {sin wt dt = 2 (seer da 


If we take half the sum of Fourier’s integrals written above we 
obtain Fourier’s integral formula for the function equal to f(x) 
for x>0 and to zero for «<0 (Fig. 
262): if 

f(x) for x >0 
Fi) 0 for x<0 





then 
F (x)= abt (cos wx = 
0 


(2) Let us construct Fourier’s integrals for the function 
f (x) =e78*, B>O, x>0 


extended, as in Example 1, in both ways, to the negative half- 
axis Ox. For the even extension, using Formula 74 of the table 
of integrals at the end of the book, we receive 


fi) =2 ( eosoxda fe Bt cos wt dt = — aay —, cos wx dw 
0 


Fig. 262 





-. +. sin wx ee | do 


wo? + p? 


For the odd Seccie we use Formula 73 this table to obtain 





Flahens | sinaaxde | ev sin at dt = | Sin wx dw 


@ 
w? ++ 6? 

Since (0)=1 the lai x=0 is a point of discontinuity of 
the function .f(x) extended as an odd function. Therefore the 
corresponding Fourier integral is equal to zero but not to f(0)=1 
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for x=0, that is, to the hali-sum of the right-hand and left-hand 
limits oi the function at that point. Finally, the function 
f e~P for x >0 
A a 0 for x<0 


is representable in the form 


o 
1 ¢ Boosaxrtosin ar 
g(x)=— aap 22 
0 


209*. Fourier Integral in Complex Form. Fourier Transforma- 
tion. The complex iorm of Fourier’s integral is completely ena- 
gous to that of Fourier’s series. By formula (***) of Sec. 205, 
we have 


f(x) =| [A (@) cos ox + B (0) sin ox] dn 
0 


where 


A(v) == f f(t)cosotdt and B(o)=— { f(t)sinat dt 


Replacing cosmx and sinwx in the Fourier integral by their 
expression given by Euler’s formulas we derive 


x 


(x)= |A (0) 4 Bo) S| duo = 
G 


=z | {1A (©) iB ()]e*-+ [A (0) +18 (4 de 
6 


Let us put x[A(@)—iB(o)}=F (0). Then, by formulas for A («) 
and B(o), we can write 


- 
me 


F(w)= \ f()(cosmt—ismot)dt= J f(the"dt — (*) 


Furthermore, we have 


n[A (a) +iB(oj)]=F)= | feat 
The function F(w) is originally defined for w>0. If we put, 
by definition, F(—o)=F (o), formula (*) will specify the extended 
junction F(w@) both for the positive and negative values of o. 
The substitution of the extended junction F(@) into Fouries’s 
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integral now yields 


f (2) = 52 (LF (0) e* + F (—0) e~!*] do 


The integra] of the second summand can be written as 
te 0 


( F(—w)e~®*do = { F(o)é*d(—a)= | Foye do 
0 0 -o 


Therefore, we lastly obtain 


f(x)=5e | Fe)e!* do (**) 


~~ © 


where the function F(o) is specified by the formula written 
above: 


F(o)= | f(tye if at (*) 


(The improper integral in formula (**) is understood in the sense 
i 

of Cauchy’s principal value, i.e. as the limit fim ( F (o) ed. 
> © —{ 

The function F (@) is called the Fourier transform of the func- 
tion f(x) and, generally speaking, is a complex function of the 
real argument @. The original function f(x) is Fourier’s inverse 
transform of the function F ().? 

Now suppose that the function f(x) is originally defined in the 
interval (0, oo) and then extended as an even function and as an 
odd function to the interval (—oo, 0). Using the results of Sec. 207, 
we arrive at the following formulas: 


fw=2(F (w)cos@xdx where F.{@)=2 | F@)cos ot dt 
0 6 


1 The number x is not involved symmetrically in formulas (*) and (**). We 








1 
can represent the coefficient —— as ——-=-——— - ———- and attribute one of the 
: an an UW in VY On 
factors = fo the function F (w). Then both formulas will involve the same 
mt 
factor 





! 
Von 
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for the former case and 
ha=z(F, (o) sin oxdx where F, (o) =2 | F(t) sin of df 
0 i 


for the latter case. 

The functions F,(w) and F,(@) are called, respectively, Fou- 
(il aay transform and Fourier’s sine transform of the func- 
ion [ (x). 

The passage from a given function to its Fourier transform is 
referred to as Fourier’s transformation, the reverse passage being 
termed Fourier's inverse transformation. The theory of Fourier’s 
transformation plays an important role in the solution of many 
problems of the theory of equations of mathematical physics. 
There are extensive tables in which various pairs of mutually 
corresponding functions f(x) and F(w) are given (e.g. see [14]). 

Let us compare the formulas 


f=— i F (wo) e* dw, F(w)= | f (t) e~! dt 
expressing the Fourier transformation with the complex form of 
Fourier’s series (see Sec. 202). For a function f(x) defined in an 
interval [—J/, /] we have 


! 

I< f | -tot mn 

Fixe SY cee, C= z J Fe ®n' df where o, =—- 
ana~ wo - 


Thus, when we pass from a finite interval [—/, /] to the infi- 
nite interval (— 00, oo) the spectral sequence c, is replaced by the 
Fourier transform F() (which is also called the spectral function 
of f(x)) and the sum of the expressions c,e°°=" is replaced by the 
integral of the function F() e*. The function | F(w)| is termed 
the amplitude spectrum of the function f(x) and p(w) = — arg F (w) 
the phase spectrum. 

Example. Let us find the Fourier transform, and the amplitude 
and phase spectra for the function 


-at 0 
ims“ for i > (a> 0) 


0 for ?<9), 
We have 
- ; pa fatto ba | 
F (0) = | este dt = — “|, “ape 
Consequently, 
= 2 
| F (a) | “TST p(w) = — arg F (@) = arctan : 
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QUESTIONS 


1. What is a trigonometric series? State the problem of expand- 
ing a function into Fourier’s series. 

2. Derive the formulas for the Fourier coefficients of a function 
f(x) defined in the interval [— x, x}. 

3. State the sufficient conditions for a function being repre- 
sentable by its Fourier series. 

4, Enumerate the peculiarities of Fourier’s expansions for even 
and odd functions. 

5. Derive the formulas for the Fourier coefficients of a function 
f(x) defined in an interval [— 2, J}. 

6. Write down the formulas for the Fourier coefficients of the 
expansions into Fourier’s sine and cosine series of a function 
defined in the interval [0, zx}. 

7*. Write down the complex form of Fourier’s series and the 
formulas for its coefficients. 

8. Enumerate the methods for approximate computation of 
Fourier’s coefficients. 

9*, What do we call an orthogonal system of functions? 

10*. State the problem of expanding a function into a series 
with respect to an orthogonal system of functions. How do we 
find the coefficients of such an expansion? 

11*. What is the uniform deviation between two functions? 
What is the mean square deviation? 

12*. Explain the minimizing property of the coefficients of 
Fourier’s series. 

13*, Prove Bessel’s inequality. 

14*, State the definition of convergence in the mean. 

15*. Write down Parseval’s relation. 

16*, State Lyapunov’s theorem. 

17*. What is the Fourier integral? 

18*, State sufficient conditions for a function being represen- 
table as Fourier’s integral. 

19*. How is Fourier’s integral for even and for odd functions 
written? 

20*. Write Fourier’s integral in complex form. 

21*, What is Fourier’s transform of a function? What is Fou- 
rier’s inverse transform? 

; 22*. State the definitions of Fourier’s cosine and sine tranis- 
orms. 

23*. What do we call the amplitude and the phase spectra 
of a function? What is the difference between the spectra of a 
function defined in a finite interval [—J/, /] and of a function 
defined in the interval (— oo, 00)? 
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